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PREFACE

There seems to have been published, up to the present time, no English-
language volume in which an elementary introduction to the calculus of
variations is followed by extensive application of the subject to problems
of physics and theoretical engineering. The present volume is offered as
partial fulfillment of the need for such a book. Thus its chief purpose is
twofold:

(i) To provide for the senior or first-year graduate student in mathe-
matics, science, or engineering an introduction to the ideas and techniques
of the calculus of variations. (The material of the first seven chapters—
with selected topics from the later chapters—has been used several times
as the subject matter of a 10-week course in the Mathematics Department
at Stanford University.)

(i1) To illustrate the application of the calculus of variations in several
fields outside the realm of pure mathematics. (By far the greater
emphasis is placed upon this second aspect of the book’s purpose.)

The range of topics considered may be determined at a glance in the
table of contents. Mention here of some of the more significant omis-
sions may be pertinent:

The vague, mechanical ‘6 method” is avoided throughout. Thus,
while no advantage is taken of a sometimes convenient shorthand tactic,
there is eliminated a source of confusion which often grips the careful
student when confronted with its use.

No attempt is made to treat problems of sufficiency or existence: no
consideration is taken of the ‘‘second variation’ or of the conditions of
Legendre, Jacobi, and Weierstrass. Besides being outside the scope of
the chief aim of this book, these matters are excellently treated in the
volumes of Bolza and Bliss listed in the Bibliography.

Expansion theorems for the eigenfunctions associated with certain
boundary-value problems are stated without proof. The proofs, beyond

MAARRKL G TV RILT LURATAAAS &IT BUALTL WAILLAVLL LA

the scope of this volume, can be constructed, in most instances, on the
basis of the theory of integral equations.

Space limitations prevent inclusion of such topics as perturbation
theory, heat flow, hydrodynamics, torsion and buckling of bars,
Schwinger’s treatment of atomic scattering, and others. However, the
reader who has mastered the essence of the material included should have
little difficulty in applying the calculus of variations to most of the
subjects which have been squeezed out.

v
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It is hardly necessary to mention the debt I owe to nearly all the works
mentioned in the Bibliography; Courant-Hilbert has been especially
helpful. In the early stages of the work, comments from my former
students Gordon Kent and Peter Szegd were useful. Occasional chats
with colleagues in the Stanford Mathematics Department were simi-
larly helpful. I owe a tremendous debt of gratitude to my wife,
Elizabeth B. Weinstock, whose keen critical faculty is responsible for
several important corrective changes in the text, who worked out nearly
all the exercises, who did all the typing of the final draft, and whose
complete companionship-in-effort has made the writing of this book a
happy experience.

RoBERT WEINSTOCK

Paro Arto, CaLrrr,
April, 1952
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CHAPTER 1
INTRODUCTION

1=f:f(,y,j>dx 1)

is a well-defined quantity—a number—when z, and z:; have definite

numerical values, when the integrand f is given as a function of the
lues, when the 1ntegrana f 18 given as a function of the

arguments z, y, (dy/dx), and when y is gien as a function of z. The

“fivat’”’ nroblem of the calenlus of variations involves comnarison of the
firgt’’ problem of the calculus of variations invelves comparison of the

The definite integral

various values assumed by (1) when different choices of y as a function
of z are substituted into the integrand of (1). What is sought, specifi-
cally, is the particular function y = y(x) that gives to (1) its minimum
(or mazimum) value. Explicit examples of this type of problem are given
detailed treatment in Chap. 3. These include the problems of ‘‘the
shortest distance between two points on a given surface,” ‘“the curve of
quickest descent between two points,” and ‘the surface of revolution of
minimum area.’”’

Generalization of the first problem is effected in many directions. For

AAAAAA tha imtagrand af (1) mav ha ranlacced by o fiinetian of several

UAtuupxc, the invegrana 01 (1) IMay o€ répiactha oYy a i1undcuidn Oi1 severax
dependent variables, with respect to which a minimum (or maximum) of
the definite integral is sought. Further, the functions with respect to
which the minimization (or maximization) is carried out may be required
to satisfy certain subsidiary conditions. Explicit examples of various
aspects of these generalizations are handlea in Chaps. 3 and 4. An
important special case is the problem of ‘the maximum area bounded
by a closed curve of given perimeter.”’

Another line along which generalization is pursued is the replacement
of (1) by a multiple integral whose minimum (or maximum) 18 sought

Wlbll respecb DO one or more IU.Il(J/lU]]h OI T/Ile muepenuenn va.rla.mes O]
integration. Thus, for example, we seek to minimize the double integral

| Jw ow
//f (x,y,w, é;’ @) dx dy} (2)
D

carried out over a fixed domain D of the zy plane, with respect to func-

tions w = w(r,y). Suck problems are dealt with in the opening sections
of Chaps. 7 and 9.

1



2 CALCULUS OF VARIATIONS

The techniques of solving the problems of minimizing (or maximizing)
(1), (2), and related definite integrals are intimately connected with the
problems of maxima and minima that are encountered in the elementary
differential calculus. If, for example, we seek to determine the values
for which the function ¥y = g(z) achieves a minimum (or maximum), we
form the derivative (dy/dx) = ¢’(x), set ¢’(x) = 0, and solve for z. The
roots of this equation—the only values of z for which y = g(z) can possi-
bly achieve a minimum! (or maximum)-—do not, however, necessarily
designate the locations of minima (or even of maxima). The condition
g’(x) = 0 is merely a necessary condition for a minimum (or maximum);
conditions of sufficiency involve derivatives of higher order than the first.
The vanishing of ¢’(z) for a given value of z implies merely that the curve
representing ¥ = ¢g(z) has a horizontal tangent at that value of z. A
horizontal tangent may imply one of the three circumstances: maximum,
minimum, or horizontal inflection; we call any one of the three an
extremum of y = g(x).

The treatment of many of the problems cf the calculus of variations in
this volume is analogous to the treatment of maximum and minimum
problems through the use of the first derivative only; quite often we
merely derive a set of necessary conditions for a minimum (or maximum)
and rely upon geometric or physical intuition to establish the applicability
of our solution. In other cases our interest lies only in the attainment of
an extremum; in these it is immaterial whether we have a maximum,
minimum, or a condition analogous to a horizontal inflection in the ele-
mentary case. The methods involved in establishing the conditions suf-
fictent for a minimum (or maximum)—and in proving the existence of a
minimum (or maximum)—are extremely profound and intricate; such
investigations are found elsewhere in the literature.?

The chief purpose of the present work is to illustrate the application
of the calculus of variations in several fields outside the realm of pure
mathematics. Such applications are found in the chapters following
Chap. 4. By no means can the treatment here of any special field be
considered exhaustive in its relationship to the calculus of variations;
each of several of the later chapters is amenable to expansion to the
length of a volume the size of the present one.

The reader is expected to have as a part of his (or her) permanent
knowledge most of the concepts and techniques learned in a first-year
calculus course, including a smattering of ordinary differential equations.
Furthermore, he (or she) must be familiar with many of the matters

11t is clear that here “minimum® (or ‘“maximum ) refers to relative minimum (or

relative maximum).
2 For example, see Bliss (1,2), Bolza, and Courant (1) listed in the Bibliography.




INTRODUCTION 3

encountered in a short course in advanced calculus. Practically all the
required results from this latter category are collected in Chap. 2; the

neammagnAanding nranfe may ha fannd in tavig lictad in tha Rk nmnnv\‘\"r 1
UULlCBpUllullls yl VUL ll‘a.y DT 1UUillU 111 VCAUD 110uTu 111 uviio ululluslayll‘y

With one brief exception (11-2), no use is made of the methods of vector
analysis. The same statement holds for the use of complex numbers;
in the absence of a statement to the contrary, all quantities that appear
are to be assumed real.

The wider the reader’s knowledge of physics, quite naturally, the fuller
will be his (or her) appreciation of several of the results achieved in later
chapters. Only the barest acquaintance with the concepts of elementary
physics is presupposed, however; the reader to whom the study of physics
is completely foreign will experience difficulty in following the develop-
ment at only a very few points.

With respect to purpose the exercises at the end of each chapter may
be divided, roughly, into three categories: (i) filling in of details in the
development of the text, (ii) illustration of methods and results treated
in the text, and (iii) extension of the results achieved in the text. In
nearly all cases adequate hints are given; often these hints appear only
as final answers.

Study should begin with Chap. 3. The material of Chap. 2 should be
referred to only as it is required in the work following.

! Goursat, Franklin, and Kellogg.



CHAPTER 2
BACKGROUND PRELIMINARIES

2-1. Piecewise Continuity, Piecewise Differentiability

(a) Let z — xy denote ‘“‘z approaches z, from the left’’ and z — zf
denote ‘“x approaches z, from the right.” In this volume we consider

only those functions f(z) for which lim f(z) and lim f(z) both exist for

all z, interior to the interval (z; = x = z.) in which f(z) is defined. At
the respective end points we require the existence of lim f(z) and lim f(z).

z—z1* Tz~

If, for z; < 29 < z, lim f(x) = lim f(z) = f(xo), then f(x) is continuous

at ¢ = zo; otherwise f(z) exhibits a jump discontinuity at x = z,. If
lim f(z) = f(z,), then f(z) is continuous at the left-hand end point z = z;;

r—nt
otherwise f(z) exhibits a jump discontinuity at = z,. An equivalent
statement holds for the right-hand end point z = ..

A function is said to be precewrse continuous in an interval if it possesses

at most a finite number of jump discontinuities in the interval.
(FY A fiinotinn 1e gaid ta ha diffarantiahla at » — 2 if tha limi+

\V;/ 41 1UllUulvil I0 BaliUu VU VU UWUUITUWAGUIV AU & — &) i+ vy I111uv

x— 2o of the ratio (Af/Az) = {[f(x) — f(xo)]/(x — x0)} exists. If
lim (Af/Azx) exists, the function is said to have a left-hand derivative at

- Z0”

x = zo; if lim (Af/Az) exists, the function is said to have a right-hand
z—zo*

derivative at ¢ = .

A function is said to be piecewise differentiable in z; < x £ o if it
possesses a right- and left-hand derivative at every interior point of the
interval and if the two are equal at all but a finite number of points of
the interval. Further, the function must possess a right-hand derivative

at £ = z, and a left-hand derivative at x = z,. Any point at which the
right- and left-hand derivatives are unequal we label “a point of dis-
continuity of the derivative.”

We eliminate consideration of any function whose derivative undergoes
infinitely many changes of sign in a finite interval. This elimination
precludes, incidentally, the appearance of any function of which the
derivative is discontinuous at a point although the right- and left-hand
derivatives are equal at the point.

4



§2-4] BACKGROUND PRELIMINARIES 5

2-2. Partial and Total Differentiation

(a) Ifu =fy, ... 2 x=2(ns ... 0 y=yrns ...,0,...,
z =2(rs ... ,t), then
ou _df oz  of 9y ) of 9z
or _ oz dr ' dyor T T 5o M
where » may successively be replaced by s, . . . , &
O fu=flxy ... 250, z=zl),y =yt), ...,z==z2(@), then
du _6f ofdr  of dy df dz.
dt dt t 3z drdt ' dydt oo oz dt @)

(c¢) The quantity p(z,y) + g(x,y)y'—where the prime indicates ordinary
differentiation with respect to z—is the derivative (dg/dx) of some func-
tion g(z,y) if and only if (dp/dy) = (8¢/dzx). In this event p = (d¢/dx),
g = (9g/9y).

2-3. Differentiation of an Integral

(a) If
I=1I() = [ fzeds,
then
a1, dz, dz, = of
E_ =1 (6) = f(x2;e) de f( 155) de + (9 aE dx (3)

provided (9f/d¢) is a continuous function of ¢ and of z in z; £ z £ r,.
In case z; and z: are strictly constant (independent of ¢), the right-hand
member of (3) reduces to its final term.

(b) If the integrand f of a multiple integral 7 is a function of a parame-
ter ¢, as well as of the variables of integration, the derivative (df/de) is
computed by replacing f by (8f/d¢) as integrand function. It is assumed
that the region of integration is fixed (independent of €) and that (8f/de)
is a continuous function of ¢ and the variables of integration.

2-4. Integration by Parts
We repeatedly employ the rule for integration by parts
2 z2 d
/ Y iz = gf] - [ s, )

in which it is required that f and g be everywhere continuous but merely
miecewrse differentiable in x;, £ x £ 2,.



6 CALCULUS OF VARIATIONS [§2-5

2-6. Euler’'s Theorem on Homogeneous Functions

A function F(z,y, . . . ,z,u,v, . . . ,w) is said to be homogeneous, of
degree n, in the variables u, », . . . , wif, for arbitrary A,
F(zyy, . . . zhuhv, . . . ,hw) = "F(z,y, . . . ,z,u0, . . . ,w). (5)
Any function for which (5) holds satisfies Euler’s therorem:
oF oF oF
u-aaﬂ—v%-{- +w%=nF(x,y, c e 25U, ... ,w). (6)

2-6. Method cf Undetermined Lagrange Multipliers

A necessary condition for a minimum (or maximum) of F(z,y, . . . ,2)
with respect to variables z, y, . . . , z that satisfy
G: (xyy.v I ,2) = C; (7' = 1.'2; Y 9N); (7)
where the C; are given constants, is
oF*  oF* oF*
I ®
N
where F'* = F + Z AGi. The constants Ay, Nz, . . . , Ay—introduced as
i=1

undetermined Lagrange multipliers—are evaluated, together with the
minimizing (or maximizing) values of z, y, . . . , 2, by means of the set
of equations consisting of (7) and (8).

2-7. The Line Integral

(a) The lLine integral of the function f(z,y,z) from P, to P, along the
finite curve C (assumed to consist of a finite number of smooth arcs) is
defined as follows:

We subdivide C into N arcs of lengths As;, Ass, . . . , Asy. The func-
tion f(z,y,2) is evaluated at an arbitrary point (zx,yx,2:) of the kth subdivi-
sion and the product f(x,yx,2x)As is formed, foreach k = 1,2, . . . , N.

N

We form the sum Sy = S‘ f(xk,yx,2c)Ask and proceed to refine the sub-
k=1

division in such fashion that N increases without limit and the largest

Asy, approaches zero. If the limit of Sy with respect to this unlimited

refinement exists (independently of the specific modes of subdivision),

it is by definition

lim Sy = ’/;,f(x,y,z)ds (9)

—the line integral of f from P, to P, along C.
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Other forms of the line integral are
[fayadz, [ fayady, [ i@y (10)
JC JC JC

In terms of the definition of (9) these are respectively equal to

./C [f(:c,y,z) dﬁg] s, /C [f (z,9,2) @d%] ds, /C [f (z,y,2) g—z] ds.

Since, however, the derivatives (dz/ds), (dy/ds), (dz/ds)—computed with
respect to the curve C—have algebraic signs that depend upon the direc-
tion (along C) assigned to the increase of s, the complete specification of
each of (10) requires a statement as to the direction (from P, to P; or
from P; to P;) in which the integration is carried out, 7.e., the assignment

of the direction in which s is assumed to increase. (Thus, any one of the

1n+nn~ro|e (10\ carried out n]nnn' C from P to P_‘ 18 the nnrrqhvn of fl’\n

nega the
same 1ntegral carried out along C from P; to P;.)

(b) To evaluate (9) we introduce the parametric equations z = z(t),
y = y(t), z = z(t) of the arc C (where ¢ increases in the direction of
increasing s) to form the definite integral

f 1@®,50,20) \/< ) (dt) +(§§)2dz (h<w), ()

where ¢, and ¢, are the values of ¢ which denote the respective end points
of C. (The parameter ¢ is in some cases conveniently chosen to be one
of the variables z, y, 2, or even s.) The definite integral (11) provides
the evaluation of the line integral (9); for the evaluation of the integrals
(10), the radical of (11) is replaced respectively by (dz/dt), (dy/dt),
(dz/dt).

(c¢) An important example of a line integral is

1 1 [ dz
_Q/;(xdy—ydx) _EL ( —y dt)dt, (12)

taken counterclockwise about a simple closed curve C in the lane
ara +ha nararmatar # 1ie nhnean an that +ha naint (0N 2 0N]T +r
J..LUI. U VIIU pcu AQiLIACUTL U 1D Vi1lIUPDCTiLIl DU viidlv uiie P vliliv ls(/ \(/ y , J ui a UL D \I

once in the counterclockwise sense as ¢ increases from ¢; to fs. The
integral (12) is equal to the area enclosed by C.

(d) Quite often involved in the integrand of a line integral taken about
a simple closed curve C in the zy plane is the normal derivative of a func-
tion w(z,y). The (outward) normal derivative is defined as

im Y@y —w@y) _ dw
An—0 An on
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where (z,y) lies on C, (z,y’) lies interior to C on the normal drawn to C
at (z,y), and An is the distance from (z’,y’) to (z,y) measured along the
normal.
A useful relation is
dow oJwdy OJwdr

an = dxds  oyds (13)
where (dy/ds) and (dz/ds) are computed with respect to C.
2-8. Determinants
(a) The general nth-order determinant
lann a2 ... @il
oo o (14)
| @1 G Gnn |

is by definition a linear homogeneous function of the elements a,,

Qxs, . . . , Qxn Of the kth row, for each k =1, 2, . . . , n, such that it
is identically zero if two rows are identical and has the value 1 when
aixr =0 (k#j) and ame =1 (k = 1,2, . . . ,n). In the special case
n = 2, the definition provides
G11 Q12
= (1122 — G21012;
Q21 Q22 !
for n = 3,
G Giz O1 az a as; a as a
22 23 23 21 21 22
Q21 (22 Q(23) = Gn + aie + a3 :
Q32 Q33 a3z Q31 a3 Q32

a3z Qagz ass

(b) A system of n simultaneous linear homogeneous equations

n

z a,,'kx‘k = 0 (J = 1,2, . e ,n)

k=1

in the n unknowns z;, x;, . . . , =, has a nontrivial solution—whereby
not all the z; are equal to zero—if and only if the determinant (14) of
the coefficients vanishes.

(¢) The product of two nth-order determinants whose elements are
denoted respectively by a; and bix (j,k = 1,2, . . . ,n, independently)

is the nth-order determinant whose elements are

Cix = @j1br1 + @jebre + -+ + Ajnbin
(j,k = 1,2, . . . ,n, independently).
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(d) If the elements of (14) are differentiable functions of a variable z,
the derivative of (14) with respect to z is the sum of n determinants,
the kth of which is formed by replacing each element of the kth row of

(14) by its derivative with respect to z, fork = 1,2, . . . | n.
(e) A set of functions ¢i(z,y, . . . ,2), ¢2(z)y, . . . ,2), . . ., éal(2,y,
. ,2) is said to be linearly independent if no relation of the form
Ay + Az + - ¢ - + Andn =0,
where 4,, 4,3, . . . , A, are constants, holds identically in z, %, . . . , 2z
unless 4; = A; = + - - = A, = 0. Otherwise—if such a relation holds

in which one or more of the A differ from zero—the functions are said to
be linearly dependent.

If the functions ¢1(z), ¢2(z), . . . , ¢a(x) all satisfy the same nth-order
linear homogeneous differential equation, a necessary and sufficient con-
dition that they be linearly dependent is the identical vanishing of their
wronskian

¢1(z)  ¢2(x) e Oa(2)
$1(x)  da(z) ... ¢L(2)

¢ (@) ¢ (). .. U 2)

where ¢® (z) is the kth derivative of ¢ with respect to z, for k = 1,
2, . . .,n—1.(The prime replaces the superscript 1 in case k = 1.)

, (15)

(f) The functional determinant, or jacobian, of ui, us, . . . , uy with
respect to i, T2, . . . , Zx is defined as
Oup Ouz - Oux
dr; 9z, oz,
du; Ouy Juy
a(ul,uz, PN ,uN) = | 3z, —5:2:—2 .. 32, |
O(@ns, - - - W% |
our Uy dux
6xN axn axN
If uy, us, . . . , un are differentiable functions of y1, ys, . . . , y», and
Y1, Y2, . . - , Yn are differentiable functions of z;, z3, . . . , z~, then
a(ul,uzy s o e )uN) — a(ul»u% v e ’uN) . a(ylyyz’ s . ’yN) .
(9(181,51?2, LR ,xN) a(yby% e )yN) 6(21,22, e ,xN)

The change of coordinate variables z = z(u,v,w), y = y(u,v,w),
z = z(u,v,w) is a one-to-one correspondence in any region of space in
which the jacobian [d(z,y,2)/d(u,v,w)] does not vanish. In two dimen-
sions a change of plane coordinate variables z = z(u,), ¥ = y(u,v) is a
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one-to-one correspondence in any region of the zy plane in which the
jacobian [d(z,y)/d(u,v)] does not vanish.

A change of variables z = z(u,w), ¥y = y(u,p,w), z = z(u,v,w) for the
evaluation of a triple integral is carried out according to the rule

L//F(x,y,z)dz dy dz = /;Z f(u,v,w)

where f is the function F expressed in terms of u, v, w, and R’ is the
region R, but described by the variables u, v, w. A formula completely
analogous to (16) holds for the transformation of double integrals.

a(z,y,2)

S| dudodw,  (16)

If z = z(z,y) is a single-valued continuously differentiable function of
x and y, the area of a portion of the surface represented by this function

e @)+ )] e

where the integration is carried out over the domain D of the zy plane
onto which the given portion of the surface projects.

2-10. Taylor’s Theorem for Functions of Several Variables

If, in some neighborhood of (zo,40, . . . ,20), F(2,y, . . . ,2) possesses

partial derivatives of order N with respect to all combinations of the vari-
ables z, ¥, . . . , 2z, we have the expansion, valid in that neighborhood,

d
F(zy, ... ,2) = F(zoyo, . . . ,20) +<E~a%+n;%+ C. +§5;>F|0

+...

1(,9 d I\
+'2—!<£55+175'?;+ e +§'é—z> Fo

1 d d a\"
+N—!(555+‘0"5§+ s +§'b—z) F

0’
where ¢t =z —xo, =9y — %0, . . ., { =2 — 2. Each “power” of
[¢(a/0x) + n(8/dy) + - -+ - + ¢(8/082)] is formed according to the
laws of algebra, but with the coefficient of &%’ . . . {* interpreted as
(oti+ ¥k /gxtdy? . . . 92*) multiplied by the proper numerical factor;
the subscript “0’’ implies the evaluation of the derivatives at z = z,,
Yy=1%, ..., 2=2; and the subscript “6’’ implies the evaluation

of the Nth-order derivatives at z =2+ 0, y =950+ 09, . ..,
2=z + 6 (0<6<1).
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2-11. The Surface Integral

PRGN SRR N R Sy o/ SV S R S £3an
(@) The surface integral of the func n f(x,y,2) over the given finite

surface B (assumed to consist of a ﬁmte number of smooth portions
bounded by curves composed of a finite number of smooth arcs) is
defined as follows:

We subdivide B into N portions of area AS;, AS;, . .., ASy. The
function f(z,y,2) is evaluated at an arbitrary point (zi,yz,2:) of the kth
subdivision, and we form the prodl};:t f(xx,yx,2x)AS; for each k = 1, 2,

, N. We form the sum Z» = 2 f(x,yr2)AS; and proceed to refine
k=1
the subdivision in such fashion that N increases without limit and the
greatest distance between pairs of points of any subdivision approaches
zero. If the limit of Z» with respect to this unlimited refinement exists
(independently of the specific modes of subdivision), it is by definition

lim Zy = / f(z,y,2)dS a7
B

—the surface integral of f over B.

(b) For the evaluation of (17) one introduces a set of surface coordi-
nates (v,w) such that one and only one pair of values of these variables
defines a single point on B through relations of the form z = z(v,w),
y = y(v,w), z = z(v,w). With the introduction of these parametric
equations, the surface integral (17) is evaluated as the double integral

[[1@ww), yow), 20,0) VEF =G dv duw

carried out over the values of » and w that completely describe B, where

az\’ 6;2/2 az\’ oz \’ ay\ 0z \’
e R € R (- B GRS CA R
dx dx dy dy 0z 9z
=t waw T wow
(In case the curves v = constant meet the curves w = constant at right
angles, the quantity G vanishes identically.)
(c) Quite often involved in the integrand of a surface integral carried
out over a closed surface B is the normal derivative of a function U(z,y,2).
The (outward) normal derivative is defined as

lim L&%:2) — U'y'2) _ U
An—0 an on

where (z,%,2) lies on B, (z/,y’,2') lies interior to B on the normal drawn
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to B at (z,y,2), and An is the distance from (z’,3',2’) to (z,y,2) measured
along the normal.
A useful relation is

U oU U
5 = 35 €08 (n,2) + F cos (n,y) + 35 ©08 (n,2), (18)

where cos (n,z) is the cosine of the angle between the positive r direction
and the normal drawn outward from B at the point at which (dU/dn) is
computed. Cos (n,) and cos (n,z) have corresponding meanings.

A second useful expression for the (outward) normal derivative is

U du , U 3w , oU ou

W_, mmtwntwan )
T Y (Y 4 (Y
v \or/ \oYy/ \oz/

where u(z,y,2) = constant is the equation of the surface B. The plus
sign is chosen if (du/dn) > 0—t.e., if u(x,y,2) increases along the normal
drawn outward from B; the minus sign is chosen if (du/dn) < 0.

2-12. Gradient, Laplacian

(a) The gradient of the function ¢(r,y,z), denoted by V¢, is defined
as the vector whose cartesian components are respectively (8¢/dzr),
(0¢/0y), (8¢/3z). The magnitude |[V¢| of Vo—the square root of the
sum of the squares of the three components—is the normal derivative
(8¢/9n), where the positive normal direction is perpendicular to the sur-
face ¢(z,y,2) = constant, in the direction of increasing ¢.

(b) The scalar product of two vectors, defined as the product of the
respective magnitudes of the vectors multiplied by the cosine of the
angle between their directions, is equal to the sum of the products of
their respective cartesian components. In particular, if two vectors
have the same direction, the scalar product of the two is the product of
their magnitudes.

(c) The laplacian of a function ¢(z,y,z) is defined as

J*¢ , d%¢ , d%
Vi = 9z ' 9y? 92t

(20)

If ¢ depends only on z and y, the final term of (20) drops out. In this
case V3¢ is said to denote the two-dimensional laplacian.
2-13. Green’s Theorem (Two Dimensions)

We consider a domain D of the zy plane bounded by a simple closed
curve C that consists of a finite number of smooth arcs. The line inte-
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grals which appear are carried out along C in the sense that an observer
walking forward along C in the direction of integration constantly has

D on his (or her) left.

(a) If P(z,y) and Q(z,y) are everywhere continuous in D and piecewise
continuous along C, and if D may be subdivided into a finite number of
subdomains in each of which the first partial derivatives of P and Q are

continuous, then

//( )dZdy—f(de—de) 21)

(b) By writing P = 9@, @ = nF in (21), we obtain the two-dimensional
analogue of integration by parts

/j(a-‘?ﬂ+r )dzdy= —jjn(g—G—Jrg’?)dde/ 2(G dy — F dz).
55 T Y c
(22)

(c) By writing 9 = ¢, G = (d¢/0z), F = (d¢/dy) in (22), we obtain,
with the aid of (13) of 2-7(d),

_ _([(2s0¢ Lo 0w 3¢
ffw% dz dy = [_/(ax az T3y ay> dz dy + '/;‘p an ds, (23)
D

with the definition (20) of the (two-dimensional) laplacian.

An important special case of (23) is achieved by setting ¢y = ¢.

(d) By interchanging ¢ and ¥ in (23) and by subtracting the result
from (23), we obtain the Green’s formula

[[ovs —svwiay = [ (422 - e)a v
D

(e) By setting @ = 0, P = [G(dn/3z) — 7(8G/dz)] in (21), we obtain

fossa-[fians [(2-1Da @

Further, the use of P = 0, Q = [G(d1/3y) — n(8G/dy)] in (21) provides

2,
// ™ gz dy = /fn%fdzdy—/(agz ngg)dx. (26)
D
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By setting P = [G(37/3y) — 1(3G/dy)], @ = 3(G(87/3x) — 7(8G/d2)] in
(21), we obtain, finally,

f/G dzdy—// angyd:vdy+ /( njg dy

_1 o _  9G
§/C<G5_Z— ﬂax dz. (27)

2-14. Green’s Theorem (Three Dimensions)

We consider a region R bounded by the surface B which consists of a
finite number of smooth sections. (It may happen that B consists of
two or more unconnected portions, as in the case of a ‘“hollow’’ region.)

(a) We let U(z,y,2), V(z,y,2), W(z,y,2) be continuous in R and suppose
that B may be subdivided into a finite number of portions on each of
which U, V, W are continuous. Further, we assume that R may be
subdivided into a finite number of subregions in each of which the first
partial derivatives of U, V, W are continuous. Then

f f / ( a;:,) dr dydz = / / [U cos (n,x) + V cos (n,y)
B
+ W cos (n,2)]dS, (28)
where cos (n,z), cos (n,y), cos (n,z) have the meanings assigned in 2-11(c).

(b) By writing U = 9F, V = 9G, W = nH in (28), we obtain the three-
dimensional analogue of integration by parts

3 ] an aH
/f[(F’f£+G5§+Haz dxdydz——//] ( )d:cd dz
R

+ / f 9[F cos (n,z) + G cos (n,y) + H cos (n,2)ldS. (29)
B

(c) By writing n = ¢, F = (8¢/9x), G = (8¢/0y), H = (8¢4/92) in
(29), and with the aid of (18) of 2-11(c), we obtain

0p 3y | 83y | I
f/w% drdydz = f//(ax 62: 3 3y 5————) dz dy dz
R
¢
B

with the definition (20) of the laplacian.
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An important special case of (30) is obtained by writing ¢ = ¢.
(@) By setting ¢ = 1 in (30), we obtain

/h[/vw dz dy dz =ffz—i’ ds. @31)
B

(e) In case R includes all of space, and if ¥ approaches zero with suf-
ficient rapidity at distances far from the origin of coordinates, (30)

becomes, if ¢ = ¢,

s [ + @) + () o0

where the integrals are carried out over all of space.



CHAPTER 3
INTRODUCTORY PROBLEMS

3-1. A Basic Lemma

(a) In the work of this and succeeding chapters we employ repeatedly
one or another form of the following basic lemma:

If z, and z,(> z,) are fixed constants and G(z) 13 a particular continuous
function for z, = x = x2, and if

[ 1@6(@)dz = 0 )
for every choice of the continuously differentiable function n(x) for which
1(z1) = n(z2) =0, (2)

we conclude that
Gxz) =0 identically in z; < z = 2. 3)

" Proof of the foregoing lemma rests upon demonstration of the existence

of at least one suitable function 5(z) for which (1) is violated when G(z) is
annoh that (2 dnoe nat hnald

SUCi uilav \9; UCCS 10y 110k,

We therefore suppose that (3) does not hold—that, namely, there is a
particular value z’ of z (z; < 2’ < z3) for which G(z’) # 0; for the sake
of definiteness, we suppose G(z’) > 0. Since G(z) is continuous, there
must be an interval surrounding z'—say z; < z < z3—in which G(z) > 0
everywhere. But (1) cannot then hold for every permissible choice of
n(x). For example, we consider the function defined by

0 forz, <z £ ),
2(z) =1 (& — 2%z — 2)? forz, Sz = 7, (4)
0 forz, < z S x4

for this particular » (which satisfies (2) and is continuously differentiable,
clearly) the integral of (1) becomes

[F1@6@dz = [ @ - 2 — )6@)da. (5)

1/

Since G(z) > 0in z; < 2 < ), the right-hand member of (5) is definitely
positive—a violation of the hypothesis (1). A similar contradiction is
reached if we assume G(z’) < 0. The lemma is hereby proved.

16
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(b) In some applications the basic lemma of (a) is required in a more
restrictive form. It is required, for example, that an integral of the form
(1) vanish for every continuously twice-differentiable 5(z) for which (2)
holds. To prove the necessity of (3) we again suppose G(z) > 0 in
z, < z < 7, but we choose for n(z) the function equal to (x — z})?-
(zy — z)® in 27 < z < 7, and zero in the remainder of z; < z < z,.
The details are left for exercise 1(a) at the end of this chapter.

Similarly, the basic lemma of (a) holds if we require that 5(x) possess
continuous derivatives up to and including any given order [see exercise
1(b)].

(c) If D is a domain of the zy plane, the vanishing of the double integral

[ 116 @)z dy 6)
D

for every continuously differentiable 5 that vanishes on the boundary C
of D necessitates the identical vanishing of G(z,y), assumed continuous,
in D. The proof of this extension of the basic lemma, in essence the
same as the proof given in (a) above, is left for end-chapter exercise 1(c).
Further, this two-dimensional form of the lemma still holds if we require
that n(z,y) possess continuous partial derivatives up to and including any
given order [see exercise 1(d)].

The extension of the basic lemma to integrals of any given multiplicity
is obvious [see exercise 1(e)].

3-2. Statement and Formulation of Several Problems

The problems handled first in this chapter possess an intimate con-
nection which enables us to treat them all as special cases of one general
problem whose solution follows in 3-3. For this reason we state briefly
and formulate four problems in this section, with the aim of making
evident their common character.

(a) We first concern ourselves with the question: What plane curve
connecting two given points has the smallest arc length? As a first
approach to an answer we fix our attention upon two points (z;,y1) and
(z2,y2) in the zy plane, with z; < z:, and a smooth curve of the form

y =y  (y@) =y, y(z2) = y1 (7)
connecting them. The length of the arc (7) is given by
1= ["VT¥yis, ®)

where ¥’ = y’(x) denotes the derivative (dy/dz). The problem thus
becomes one of choosing the function y(z) in such fashion that the inte-
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gral (8) has the smallest possible value. In 3-9 below, the restriction (7)
that y be a single-valued function of z is removed. This is done by con-
sidering arcs in the parametric form z = z(f), y = y(f), where ¢ is the
parameter of the curve.

(b) A less trivial problem than the one posed in (a) resides in the
question: Given two points on the surface of a sphere, what is the are,
lying on the surface and connecting the two points, which has the shortest
possible length? We immediately generalize the problem as follows:
Given two points on the surface

g(z,y,2) =0, 9)

what is the equation of the arc lying on (9) and connecting these points,
which, of all such connecting arcs, has the shortest length?

To formulate the more general problem, we express the equation of
the given surface (9) in parametric form, with parameters « and v:

z=2z(up), y=yuy), z=2zuy). (10)

In terms of the differentials of u and v, the square of the differential of
arc length may be written

(ds)? = (dx)* + (dy)® + (d2)?
= P(u,)(du)? + 2Q(u,v)du dv + R(up)(dv)?, (11)

where, by direct computation from (10), we have

{3\ | (avY az)’ _faz\ | (), (92\
P—(&;) +<&2) +(5;& ’ R = % + F + 3/’ (12)
_dzdz oy 6z i
@=3%ua T o aw T 3udm (13)

(In case the curves u = constant are orthogonal to the curves » = con-
stant on the surface (9), the quantity @ is identically zero.)

If the given fixed points on the surface are (ui,v1) and (uq,v;), with
us > u;, and we limit our consideration to arcs whose equations are
expressible in the form

v = v(u) [(u1) = vy, v(us) = vy, (14)

the length of the arc is given, according to (11), by

I= L “ v/Plup) + 2Q(0) + R(up)o du, (15)

where v' = v’(u) designates the derivative (dv/du). Our problem, then,
is to find the function v(w) that renders the integral (15) a minimum.
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Removal of the restriction (14)—namely, that » be a single-valued func-
tion of u—is effected in 3-9 by replacing (14) by a parametric repre-
sentation u = u(t), v = v(¢) of the connecting arc on the surface.

(c) In June, 1696, Johann Bernoulli set the following problem before
the scholars of his time: ‘“Given two points A and B in a vertical plane,
to find for the movable particle M, the path AMB, descending along
which by its own gravity, and beginning to be urged from the point A4,
it may in the shortest time reach the point B.”” It is tacit in this state-
ment that the particle descends without friction.

Although Newton had earlier considered at least one problem fall-
ing within the province of the calculus of variations, the proposal of
Bernoulli’s brachistochrone problem marked the real beginning of gen-
eral interest in this subject. (The term ‘‘brachistochrone’ derives from
the Greek brachzistos, shortest, and chronos, time.)

We suppose the points A and B in the zy plane, the y axis directed
vertically downward, and the z axis horizontal, with passage from A to
B marked by an increase in z. Let the extremizing path have the equa-
tion y = y(x). We assume the initial speed v, of the particle to be given
in the statement of the problem. Let the points A and B have the
coordinates (x1,y1) and (z.y:), respectively, so that y(z:) = y, and
y(x2) = Yo

Since the speed aiong the curve is given by v = (ds/dt), we have for
the total time of descent

' —/"x=:2£i£ _ /"xzv’l + yr‘z dx

rT=zI1 v z1 v
To compute v as a function of the coordinates we use the fact that a
decrease of potential energy is accompanied, in the assumed absence of
friction, by an equal increase of kinetic energy; namely, if the particle
mass is m and ¢ is the constant acceleration due to gravity, we have

Fmv? — fmo; = mg(y — y1),

whence v = /29 \/y — yo, Where yo = y1 — (v}/2g). (Clearly, y1 — ¥o
is the vertical distance through which the particle must descend from

rest to achieve the speed v;.) Thus the time of descent is
_ 1 ["N1+ye
V25 Js VY =y
Our problem. is that of choosing the function y(z) which renders (16) a
minimum.
(d) Given two fixed points (z;,y1) and (2s,y2), we seek to pass through
them the arc y = y(x) whose rotation about the r axis generates a sur-

I

dz. (16)
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face of revolution whose area included in z; £ z £ z; is a minimum.

We assume that y, > 0, y» > 0 and that y(z) = 0 for z; £z < z,.
That is, we seek to minimize the integral

I =21rﬁ:2y\/1+y'2dx,

which is the area of the surface of revolution, by proper choice of y = y(x)
for which y; = y(z.) and y: = y(xs).

3-3. The Euler-Lagrange Equation

(a) A complete solution to each of the problems of the preceding sec-
tion would carry us beyond the scope of our study. We content our-
selves, instead, with deriving the answer to a limited question which runs
as follows: Given that there exists a continuous, twice-differentiable func-
tion which minimizes the integral connected with any one of the problems
of 3-2, what is the differential equation which this function must satisfy?
We do not, in the first place, inquire into the existence of the minimum;
nor do we take into account the possibility of minimizing functions which
do not possess the conditions of smoothness (twice differentiability) that
we require. It can be shown,! in several cases, that the conditions we
impose are not too restrictive; 7.e., the answer to our main question is
very often the correct one for the same question when the minimizing
function is required merely to be continuous and differentiable in sections.

In analytical terms our question is: Given that there exists a twice-
differentiable function y = y(x) satisfying the conditions y(z:) = y,
y(x2) = ye which renders the integral

I= [ j@yy)ds (a7)

a minimum, what is the differential equation satisfied by y(x)? The
constants zi, ¥1, Z2, Y2 are supposed given, and f is a given function of
the arguments z, y, ¥’ which is twice differentiable with respect to any,
or any combination, of them. Examination shows that each integral of
3-2 above is a special case of (17).

(b) We denote the function that minimizes (17) by y(z) and proceed

to form the one-parameter family of ‘‘comparison’ functions Y(z),
defined by

Y(z) = y(z) + en(x), (18)
where n(z) is an arbitrary differentiable function for which
n(x1) = n(x2) = 0 (19)

1 See Bliss (1,2).



§3-3] INTRODUCTORY PROBLEMS 21

and e is the parameter of the family. Thus, for each function 5(z), we
have a single one-parameter family of the form (18); with n(z) given,
each value of ¢ designates a single member of that one-parameter
family. The condition (19) ensures that Y(z,) = y(z.) = y: and
Y(z:) = y(z2) = ye; that is, all the comparison functions possess the
required end-point values of the functions with respect to which the
minimization is carried out. By suitable choice of 7(x) and e it is possi-
ble to represent any differentiable function having the required end-point
values by an expression of the form (18). The essential importance of
the form (18) lies in the fact that no matter which family Y (x) we hap-
pen to deal with—no matter, that is, which function n(z) is chosen—

the mnnmvnn(r funection fu/'r\ s a mpmhor of that fnmﬂv for the choice

Al i 401 vadT UAAVaUT

of parameter value e = 0.

Geometrically, the discussion of the preceding paragraph deals with
one-parameter families of curves y = Y (z) connecting the points (z1,y1)

and (zs,y:). The minimizing arc v
y = y(z) is a member of each family
fore = 0. The vertical deviation of
any curve y = Y (x) from the actual
minimizing arc is given by en(x).
(See Fig. 3-1.) For any permissi-
ble choice of #(x) it is possible to
choose a range of values of e—say / Ny=y(z)
—ey < € < eg—which renders the (z,,9;)
product |en(z)| arbitrarily small for
all = between z; and z;. The region %
of the plane covered by the curves
y = Y(z) for which |y(x) — Y(z)|is
below any assigned positive number is said to constitute a ‘‘neighborhood’’
of the minimizing arc y = y(x).

Replacing y and ¢’ in (17) respectively by Y(z) and Y’(z), we form
the integral

y=y(z)+en(z) (23,%,)

Fic. 3-1.

1) = [T f(2,7,7")dz, (20)

where, for a given function n(z), this integral is clearly a function of the
parameter e. The argument Y’ is given, through (18), by

= Y'(x) = y'(z) + e (2). (21)

We.thus see, with the aid of (18), that the setting of e equal to zero is
equivalent to replacing ¥ and Y’ respectively by y and y’. Thus the
integral (20) is a minimum with respect to e for the value ¢ = 0, accord-
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ing to our designation that y(z) is the actual minimizing function. This
fact holds no matter what is the choice of n(x).

The problem at hand is reduced in this way to an ordinary minimum
problem of the differential calculus with respect to the single variable e.
But, unlike most ordinary minimum problems, we know in advance the
value of the variable for which the minimum is achieved—namely, ¢ = 0.
Thus we know that the necessary condition for a minimum, the vanish-
ing of the first derivative of I with respect to ¢, must hold for ¢ = 0;
that is,

I'o) = 0. (22)

Using the rule given in 2-3(a) for the derivative of an integral with
respect to a parameter we obtain

I _ o, (aray  arav\, _ [*(a 3 N

2 = 1= f aY e M”a) LlﬁW"+ar")“ (23)
from (20), with the aid of (18) and (21). Since setting e equal to zero is
equivalent to replacing (Y,Y’) by (y,'), we have, according to (22)

and (23),
I'0) = f (af + af,n>dx - 0.

Integrating by parts the second term of this integral, we obtain!?

roy =2, "+ (1% — ¢ (], 4
YTy T LT ) Loy T aa\ay') |

L@

because of the restriction (19). Since (24) must hold for all 5, we may
use the basic lemma of 3-1(a) to conclude that

g-{; dx(”) 0. (25)

This equation—the so-called Euler-Lagrange differential equation—is in
general of second order. Its solution for any given problem of the type

z
1 We use the designation ] ? throughout this work as follows:
1

G@q:=G@g—G@¢
This must be distinguished from the notation

mﬂn=mw.
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enunciated in 3-2 supplies the twice-differentiable minimizing function of

he ntegral of the problem, provided the minimum exists.

(¢) It is to be noted in the procedure of (b) above that the condition
I’'(0) = 0 is not a sufficient condition for a minimum of I(e) for ¢ = 0.
In fact the relation 7'(0) = 0 might even indicate a maximum of I(¢) for
e = 0. In all the problems considered in 3-2, however, it is simple to
convince oneself that no maximum exists for the integrals involved. The
distance along a smooth arc connecting fixed points can be made as large
as we please; such is the case also for the time of descent down a curve
and for the area of the surface of revolution generated by a smooth arc
between fixed points. Yet the relation I’(0) = 0 may also indicate the
existence of what oorrpqpo_ ds in the ordinary differential calculus to a
horizontal inflection at e That is, we may have a situation in
which—for at least some choice nf the fnnnhnn n(2) introduced in (18)—

LA1VILT 2 /AC RSS2

the difference [I(e¢) — I(0)] may change sign as e passes through zero,
although the curve of I(e¢) plotted as a function of ¢ possesses a hori-
zontal tangent at e = 0 for every choice of 5(x). As pointed out in (a)
above, detailed investigation as to which of the three situations—mini-
mum, maximum, or ‘‘stationary’’ value—prevails is in general beyond
the scope of our study. There are, however, a few specific cases in which
it is demonstrable in an elementary fashion that I’(0) = 0 definitely
implies a minimum for e = 0, and these are handled in conjunction with
specific problems or are left for the exercises.

Thaora ara manvyv nrahlame that ariga in Anr o
A LTIV 1T illqily P1UMNIVILS VAU allidye 1l vul o
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concern as to whether the condition I/(0) = 0 implies a maximum, mini-
mum, or stationary value of I(¢) at e = 0. We therefore find it useful
to apply the term extremum to the value I(0) for all three situations.
The funection y(x) which renders the integral / an extremum is accord-
ingly called the extremizing function. Thus a function y(x) which satis-
fies the Euler-Lagrange equation (25) and the imposed end-point con-
ditions 13 by definition the extremizing function for the integral upon
whose integrand f the equation (25) is generated.

Even in those cases for which an extremum is an actual minimum, it is
not necessaru_y an absolute minimum. It is recalled from the or dxnary
differential calculus that a minimum characterized by the vanishing of
the first derivative is merely a relative minimum with respect to values
of the independent variable in a neighborhood of the value for which the
first derivative vanishes. Thus, if 7(0) is a minimum achieved through
the function y(z) which renders I’(0) = 0, it must be a minimum only
relative to values of ¢ in the neighborhood of zero. In terms of the
neighborhood of the arc y = y(z) defined in (b) above, the function y(z)
minimizes the integral I if and only if there exists a neighborhood of



24 CALCULUS OF VARIATIONS [§3-4

y = y(z) such that every arc y = Y(z) # y(x) satisfying the required
end-point conditions and lying entirely within the neighborhood, renders
the value of I larger than 7(0). Thus, even though 7(0) is 2 minimum
for which I’'(0) = 0, there may be functions Y (z)—for which y = Y (x)
lies outside the neighborhood described—which render the integral I even
smaller than 7(0). Although this fact plays no role in our study, it is
mentioned here to point out a limitation of the theory as here developed.
This limitation is of particular significance in the minimum-surface-of-
revolution problem posed in 3-2(d) and considered further in 3-7(b)
below. "

3-4. First Integrals of the Euler-Lagrange Equation. A Degenerate
Case

(a) A particularly simple Euler-Lagrange equation results if the inte-
grand function f is explicitly independent of the dependent variable y.
For then we have that (3f/dy) vanishes identically, and (25) of 3-3(b)

becomes
d (o _
i (@) =0
or
aof _
v C,, (26)

an arbitrary constant. Thus the quest for the extremizing function is
reduced to the solution of an equation involving ¥’ and z only, a first-
order differential equation.

If, further, f is explicitly independent of the independent variable z, as
well as being independent of y, the partial derivative (8f/dy’) is a func-
tion of 3’ alone, so that the solution of (26) is simply 3’ = C,, where the
constant C; is some function of C;. Thus the extremizing functions for
cases in which the integrand f depends explicitly on y’ alone are neces-
sarily linear functions of z. This fact immediately affords the solution
of the shortest-distance-in-the-plane problem of 3-2(a)—a straight line!

(b) We have the readily verifiable identity

a6 of _ _,ad((aof\_of of ,
w(va=0) v - -5

_ .19 _dfof\| _9of

- [@ d_x(ay’>] oz (@7)
which suggests an obvious first integral of the Euler-Lagrange equation

in the special case that f is explicitly independent of the independent
variable z. For since (9f/dx) = 0 in this event, we see that the Euler-
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Lagrange equation (25) implies the vanishing of the first member of

d (., _.\_
& \Y 3y )“”
or
af -
y’a—g,——f=01, (28)

an arbitrary constant (not necessarily the same as C; in (a) above).
Thus the extremizing function may be obtained as the solution of a
first-order differentiai equation involving y and ¥’ only.

(¢) If the integrand function f of

I = ["f(ey.y)dn

is explicitly the total derivative with respect to z of some function of
z and y, then surely the integral I is independent of the particular choice
of the function y(x), so long as the prescribed end-point values y(z:) = y:
and y(z2) = y: are achieved. Forif f = (dg/dx), I is equal to the differ-
ence of the prescribed values of g(z,y) at the end points—namely,
[g(x2,y2) — g(x1,y1)]. It is interesting to see what form the Euler-
Lagrange equation assumes in this event.
We have in this case

'f = 4— ')l,,
4 ' 7 7

&
]
QJIQ;
] |
QJIQ;
< |Q

so that the Euler-Lagrange equation (25) reads

9% % , d (dg\ _ 4
oz Tapr¥ “@m\ay) =%
But evaluation of the total derivative of (dg/dy) with respect to x shows

that this last equation is identically satisfied since

d% 9%
dydzx O dy

This result suggests the question: What is the most general case in
which the Euler-Lagrange equation is identically satisfied? To discover
the answer we expand (25) of 3-3(b) as

of _ of _ of ., _ 9 . _
oy “szoy “ayay? " ar¥ =0 (29)

Since the first three terms on the left contain at the highest the first
derivative of y, the identical satisfaction of (29) requires the coefficient
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(8%f/9y’?) of y’’ to vanish identically. But this is equivalent to stating
that f must be a linear function of ¥’; that is,

f=p@y) + azy)y'. (30)
Forming the Euler-Lagrange equation (25) for this particular f, we have
op . %q,, _dg _9p _ 9q
}3—g/+6yy dz 9y =0

for all z and y. But this, according to 2-2(c), is precisely the condition
that (30) be the total derivative (dg/dz) of some function g(z,y).

Thus we have that a necessary and sufficient condition for an Euler-
Lagrange equation to be identically satisfied is that the integrand func-
tion be explicitly the derivative (dg/dz) of some function g(z,y). Implicit
in this result lies another fact of some significance: A necessary and suf-
ficient condition that the addition of a term to the integrand of a given
integral leave unaltered the corresponding Euler-Lagrange equation is
that the additional term be the derivative (dg/dz) of some function g(z,y).
This follows from the first result because of the linearity of the Euler-

Lagrange equation with respect to the integrand function f.

3-6. Geodesics

(a) We return to the problem posed above in 3-2(b) for the arc of
minimum length connecting two points on a given surface. Such an arc

ie tarmed o asadoesr for tha anrfacas The anaerial sace far tha nlana
A0 LULINITU 4 youwlorr 11Ul uliv duliavve. 4 1iv Bpruial vady 1Vl vl plallv,

presented in 3-2(a), is solved in 3-4(a) above. According to (15) of
3-2(b) the integrand function for the problem is

f=~P+2Q0 + Rv'2, 31)

where P, Q, and R are three given functions of the surface coordinates
u and v; it is assumed that the minimizing arc has the form v = v(u).
According to (25) of 3-3(b)—with u and v here playing the respective
roles of 2 and y—v must satisfy the Euler-Lagrange equation which
reads, through (31),

9Q | ,0R
W Y d( Q + Rv )_
2P 200 F Ro*  du\vP +20v + ko?) — ©

In the special case where P, @, and R are explicitly functions of u alone,
this last result becomes

oP )
-%+2i)

Q + Rv
VP + 2Qv + Rv?

= (), (32)
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an arbitrary constant. In the event @ = 0, which is the case if the sur-
face curves u = constant are orthogonal to the curves v = constant,
v can be expressed directly in terms of u as an integral—namely,

_ _ NPdu
V=0 ) Vr—cw 3

as we obtain from (32) with the facts that " = (dv/du) and that P and
R are given functions of u alone. The constant of integration in (33)
and C; are determined so that (33) passes through the given fixed end
points.

(b) Still supposing that @ = 0, but now that P and R are explicit func-
ttons of » alone, we are in a position to use the result of 3-4(d), which is
applicable in the case where f is explicitly independent of the independent

P Y VR

variable. From (28) of 3-4(b) and (31) of 3-5(a)—with @ = 0—we obtain

Rv’? 5T BT
Vhr T VET =G
whence, since v’ = (dv/du), .
=C _VRd (34)

1

(c) As a particular case we consider the geodesic connecting two points
on a sphere. The parameters u, » most convenient for describing posi-

tion on the sphere surface are the colatitude » and the longitude u, Wlth
Z = a sin v cos U, Yy = a sin v 8in u, Z = a cos v, (35)

where a is the radius of the sphere. It is directly verifiable that v is the
angle between the positive z axis and the line drawn from the sphere
center to the designated point, that u is the angle between the xzz plane
(z > 0) and the half plane bounded by the z axis and containing the
designated point, and that z2 + y? + 22 = aZ

From (12) and (13) of 3-2(b) the parametric equations (35) of the
sphere give

P = a?sin? yp, R = a? Q =0.

We are thus able to use the result (34) of (b) above to obtain

dv esc? v dv
u=C, : - =
v/a*sintv — C%sin? o A [(a/C1)? — 1] — cot? v
. cot v
= — 8 —1 T ———reer C’
SRV T AD=S B
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whence it follows that
a cos v

\/ (a/C)? —1
With the use of (35) we see that the sphere geodesic lies on the plane

(sin C3)a sin v cos 4 — (cos Cy)a sin v sin u — = 0.

z 8in Cy — y cos Cy —

2
Vet =1

which passes through the center of the sphere. Hence the familiar
result: The shortest arc connecting two points on the surface of a sphere
is the intersection of the sphere with the plane containing the given points

and the center of the sphere—the so-called great-circle are.
y?+ 28 = [gl@)] (36)

generated by revolving the curve y = g(z), with g = 0, about the z axis.
A convenient parametric representation of this surface is

z = u, y = g(u) cos v, z =g(u) sin v, 37)

which is readily verified to satisfy (36). From (12) and (13) of 3-2(b)
equations (37) give directly

P=1+{/WP*% R=I[gWp? Q=0
The result (33) of (a) above is therefore applicable; from it we obtain

[ VTF @R
9w Vgl — Ct

In 4-5(c) the general geodesic problem is again considered, but from a
point of view somewhat different from that taken in the present chapter.

3-6. The Brachistochrone

(a) With the results of 3-4 we are in a position to solve the brachis-
tochrone problem formulated in 3-2(¢). The integrand

j= Mty
VY — %o
of the integral (16) of 3-2(c) giving the time of descent is explicitly inde-

pendent of the independent variable z. We may therefore write down
immediately a first integral of the Euler-Lagrange equation—namely,

(38)
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y'(8f/0y’) — f = Ci—according to the result of 3-4(b). From (38) we
thus obtain

y'? VI +yn

V@ —y)A+¥) Vy—y

Solving this last result for ' = (dy/dz), we integrate both sides of the

resulting expression to obtain, on writing for the arbitrary constant
= (2a2)7,

= C].

_ VY = yody 39
* V'2a — (y — yo) (39

To evaluate this integral we substitute

Y — Yo = 2a sin? %; (40)
with this (39) becomes
x = 2a / sin2gd0 = a(§ — sin 0) + x,, (41)

where z, is the constant of integration.
(b) Rewriting (40) and combining it with (41), we have

= o + a(f — sin 0), Yy = yo + a(l — cos ) (42)

for the parametric equations of the required curve of most rapid descent.
These are recognized to be the equations of the cycloid generated by the
motion of a fixed point on the circumference of a circle of radius a which
rolls on the positive side of the given line y = y,. It can be shown! that
by adjustment of the arbitrary constants a and z, it is always possible to
construct one and only one cycloid (42) of which one arch contains the
two points between which the brachistochrone is required to extend.
Moreover, this arc renders the time of descent an absolute minimum as
compared with all other connecting arcs. (The constant y, is not arbi-
trary, but is given, according to 3-2(c), by

Yo = U1 — 5 (43)

where y; is the ordinate of the starting point (z1,y:1), v1 the prescribed
initial speed, and g the constant acceleration due to gravity.)

The techniques we employ here to solve the brachistochrone problem
were not available to Johann Bernoulli in 1696. The method which is
essentially the one devised by Bernoulli to solve the problem is developed
below in Chap. 5.

! See Bliss (1), p. 55.
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3-7. Minimum Surface of Revolution

(a) In the probiem of ‘‘the minimum surface of revolution’ given in
3-2(d) the integrand function

f=yvi+y» (44)

is explicitly independent of z, so that we may use (28) of 3-4(b) to obtain
a first integral of the Euler-Lagrange equation. With (44) equation (28)
becomes

/2
W—%y—,z—yW=Cl,

from which we obtain directly

= — ay - — A
z= —-C; N Ci cosh™! &~ + Cy;
or
y = b cosh z ; g, (45)
where we write C; = —b, C; = a; b is positive.

The curve represented by (45) is called a catenary; the corresponding
surface of revolution about the z axis is called a catenoid of revolution.
In the problem at hand we are required to adjust the arbitrary constants
a and b so that the catenary passes through the given end points (z1,y:1)
and (xs,y2). The possibility of fulfilling this requirement is discussed
directly below:

(b) We choose a one-parameter family of catenaries from among (45)
characterized by the fact that every member passes through the left-hand
end point (z1,%1). Thus for this one-parameter family the constants a
and b are related by the condition

ry — a

b

y1 = b cosh ) (46)

which we obtain by substituting (z1,y1) for (z,y) in (45). Our problem is
to discover which, if any, of this litter of catenaries passes through the
second end point (z3,y2). In Fig. 3-2 there are plotted several of the
curves (45) through (z;,%:). With this figure as reference we make a few
assertions without proof:

Every member of the family defined by (45) and (46) is tangent to
the dotted curve OE, the envelope of the family No member of the
family passes through any point B that is separated from (zi,y:) by the



§3-7) INTRODUCTORY PROBLEMS 31

envelope. One and only one member passes through any given point F
on the envelope, which is its point of tangency. Through any point G,
not separated from (z1,y:) by the
envelope, there pass exactly two
members of the family.

The assertions of the above para-
graph reflect, as do those that follow,
on the limitations of the theory as
developed in our study. If, for ex-
ample, the point (z2,5:) i1s at B, no
member of (45) fits the required end-
point conditions and we conclude that
the minimum surface area is not
generated by any curve of the form
y = y(x), where y(z) is twice differ- Frc. 3-2.
entiable. It can be shown,! in this
event, that the minimum ares is generated by the broken line whose
three segments are

2= 02 YyYsSy),y=0@:1=22=22), 2 =20y £ o).

This is the so-called Goldschmidt discontinuous solution.

But even when there is a unique catenary connecting the given end
points—when (z2,y:) lies on the envelope OE—it turns out that this
catenary does not render the surface area a minimum. Once again, the
minimum is afforded by the Goldschmidt solution. The catenary does
not even provide a relative minimum in the sense of 3-3(c).

In the case in which two catenaries of the family (45) fit the required
end-point conditions—if (xs,:) is not separated from (z,,y:) by the enve-
lope OE—a relative minimum of the surface area is supplied by the upper
catenary of the pair, but no minimum area is generated by the catenary
whose point of tangency with OF lies in the interval (z; < z < z,).
Although the criterion cannot be stated in simple terms, we may assert
further that, if (xs,5:) is sufficiently far above (or to the left of) the enve-

lone, the upper catenary generates a surface area that is an absolute

AV vactT 2 T VBWIAIKL ) guiitisut SuiadUC KITH VIS &Lil SRS

minimum. Otherwise it provides merely a relative minimum, and the
absolute minimum is supplied by the Goldschmidt solution. In every
case the Goldschmidt solution—by which the surface area generated is
clearly #(y? + y2)—affords a relative minimum.

(¢) It is obvious that the information given in (b) above is by no means
supplied by the limited theory here developed. Nevertheless, since the

! See Bliss (1) for a detailed discussion of this problem, with proofs carrying beyond
the scope of the present stucs.



32 CALCULUS OF VARIATIONS ’ [§3-8

principal aim of this work is to study the role of the calculus of vari-
ations as a branch of applied mathematics, we must be content, quite
often, to bypass such sophisticated problems as those of existence, singu-
lar solutions, and the like.

3-8. Several Dependent Variables

(a) We now proceed to derive the differential equations that must be

satisfied by the twice-differentiable functions z(¢), y(t), . . . , z(¢) that
extremize the integral
ts .. .
I = 4/11 f(xayr e Y, .. )zit)dt (47)
with respect to those functions z, y, . . . , z which achieve prescribed

values at the fixed limits of integration ¢; and ?¢;, where {; < ¢2. The
superior dot indicates ordinary differentiation with respect to the inde-
pendent variable ¢.

We denote the set of actual extremizing functions by z(¢), y(¢), . . . ,
z(t) and proceed to form the one-parameter family of comparison functions

X)) = z() + &), YO =y@®) +en®), ...,
Z(t) = 2(t) + (t), (48)

where £, 9, . . . , { are arbitrary differentiable functions for which

£t = E(ts) =n(ts) =9(t2) = - - - =) =¢() =0 (49)
and e is the parameter of the family. The condition (49) assures us that
every member of each comparison family satisfies the required prescribed
end-point conditions. We see, moreover, that no matter what the choice
of & n, . . ., {, the set of extremizing functions z(¢), y(¢), . . . , 2(f) is

a member of each comparison family for the parameter value ¢ = 0.
Thus if we form the integral

I(e) = L" XY, ... 2X7, ... Z0d (50)

by replacing z, 5, . . .,z ete.,,in 47) by X, Y, . . ., Z, etc., respec-
tively, we have that I(0) is the extremum value sought. We therefore
conclude that

I'o) =0. (51)
[t follows from (48) that

X=i+e YV=g+e, e, Z=zi+¢ (52
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Using the rule given in 2-3(a), we form the derivative (dI/de) of the
integral (50):

| (63)

where we use (48) and (52) to derive the sequence of substitutions
(0X/3€) =& . .., (8Z/3¢) = . It is clear from (48) and (52) that
setting e = 0 is equivalent to replacing X, Y, L Z, X, Y, . Z
byz,y, ...,%%79 ...,Z% respectively. Thus because of (51), we
obtain from (53), on setting ¢ = 0,

12
roy= [ (Les P e 2,09,
: Jh \dx ox ay dy

%’|’-.
"“r
Y | 1
\_/

(54)

This last relation must hold for all choices of the functions &(t),
n(8), . . ., £(¢). In particular, it holds for the special choice in which
m, . .., ¢ are identically zero, but for which £(¢) is still arbitrary, con-
sistent with (49). With this selection of £, 9, . . . , { we integrate by
parts the second term of the second member of (54) to obtain, since
E(t) = £@t2) = 0,

[“Tef d(af\l, . .
Ju Loz T at\oz) [ *H T oY

Since (55) holds for all ¢ we conclude by applying the basic lemma of

3-1(a) that

of _d(of

-2 t( ) 0. (56)
Through similar treatment of the successive pairs of terms of the second
member of (54) we derive like equations, with z replaced by y, . . . , 2.

Joining these equations with (56), we have
ox dt T dy dt A 7" dt

- for the system of simultaneous Euler-Lagrange equations which must be

satisfied by the functions z(¢), y(), . . . , 2(f) which render the integral
(47) an extremum.

(57)
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(b) The readily verified identity

i’a_f¢+3_f-+.. _z_f
dt \oz ag Y )

-5 - 23]
_---—z[%’; dt(af)]_g_’; (58)

suggests an important first integral of the system (57) in the special case
in which the integrand function f is explicitly independent of the inde-

pendent variable {. For in this case we have (38f/df) = 0; with (57)
this 1mn]u‘xq that the ht-hand member of /L'\Q\ vanishes. Thus we have

this the right-han er of ve hay

a first 1ntegral

To+ZTyr - +¥is-c 59

of the system (57) whenever (3df/dt) = 0; C; is an arbitrary constant.

Other first integrals may be obtained directly from (57) in case f is
explicitly independent of any of the dependent variables z, y, . . . , 2.
If, for example, (9f/0z) = 0, the first of (57) implies directly that
(8f/9%) = constant, etc.

3-9. Parametric Representation

(a) The results of 3-8 are directly applicable to problems of the type
introduced in 3-2 and solved in 3-5 to 3-7 when these are generalized so
as to include parametric relationships z = z(¢), y = y(tf) between the
variables z and y, rather than have the solutions restricted to relation-
ships in which one of the variables is a single-valued function of the
other, as, for example, ¥ = y(z). In some problems the requirement of
single-valuedness is excessively restrictive; for it turns out that the Euler-
Lagrange equation—derived under the assumption that the extremizing
function is single-valued—may have for the solution which satisfies the
given end-point conditions a relationship in which the dependent variable
18 not a single-valued function of the independent variable. One cannot,
without further justification, accept such a solution as valid.

We proceed to show, however, that the extremizing relationship
between a pair of variables z and y is the same, whether the solution is
derived under the assumption that y is a single-valued function of z or
that a more general parametric representation is required to express the
relationship between z and y. We do this by showing that the solution
of the Euler-Lagrange equation derived on the basis of the assumption
of the single-valuedness of y as a function of z satisfies also the system of
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Euler-Lagrange equations derived on the basis of the parametric relation-
ship between z and y.

gral to be extremized is given as

= [* feww)iz, (60)

where y is required to have the values y; and y; at £ = z; and z = z,.
If instead we use the parametric representation z = z(t), y = y(t), where
z(t;) = z;, y(t;) = y; forj = 1,2, the integral (60) is transformed through
the relationships

ISR

-

B

3}

y = dz = z dt, (61)

where the superior dot indicates differentiation with respect to ¢:

I=/t2f<xy,>xdt (62)

The Euler-Lagrange equation corresponding to (60) is, according to

3-3(b),
of of
i) o )

According to 3-8(a) the system of Euler-Lagrange equations associated
e

wanth 72O € 2xro wxrer b
wiuil \UA} m I W€ Wrlu

9(z,,2,9) = f(&,y,y)3 (y' = 2)» (64)
39 _ d (dg 3 _d <§g _
i dt( > 0, 5 ~ai\ay = 0. (65)

From (64) we obtain

o9 _9f ?_g=f—j;_a_y_=f—y'_ai. (66)
or oz’ & oy’ 2* Y’
With the aid of the second relation of (61) and the identity (27) of 3-4(b)

we thus have

£2)-+50-r ) bE- 2] Y @

We further obtain from (64)
99 _of , 9 _ 4 of 1 _ of (68)

- H

dy dy
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whence, according to the second of (61), we have

r]/A‘n\ .r]/af\

w

7i\ag) = *@\ay )

Combining this last result with the first of (68), and (67) with the
first of (66), we obtain the pair of equations

ag d(ag>_ .[af d (af ]

o dt\oz) =~ “Y|oy dz\ay /)

dg _d (ag> _ .[af _d (af)]

ay ~dt\ay) ~ “lay Tz \oy' )|
From this result we conclude that any relationship, single-valued or not,
that satisfies the Euler-Lagrange equation (63)-—derived on the basis of
an assumed single-valued solution y = y(x)—satisfies also the system
(65), whose derivation requires no assumption of single-valuedness of y
as a function of z. We are therefore justified in accepting as a valid
extremizing relationship any solution of the single Euler-Lagrange equa-
tion (63); the single-valuedness assumption employed in its derivation is
shown to be unessential. '

(b) Underlying the result demonstrated in (a) above is the assumed
possibility of representing the quantity to be extremized in the two dif-
ferent forms (60) and (62). It is of course only to those problems in
which the dual representation is possible that the result is applicable.
The problems enumerated in 3-2 are all of this class, as we may readily
verify. There are, however, other types of problems to which the result

is not applicable, but in these there arises no question of the sort that
leads to the investigation carried out in (a).

3-10. Undetermined End Foints

Two simple generalizations of the brachistochrone problem, for exam-
ple, indicate a necessity for extending the theory of this chapter to include
hitherto neglected problems involving undetermined end points:

(i) What is the arc of quickest descent from a fixed point to a given
vertical line?

(i1) What is the arc of quickest descent from a fixed point to a given
curve?

The first of these questions involves the extremization of an integral
whose limits of integration are prescribed, but the extremization must be
carried out with respect to functions not prescribed at the upper limit.
The general case for such problems is handled in (a) below. In the
second of the above problems, we are given neither the upper limit of
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the integral to be extremized nor the upper-limit end-point value of the
functions with respect to which extremization is effected; we are, how-

.......... sdad with a rolationehin hotwoon +hoaa fn'vn l'lnr]nfcn‘rnlnnr]
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quantities—namely, the equation of the curve (supposed to lie in a
vertical plane) on which the descent is to end. The general case is

treated in (c) below.
(a) We seek to extremize the integral

= [7 fwyy)ds,

with z; and z, given, with respect to functions that attain the value y;
for ¢ = z,, but for which no value is prescribed at £ = z,. In the
manner of 3-3(b) we suppose that the twice-differentiable y(z) is the

actual extremizing functlon and set up the one-parameter famlly
Y() = y) + en(z) (69)

of comparison functions. The differentiable function 9(z) is arbitrary to

within the condition _
n(z1) = 0, ‘ (70)

and e is the parameter of the family defined by #; for the value ¢ = 0,
y(z) is a member of every family (69). Thus the integral

I = [*jz,Y,Y")dz (71)

Y =9y 4+ e (72)

—is an extremum for ¢ = 0. Thus we have I'(0) = 0 for all choices of .

After differentiating (71) with respect to e according to (3) of 2-3(a),

we set € equal to zero—equivalent, by (69) and (72), to replacing (Y,Y”)
by (y,y’)—to obtain

') = / ” (aij; 1+ 2 ) dz = 0, (73)

with the use of (0Y/d¢) = 5 and (3Y'/de) = n’. Integrating by parts
the second term of (73), we get for (73) with the aid of (70)

e LA reen o

where 7, is written for n(z,).
Since (74) must hold for all choices of n(z) consistent with (70), it must
in particular hold for those n for which n(z;) = 7: = 0. For such 5(z)

o) = 6—37
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the second member of (74) reduces to the integral alone; by application
of the basic lemma of 3-1(a) we conclude

of dfof\ _
£ ‘zf(ﬁa) =0 (7%)

With this result, and for general n(x) once again, the second member of
(74) reduces to its first term. Now, by choosing 5(zs) = 52 = 1, the
vanishing for all n of the term remaining requires fulfillment of the end-
point condition

of |

5@7 o = (. (76)

From (75) we see that the differential equation is determined by the
integrand function f, and not at all by the end-point conditions; for (75)
is precisely the Euler-Lagrange equation derived in 3-3(b) under the con-
dition of fixed end points. The two constants of integration obtained in
the solution of (75), a second-order equation, are determined by the end-
point conditions y(x:) = y: and (76)—provided, of course, a solution of
the problem exists. :

The case in which the left-hand end point is free is left for the end-
chapter exercises. The result is the condition (70) applied at =z = z,—
namely.

of | _
AN 0. 77)

(b) Application of the result (76) to the problem of the curve of quickest
descent from a fixed point to the vertical line z = z, gives, for the inte-
grand function (38) of 3-6(a),

9 _ Yy =0
% Ay =y +y?

That is, the tangent to the cycloid «iving the quickest descent must be
horizontal at the intersection with the line = z,. The construction is
always possible.

It is to be pointed out that the result (77) for the case in which the
left-hand end point is free is not applicable to the problem of quickest
descent from a vertical line to a fixed point. For (77), as well as (76),
is derived under the assumption that the integrand function f is not
explicitly a function of the value of y at the free end point; but as we
see from (38) and (43) of 3-6, the brachistochrone integrand function
f depends explicitly upon y;. The problem of most rapid descent from
a given curve to a fixed point is handled separately in 3-11 below.

for z = x..
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(c) We seek to extremize the integral
- [zz ., "~ 3 oo
I'=/ J&yy)a (73)

with respect to functions which attain the value y; for x = z; and which
satisfy the given relation

g(zy) =0 (79)

at the upper limit of integration, as yet undetermined. To this end we
set up the one-parameter family of comparison functions

Y(z) = y(x) + en(), (80

where y(z) is the actual extremizing function, and 5(x) is arbitrary to
within differentiability and

")(171) = 0) (81)

which ensures that all the comparison arcs pass through the prescribed
point (z1,y1). The point of intersection of -a comparison arc y = Y (z)
with the given curve (79) is denoted by (X,,Y). For the special case
e = 0—the actual extremizing arc—(X,,Y,) is denoted by (z.,y2). We
thus have, with (80),

9(X2,Y2) =0, Y2 =y(Xp) + en(Xy). (82)

Since these relations hold for all ¢, we have that the total derivative of

g(X,,Y:) with respect to e must vanish. From (82) we therefore obtain,
on noting that X, is a function of € alone for any given 5(x),

99 dXa | 99 dYs
aX 2 de 8Y2 df
0 dX, 9 dX, dX,

= 39X, de + Y, [y'(X‘A’) de + 7(X2) + en'(X2) 7 ] (83)

0 =

We set e = 0, whence X, Y, and (dX,/de) become respectively z., y. and
(dX:/de)o; solving (83), with ¢ = 0, for the latter quantity, we obtain

(d_X2> _ 2(39/9ys)
de /o (8g/dxs) + (89/8Y2)y,

where we write 7, = n(z2) and y; = y’(z2). The result (84) is employed
directly below.
We form the integral

19 = [ 1@Y,¥ds

(84)
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by replacing zs, y, ¥’ in (78) by X,, Y, Y’, respectively, where
Y = fu'(’r\ + en'(2)

\~77

according to (80). Thus since X5, ¥, Y’ reduce to the respective extrem-
izing quantities z,, y, y’ for ¢ = 0, we have that I(0) is an extremum,
so that I’(0) = 0. TUsing the rule (3) given in 2-3(a), we form the

derivative
)
ot LGt )

since (0Y /de) = nand (dY’/de) = n'. Settinge = 0 and then integrating
by parts the second term of the integral on the right, we obtain, with the
use of (81),

(o = 22y

, [dX,\ .| of | =Taf  dfa\]
FO =Go) I, T almt ), Loy ~@\ay) 7% =0

With the aid of (84) this becomes
dg
ay2 f|:ﬂ

Tof dfof
S P T T
za (a:gz) + y2<ag> " ay d:c

6y2
for all choices of n consistent with (81). Repeating the line of argument
carried out in \u; above with appnicauuu of the basic lemma of 3-1 \a),
we conclude that y = y(z) satisfies the Euler-Lagrange equation (75)
and, in addition to the left-hand end-point requirement y(z,) = y;, the

right-hand end-point condition

of
oy’

dg
—_a__f_ ay2 fl:u
9y

-~ ~o.
e (99 ' (99
(32) + (3y2>

A similar result for z = z; is to be obtained if the left-hand end point is
required to lie on a given curve A(z,y) = 0. In this case (dg/dz:) and
(8g/9dy2) are replaced by (6h/dzx1) and (8h/dy.1), respectively, in the end-
point condition.

(d) For the curve of quickest descent from a fixed point to a given
curve g(z,y) = 0 application of the end-point condition (85) to the inte-
grand (38) for the brachistochrone gives the result

u[(2)/ ()] -+

(85)
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Since the slope of g(z,y) = 0 at (z3,y2) is given by the negative of the
coefficient of %, and since y; is the slope of the extremizing curve at
(z5,y2), this relation implies the orthogonality of the two curves at the
point of intersection.

3-11. Brachistochrone from a Given Curve to a Fixed Point

The solution to the problem of the arc of most rapid descent from a

given curve
h(z,y) =0 (86)

to a fixed point (zs,y2) is furnished by the function y(x) which extremizes
the integral

I=["fyy)dz (87)

with respect to functions which attain the value y, for x = z, and which
satisfy the given relation (86) at the lower limit of integration, as yet
undetermined. The function f is given by

1+ 72 " 2
- 0
according to (38) and (43) of 3-6, where »; and g are known constants.

To solve this problem we set up the one-parameter family of compar:-
son functions

f=

Y(z) = y(z) + en(x), (89)

where y(z) is the actual extremizing function, and n(x) is arbitrary to
within differentiability and

n(z2) = 0, (90)

so that every comparison arc passes through (zs,y5:). The point of inter-
section of a comparison arc y = Y (z) with the given curve (86) is denoted
by (X1,Y1), and is denoted by (z1,y1) when ¢ = 0—that is, for the actual
extremizing arc y = y(z). We thus have, with (89),

MX,Y) =0,  Y1=y(Xy) + en(Xy), (91)

for all e. Taking the total derivative of h(X,Y;) = 0, we obtain from
(91), in the manner used to reach (84) of 3-10(c),

(@{) _ n1(9h/3y,) (c_zg) _ n1(9h/92))
de /o (8h/dxy) + (0h/dy )y, \de Jo  (9h/0z1) + (0h/3yr)y)
(92)
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where we write 7, = n(z1), y1 = ¥'(x1), and (dX1/de)o, (dY1/de)o for
(dX1/de), (dY1/de) when ¢ = 0.

The special dependence of the integrand function (88) on y and y,; pro-
vides another formula useful directly below—namely,

of of
— = - 93
3 3y (93)
This may be verified directly from (88) or be recognized as an immediate
consequence of the fact that y and y: appear in f in the combination
(y — y1) only.
We set up the integral

Tl — £(
&= Jx, /N

3“
~
D
2
o
e
=

ing 73, ¥1, ¥, ¥ in (87) by X, ¥y, V, V', respectively, where
Y’ =y (:c) + ey’ (x), according to (89). Smce X, Y, Y, Y reduce to
the corresponding extremizing quantities for ¢ = 0, we have that (94) is
an extremum for e = 0, so that I’(0) = 0. TUsing the rule (3) of 2-3(a),

we differentiate (94) with respect to ¢, then set ¢ = 0, to obtain

=0~ (), + [[5CE),+ Lo o
@ g

(=] af /'af\1 _
Tl Ly T @) 17
in which the final form is arrived at through integration by parts and
subsequent use of (90). With the help of both equations of (92) we are
led to the result

4 o ah -
1 31/1 _ af 8x1 6fd
"\ Gh ok , oy T 9k . ok ,/ ay &
Er + o 3z, + 5= 6y1 Y1
1[4 /a \ ]
+ ML - a(@) =0 o

Since (95) holds for all n(z) which satisfy (90), it holds in particular
for those n(x) which also satisfy 5, = n(z1) = 0. For such 5(z) the left-
hand member of (95) reduces to the second integral alone, and we may
apply the basic lemma of 3-1(a) to conclude

of dfof\ _
'az;‘d“(az) =0 (96)
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With this result, and for arbitrary » once again, (95) reduces to the term
proportional to 7:; thus by choosing 7(z) so that . = 1, we obtain the
condition

f ah _ai zs
5 Y1 of 0z, of
+ a_h y ~ oyl T 5,92 =0 D

axl ayl yl x
Because of (93) and (96) the integral of (97) is readily evaluated as
= of = of / (6f> o _ of
/;1 ayl d ./;\ ay d x1 dx y dw ay 1 ay,
With the use of this result, (97) becomes, at length,

of| ok of \
Eix,a—ﬂ( f)

ez

dh

x1 a?h (98>

But since f is explicitly independent of z, we may use the result (28) of
3-4(b), whereby (96) implies
of
1 (a?/ v - f)

v =)

With the aid of (99) and (88) equation (98) finally reads

l axl>/ (@)J -y (100)

where 3, = y'(x,) is the slope of the extremizing curve at the right-hand
end point (x2,%2). Since the left-hand member of (100) is the slope of
h(z,y) = 0 at the left-hand end point (z,y:), this final result expresses
the interesting fact that the tangent to the brachistochrone at the right-
hand end point is perpendicular to the tangent to the given curve
h(z,y) = 0 at the left-hand end point! (The brachistochrone is again a
cycloid, inasmuch as the extremizing function must satisfy the same differ-
ential equation (96) as in the fixed-end-point case handled above in 3-6.)

(99)

EXERCISES

1. (a) Carry through the details of the proof of the basic lemma of 3-1(a) in which
n(z) is assumed to be twice continuously differentiable in z; < z £ z..

(b) Extend the proof of the basic lemma to the case in which 5(z) is required to
possess a continuous derivative of kth order in addition to satisfying (2). Hint: If
G(z) >0inz, Sz Sz, letn = [(z — 7;)(z, — )]+ in this subinterval, with n = 0
in the remainder of z; < 2 < z,.
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(¢) Prove that G(z,y) = 0identically in D is necessary for the vanishing of (6) for all
continuously differentiable n(z,y) that vanish on C provided G(z,y) is continuous in D.
Hint: If (r(:c,y) >0in z’l =z = 1:2, y’1 Sy =S yz, iet n = 0 everywnere in D outside
this rectangle; in the rectangle let 7 = [(z — 2})(z — 2,)(y — y,) (¥ — ya)]%

(d) Extend part (¢) to the case in which 7 is required to have continuous partial
derivatives of all orders up to and including the kth. HiINT: See part (b) above.

(e) Extend the basic lemma to integrals of multiplicity m, with  required to satisfy
differentiability conditions of the type required in part (d).

2. (a) Regarding the left-hand member of the obvious inequality

f * lo(z) + th@)P dz 2 0

a8 a quadratic function of ¢, where ¢ is arbitrary, prove the (Schwarz’s) inequality

/alzhzd:c/mgzdx > {/ugh dx}z, (101)
z1 z1 1

where the equality sign holds if and only if g(z) = Ah(z), where A is some constant.
(b) Given that y(z:) = y1, y(z2) = y. and that p(z) is a known function, use (101)
to prove that the absolute minimum of

x
I= / ' pryt dz (102)
1
is .
(y2 — y1)? , '
[ @arp (103)
1
and that this minimum is attained if and only if
A
v =% (104)

T
where A is an arbitrary constant. HinNT: [ ’ Yy dz =y, — 1.

z1
(¢) Show that (104) is a first integral of the Euler-Lagrange equation associated with
the integral (102). Thus it is shown that the extremum of (102) is an absolute mini-
mum. Verify that (103) is the value of (102) when (104) is substituted.
3. (a) Show that, if y satisfies the Euler-Lagrange equation associated with the
integral

Ydz, (105)
z

where p(z) and ¢(z) are known functions, I has the value (p’yy’)] :
1

(b) Show that, if y satisfies the Euler-Lagrange equation associated with (105),
and if z(z) is an arbitrary differentiable function for which

z(z1) = 2(z2) = 0, (106)
then

/;x, (p*y'? + g*yz)dz = 0.
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Hence show that by replacing y in (105) by the function (y + z), where the condition
(106) ensures that y and (y + z) have the same end-point values, the value of I is

increased by the nonnegaiive amount
xse ’
(p22'* + g%2%)dz.
1

Thus it is shown that the extremizing function y renders (105) an absolute minimum
with respect to differentiable functions assuming the required end-point values ¥,
and y;.

4. (a) Given

I-= [ " s, (107)

reverse the roles of dependent and independent variables in order to rewrite (107) in
the form

1= ["gwa)dy, (108)

where 2/ = (dz/dy).

(b) Write down the obvious first integral of the Euler-Lagrange equation associated
with (108), according to 3-4(a). Rewrite this first integral in terms of f and with z
once again as independent variable, in order to achieve the result (28) of 3-4(b).

This method of deriving (28) should meet the objection often raised against pulling
the identity (27) out of thin air. HiNT: This derivation is implicit in the work of
3-9(a), up to and including the second of equations (66).

6. Show that the family of geodesics on the paraboloid of revolution

£=uy=ucosv z=usinv
has the form

u — C? = u(1 + 4C?) sin? {v — 2C log k[2 Vu — C* + V4u + 1]}, (109)

where C and k are arbitrary constants. Although v is in general not a single-valued
function of u here, the validity of (109) rests upon the result of 3-9(a).
6. (a) Prove that any geodesic on one nappe of the right circular cone

z? = bi(y? + 2?) (110)

has the following property: If the nappe is cut from the vertex along a generator and
the surface of the cone is made to lie flat on & plane surface, the geodesic becomes a
straight line. Hint: Show first that, if the cone is described in terms of the param-
eters r, 6 in the form

oo br r cos (6 /1 + b?) rsin (0 /1 + b
= Yy = ———— ) z = —— ’
V1 + b3 V1 + b2 V1§ b

which satisfies (110), the variables r and 8 represent ordinary polar coordinates on the
flattened surface of the cone, with the origin at the vertex. Identify the geodesic
r = r(0) as the equation of a straight line in polar coordinates.

(b) Prove the analogous property for geodesics on a right circular cylinder.

(¢) Prove the same for an arbitrary cylindrical surface.
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7. (a) Derive the differential equation satisfied by the four-times-differentiable
function y(z) which extremizes the integral

T2
I = / f(x;y)y,)y")dz
xr

under the condition that both y and y’ are prescribed at zr and zs.
(b) Show that, if neither y nor y’ is prescribed at either end point, the conditions

o _ o _d (3_/’) -
ay// - O) ayl dSC ayn =0
must be met at z = z; and z = z,.
(c) Generalize the result of (a) by supposing
f=ryy, .. .,y"™),

where y designates the nth derivative of y(z).
8. (a) Show that, if we define

I(e) = f * f(z,Y")dz
as in 3-3(b), we have
" zz a?f
I (0) = /1 5?'272(&6.
Thus we conclude that, if (8f/3y) = 0 and

9 50 forzms=zso (111)
aylz = 1= = 2
the extremum I(0) is surely a minimum if a minimizing function of the single-valued
form y = y(z), with y twice differentiable, exists. (The inequality (111) is meant to
exclude the identical vanishing of (8%/9y’?) in the interval.)

(b) Show that the function f for the geodesic on a surface of revolution in 3-5(d)
satisfies the conditions of (a).

9. Show that, if y1 = ys, no catenary of the family (45) passes through (z,y:) and
(z2,y2) if

_ p Ty — 117
cosh p < 2y (112)

where p is the negative root of
p sinh p — cosh p = 0. (113)

Hint: First show that a = 3(z: + z:) when y; = y, and let p = [(z: — a)/b]. Next
show that equality of the two members of (112) is required for a catenary to pass
through both end points. Hence, if the mazimum of the left-hand member of (112)
is less than the right-hand member, there is no p for which equality can obtain. Show
that the maximizing p is the negative root of (113).

Approximately, (112) reads (z, — z1) > 1.32y:.

10. Use Euler’s theorem on homogeneous functions (2-5) to prove that the first
integral (59) reduces to an identity, with C; =0, when f is homogeneous in
%Y ...,z2of the first degree.

11. (a) Show, in 3-10(a), that, if neither end-puint value is prescribed, both (76)
and (77) must be fulfilled.

(b) Generalize the result of (@) to the case of several dependent variables.
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12. Derive the result of 3-10(a) as a special case of the result of 3-10(c) by choosing
g(z,y) = 2 — z2. NoTe: The notation (dg/dz:) is an abbreviation for (d¢/dz)
evaluated at z = z;, ¥ = ys—and similarly for (dg/dy2).

18. (a) Show that, if
f=p=y) V1+y?

the condition (85) requires the orthogonality of the extremizing arc and the given
curve g(z,y) = 0, for all p(z,y).

(b) From (a) it follows, with the result of 3-4(a), that the arc which extremizes
the length from a fixed point to a given plane curve is a normal drawn from the fixed
point to the curve. Using the methods of elementary differential calculus, demon-
strate the role played, in determining whether the normal represents a minimum or
maximum distance, by the position of the center of curvature of the given curve at the
point to which the normal is drawn. In what case is the distance neither a minimum
nor maximum?

14. (a) A brachistochrone is required to be constructed from a given curve
h(z,y) = 0 to a second given curve g(z,y) = 0. What relationship must the two
given curves bear to one another at the respective points of intersection with the
brachistochrone?

(b) A brachistochrone extends from the line y = z + 4 to the parabola y* = z.
Show that the point of intersection of the brachistochrone with the parabola is (1,%)



CHAPTER 4
ISOPERIMETRIC PROBLEMS

We consider in this chapter a class of problems in which the functions
eligible for the extremization of a given definite integral are required to
conform with certain restrictions that are added to the usual continuity
requirements and possible end-point conditions. In the case of greatest
importance for application and extension in chapters following, the addi-
tional restrictions reside in the prescription of the values of certain aux-
iliary definite integrals. We call problems in which such conditions are
involved isoperimetric, after the best known problem of the class—that
of finding the closed curve of given perimeter for which the area is a
maximum. Further, we briefly treat cases in which the additional restric-
tions are expressed through ordinary finite equations or through differ-
ential equations.

4-1. The Simple Isoperimetric Problem

(a) We seek to derive the differential equation which must be satisfied
by the function which renders the integral

1= [" iy )

an extremum with respect to continuously differentiable functions
y = y(z) for which the second integral

J = f: g(z,y,y")dz 2)

possesses a given prescribed value, and with y(z,) = yi, y(®2) = y: both
prescribed. The given functions f and ¢ are twice differentiable with
respect to their arguments.

T“ accanNa uaro ‘Fn’“nnr +1’\D “I‘OCeI‘]IIY‘D f\'F 3,3{;\\ l‘\" ]O++‘“ )
A9 3 s \V) ~ AT v

1 o
A4l UOOULILVUY VWU 4UVLIUYY viiv i wiv J iiiE Y

actual extremizing function and introducing a family Y(z) of ‘“com-
parison’’ functions with respect to which we carry out the extremization.
We cannot, however, express Y (z) as merely a one-parameter family of
functions because any change of value of the single parameter would in
general alter the value of J, whose constancy must be maintained as pre-
scribed. For this reason we introduce the {wo-parameter family

Y(z) = y(x) + em(x) + ems(x), 3)
48

~
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in which n.(z) and n:(z) are arbitrary differentiable functions for which
n(@y) = m(rz) = 0 = ns(x1) = n2(2). (4)
The condition (4) ensures that
Y(z) = y(z1) =y  and Y(z2) = y(z2) = ys,

as prescribed, for all values of the parameters ¢, and e,.
We replace y by Y(x), given by (3), in both (1) and (2) so as to form
respectively

Ieve) = [ 1@V, Y")de (5)

o
-

Jene) = [ 9,7, V)da. ()

Clearly, the parameters ¢; and e; are not independent; because J is to be
maintained at a constant value, it is clear from (6) that there is a func-
tional relation between them—namely,

J (e1,62) = constant (prescribed). (7

Since y(x) is assumed to be the actual extremizing function, we have,
because of (3), that (5) is an extremum with respect to values of e, ¢
which satisfy (7), when ¢; = ¢ = 0—for ‘arbitrary choice of the func-

$iona . and m panaiatant with (4) (T+ ahnanld ha nated +hat tha dafinits
U1ULLD 7[1 au.u l’2 LUuULIDID LTI L Wlbll \‘I/ \1v ouuuxu VGO 11vuuvou viia v ulio uculu UJ.UII

of y(z) implies that (7) is satisfied for ¢; = ¢, = 0.)

(b) The procedure of (a) above reduces our simple isoperimetric prob-
lem to the elementary task of determining the conditions which must be
fulfilled in order that the ordinary function I(e;,e2) of two variables €, e,
be an extremum under the restriction (7). To solve this problem we use
the method of Lagrange multipliers described in 2-6. We thus introduce
the function of ¢, €

* = Ieyer) + M (ee) = [7 4@ Y,Y")dz, 8)
where, according to (1) and (2),
=1+ M 9)

The constant M\ is the undetermined multiplier whose value remains to

be determined by the conditions of each individual problem to which the

method is applied. Thus, according to 2-6 and (a) above, we must have
aIr*  aI*

e = 30 = when ¢; = ¢ = 0. (10)
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From (8), with the aid of (3), it follows that

ol af* o af* ar o 1 of 5) \
de; = _/:n iai—} ? + j’— Y —a—;i do = _/zx ia—J—I w o+ a—.’l; "7;} de
G=12. (1)

Setting e, = €2 = 0, 8o that, according to (3), (Y,Y’) is replaced by (y,y’),
we thus have that

6[* T2 a* of* , .
3:.0’“[ ‘J’y”"“LEfz?"fJ =0 G=1m 13
j 1

because of (10). (The symbol |, indicates the setting of ¢; = €2 = 0.)
Integrating by parts the second term of the integrand of (12), we obtain,
with the aid of (4),

[ z2 lafgr: d /611-*\\ )
Ju ey ~wm\ap)j =0 G=rA 09

Because of the arbitrary character of the functions 7:(x) and 5.(z) the
two relations embodied in (13) are essentially one. At any rate we apply
the basic lemma of 3-1(a) to either and so obtain the differential equation

af*  d (of*\ _

T () - 4
as the Euler-Lagrange equation which must be satisfied by the function
y(x) which extremizes (1) under the restriction that (2) be maintained
at a prescribed value. »

Solution of the second-order equation (14) yields a function y(z) that
involves three undetermined quantities: two constants of integration and,
because of (9), the Lagrange multiplier \. If the solution of a given iso-
perimetric problem of the type under discussion exists, these quanti-
ties are fixed by fitting y = y(x) to the required end-point conditions
y(z1) = ¥, and y(z2) = y. and by giving to the integral J of (2) its
prescribed value.

4-2. Direct Extensions

Since the methods embodied in the paragraphs following are essentially
identical with those employed in 4-1 and in various sections of Chap. 3,
each result is stated with only a bare outline of the mode of derivation.
Many of the details are called for in exercises at the end of this chapter.

(a) In a somewhat more general isoperimetric problem than that which
is treated in the preceding section, we seek to extremize the integral

I=["j@yy)de (15)
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with respect to continuously differentiable functions y(z) for which the
N integrals

Je= [Co@yydds (k=12 ... N (16)

possess given prescribed values, and with y(x1) = y,, y(x2) = y. both
prescribed. By introducing an (N + 1)-parameter family of compari-
son functions Y (z) and subsequent application of the method of Lagrange
multipliers as in 4-1(b), we should directly reach the conclusion that the
extremizing function y(z) must satisfy the Euler-Lagrange equation (14)
of 4-1(b), where here

N
r=r+ Z Mg (17)

k=1
the constants Aj, Xy, . . . , Ay are the undetermined multipliers whose

values we may ascertain through the specific conditions imposed in any
given problem. The details are left for exercise 3(a) at the end of this
chapter.

(b) A combination of the argument carried out in 4-1 with that of
3-10(a) yields the conditions which must be satisfied by the extremizing
function when one ¢r both of the end-point values is left unspecified in
an isoperimetric problem. If neither end-point value is prescribed for
the functions eligible for the extremization of (15), with the condition
(16), we must have

af*
5? =0 for z = z, and = = z9; (18)

f* is given by (17). If one, but not the other, end-point value of y is
prescribed, the actual extremizing function is such that (18) is satisfied
at the other end point.

(c) Application of the analysis of 3-10(c) to the isoperimetric problem
in which one end point of every arc y = y(x) eligible for the extremization
Q

auired to lie on the curve A(z.2) = 0 vields the condition
quired to lie on the curve h(zx,y) () yields the condition

af* (8h/3y)f* _
a9y’ (0h/dx) + y'(dh/dy)

0 (19)

that must be satisfied by the extremizing function at the end point in
question. Again, f* is given by (17) of (a) above.

(d) We may combine the argument of (a) above with that of 3-8(a)
to arrive at the system of differential equations which must be satisfied
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by the functions which extremize the integral®

o ftz . . .

I = jh Sy, . .22y, ... 2 0dE (20)

with respect to continuously differentiable functions x(¢), y(¢), . . . , 2(¢)
for which the N integrals

t2 .
Jo= [Coay, . opaa . gbd (k=12 ... ,N) QD)
possess given prescribed values; it is further supposed that the eligible
functions z, ¥, . . . , #z achieve prescribed values at ¢t = ¢; and ¢ = ¢,.
The required equations are

(AN o L _d(a)
oxr dt\dz) oy dt\oy/) T

ot d (o) _
5 32(792) =0, (22)

where f* is given by the expression (17), but in which f, g1, g2, . . . , gn
are the functions which appear in the integrands of (20) and (21).

(¢) The methods and results of 3-4(a,b) and 3-8(b) are directly appli-
cable to isoperimetric problems:

(1) If f* is explicitly independent of the dependent variable y, a first
integral of the Euler-Lagrange equation (14) is

n rodke

Cl'— =
oy Ch, (23)

where C, is an arbitrary constant.
(ii) If f* is explicitly independent of the independent variable z, a first
integral of the Euler-Lagrange equation (14) is

*
y % e 24)

L
~—
~—

with C, an arbitrary constant (not necessarily the same as C;in (2
LI3IN TL L% S ommrmdoanalo o Y Tt L ul i Aaan A
(111) 11 J° 15 CXPILICIuUlYy 1HIUCpPCIIUCLIL Ul VT HHIUCPOLIUCL

integral of the system of equations (22) is

of* . . of* af* . *
. =9 .. =z f*= 2
aybx+ayy+ +55 i =0 (25)

where () is an arbitrary constant.

1 As in 3-8, the superior dot denotes differentiation with respect to the independent
variable ¢.
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(f) The argument and results of 3-9 are directly applicable to the iso-
perimetric problems of (a), (b), (c) above (and therefore to the special
case of 4-1); that is, although the derivation of (14) is based upon the
tacit assumption that the extremizing function y(z) is a single-valued
function of z, we may accept as valid any solution of (14)—satisfying
the pertinent set of end-point conditions—in which the single-valuedness
requirement is violated. (The remarks of 3-9(b) must of course be taken

into account.)

4-3. Problem of the Maximum Enclosed Area

(a) The original isoperimetric problem may be stated as follows: We
consider the aggregate P of all closed non-self-intersecting plane curves
for which the total length has the given value L. Of these we seek one
for which the enclosed area 1s the greatest.

With the means at our disposal it is necessary that we make the restric-
tive assumption that the parametric representation

=2z, y=y@ (26)

of any member of the aggregate P is such that the functions (26) are
continuously differentiable with respect to ¢. But without loss of gener-
ality we may suppose that the representation (26) describes any given
curve of P in the counterclockwise sense as ¢ increases from ¢; to t3; since
the curve is closed, we have z(t) = z(f:) = 2o and y(t) = y(t2) = ¥o.
It 1s no essential restriction to suppose that ¢, ¢, 2o, yo have respectively
the same values for every member of P.

According to 2-7(c) the area enclosed by a given member of P as
described by (26) is the integral

t2
I=3% [ @i -y, (27)
where £ = (dz/dt), y = (dy/dt). The total length of the curve, given by
J = [“\/dcz T dt, (28)

has the sajne value L for every member of P. We seek the particular
functions for which (27) is an extremum (maximum, in the present case)
with respect to functions z(¢), y(f) which bestow upon (28) the given
value L and for which z(t;) = z(t2) = o, y(t1) = y(t2) = yo.

From 4-2(d) we have that the maximizing functions must satisfy the
system of equations (22)—namely,

f_i af* _ af* d af* _
53 dt<5?c)—°’ 65‘«%(’@)“’ (29)
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—where, according to (17), (20), (21), together with (27) and (28),

Lode

f* = d(ey — y2) + AN VE + 52 (30)
Direct substitution of (30) into (29) yields

1 Az
- = — =90
t( 2y+\/¢2+y2> ’

1. __df1 Ay
. —_ T — 21X —_— =O,
5 d <2 MRV y?)

from which we obtain, by direct integration with respect to ¢,

y—--——Mc = C, x—i————)\y =C 1)
VEtg VEtg (3
with C; and C, arbitrary constants.

With the introduction! of (dy/dx) = (y/%) both of (31) may be inte-
grated in a conventional manner. We achieve the same result, however,
by solving for (y — C,) and (z — C,), then squaring and adding the
equations obtained:

1
<
&l

(—C)P+ (y — C))? = (32)

Thus we have the well-known result that the closed curve of giveny
perimeter for which the enclosed area is a maximum is a circle.? Since
the location of the circle is immaterial the constants of integration C,

4T AVVHKLAVLIL VL VAT VAT IS AT LIAE vill CULUISTRIILS AW i uail

and C,—the coordinates of the center, according to (32)—remain arbi-
trary. Also, since A? is the square of the radius, we have \? = (L/2r)?
where L is the given perimeter.

(b) A problem closely related to the original isoperimetric problem is
the following: We consider the aggregate P’ of all non-self-intersecting
plane arcs for which the total length has the given value L’ and whose
end points lie on the z axis. Of these we seek one for which the area
enclosed by it and the x axis is the greatest.

For the sake of simplicity we let ¥y = y(z) represent any member of

+ha agoranca +tnd3 D! and walke the rogtrmiotive aaanimntion +that 202} e
|2 8i) abbl Céa; v £z alii  1i1anc UVILIT 10D0UV11Iuvulyo aDDullly vivil viiavv y \W} 1o

continuously differentiable. Without loss of generality we may suppose
that the left-hand end point is fixed at the given point (z,,0); the right-
hand end point (z,0) is unspecified.

1 See end-chapter exercise 5.

2 In view of the restriction that z(f) and y(¢) be continuously differentiable for all
functions eligible for the maximization, our result, strictly, should read *“ . . . that
the closed smooth curve. . . .”

2 The choice of this type of representation is justified in 4-2(f).
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The area enclosed by any member of P’ and the z axis is given by
fzy

I= [ ydz; (33)

the total length, equal to the fixed value L’ for every member of P/,
is given by

- [ " VT 4y ds. (34)

We seek the equation of the particular arc for which (33) is an extremum
(a maximum) with respect to arcs y = y(x) whose left-hand end points
coincide at (z,,0), whose right-hand end points lie on the curve y = 0,
and which give to (34) the prescribed value L’.

To this end we apply the Euler-Lagrange equation (14) of 4-1(b) to
the integrand

F=y+rV1+9y? (35)
derived from (33) and (34). We thus obtain

d Yy )
g () =0
whence, by direct integration,
Ay

— =g — (..
Vit O
From this it follows that
dy — +(z — Cy)dz
YTV —G@-Gp

and therefore that

=F VM= (- C)+ C,

or

(z—C)2+ (y — Cy)? =A% (36)

To derive the condition which must be satisfied at z = z, we apply

aha A_rnaint malatian 10) af 4A.9/n 46 tha intagrand 28 w4k .. N

llllU Ullu pUlllD lcluuuu \J.U} Vi I H\b} vV uiicT uxucs aa 1l \OU}’ 1U1l y = yv
as the curve h(z,y) = 0. With this we obtain

’ - /1 ’2 .
AY _ytA ty =0 at z = o

Vito %
or since y = 0 at £ = z; and since A = 0 is ruled out by (36), we have
1

e @)
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The fulfillment of (37), clearly, is possible only if the maximizing arc
possesses a vertical tangent at £ = z,. This fact, combined with (36),
directly implies that the required arc is a semicircle of radius (L//x).

4-4. Shape of a Hanging Rope

We may apply the result of 4-1(b) to the problem of determining the
shape of a perfectly flexible rope of uniform density that hangs at rest
with its end points fixed. The basis for this application resides in the
physical principle which states that a mechanical system in stable equi-
librium is characterized by a minimum of potential energy consistent with
its constraints.

With the trivial assumption that the rope hangs in a vertical plane
we let ¥ = y(z) be a representative member of the aggregate P of all
possible configurations (in the vertical plane determined by the fixed end
points of the rope) that may be assumed by the rope, consistent with
the facts that its end points are fixed and its total length has the given
value L. The coordinate z is measured horizontally in the vertical plane,
and y is the upward distance from a fixed horizontal reference plane.
(According to 4-2(f) the designation y = y(z) is not excessively restric-
tive in the event y is not a single-valued function of z in the equilibrium
configuration.) Thus, if ¢ denotes the constant mass per unit length of
the rope, the potential energy (relative to y = 0) of an element of length

ds at (z,y) is given by gyo ds, where g is the constant acceleration due to
gravity Annnrdingly, the total potential energy of the rone in the arhi-

LA AR A LAUCVIRAAL vall LLLV&RA NTaivi&ma 4 J S pT Ala VAU Ka aa

trary configuration y = y(z) is given by

I=og [[yds=op ["y~/THyds, (38)

where (z1,41), (z2,42) are the respective fixed end points of the rope
(a:1 < xz).

According to the minimum-energy principle the equilibrium configu-
ration is supplied by the particular relation y = y(z) for which (38) is a
minimum with respect to functions y(z) for which y(z:) = y1, y(x2) = ¥,
and for which the total arc length

J = [ “VIFyide (39)

has the prescribed value L. We may therefore apply the Euler-Lagrange
equation (14) of 4-1(b) to the integrand function

e oy VIF T AVTF I (40
formed from (38) and (39). Since f* is explicitly independent of the
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independent variable z, however, we may use 4-2(¢,ii) and so substitute
(40) into (24) of that section:

/2
N —F=—— — V1 +7y?)=0C,
(agy + ) (\/1 + y,2 y ) 1
whence!
__M_C 409 —a)
y = el cosh C (41)

where a is an arbitrary constant of integration.

Thus, according to (41), the shape of a hanging rope is that of a cate-
nary with vertical axis. By specifying that the catenary pass through
(z1,51) and (z2,y2) and that the arc included between these points have
the length L we may assign values to the constants Cy, a, A which appear
in (41). The construction is always possible (although the actual com-
putation of C;, a, A may involve serious numerical difficulties).

Because a rope (or chain) hangs in the shape of a hyperbolic cosine
this curve has been given the name catenary. (The Latin for chain is
catena.)

4-6. Restrictions Imposed through Finite or Differential Equations

(a) To the problem of 3-8, the extremization of a given integral with
respect to several integrand functions, we add a set of restrictions which

must he satisfied hv the functions elioible for the extremization These

ALAUD VY AT DS UASIIT R ViiT A MLV UAVLLS Tliggiasiv AaVL VaiT TAviviilidouivid, a LRI

restrictions consist of a set of finite or differential equations or a combi-
nation of both, with the total number of equations less than the number
of integrand functions. Specifically, we proceed to derive the system of
differential equations which must be satisfied by the set of functions
which extremize the integral

t2 . . .

A flzy, . .. 259 ... ,2¢0dt (42)
with respect to the k continuously differentiable functions z, y, . . . , 2z
which achieve prescribed values at { = ¢; and ¢ = ¢, and which satisfy

the N given (consistent and independent) equations
Gy, ... .2%49 ...,5H)=0 G=12 ... ,N<k). (43

(If a given Gj is explicitly independent of the derivatives %, g, . . . 2,
the corresponding equation G; = 0 is a fintte, rather than a differential,
equation.)

1 The details are left for the reader; compare 3-7(a).
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As in 3-8(a), we denote the actual extremizing functions by z(f),
y(@), . . ., 2(¢) and introduce the one-parameter family of comparison
functions

X(@O) = xz(t) + ea(®), YO = y@) + &), "
Z(t) = 2(t) + &), (44)

where £, £, . . . , & are differentiable functions for which
&(tl) = Ei(t2) =0 (7' = 1;2; s v e ;k)y (45)

and which are otherwise arbitrary to within consistency with the set of con-
straints—formed by replacing (z,y, . . . ,2) by the comparison functions
X,Y, ... ,Z)in (43)—

GX)Y,... ZXY,...,Zt)y=0 (=12, ... ,N). (46)

We replace, further, (z,y, . . . ,2) by (X,Y, . . . ,Z) in the integrand of
(42) and so form the integral

I = ["fX,Y, ... ZXY, ... Zyd. (47)

Because of the designation of z(¢), y(¢), . . . , 2(¢) as the actual extrem-

izing functions, it follows from (44) that I(e) is an extremum for ¢ = 0;
that is,
I'o) =0, (48)
for any permissible choice of &, £, . . .-, f.
In the manner of 3-8(a) we form the derivative I’(e) of (47) with the

aid of (44)—from which we derive (8X/d¢) = &, (8X/d¢) = £, etc.—
to obtain

“ [ of of of of
ro= [T er s Doy Ty
(e) ; 6X£1+6X 1+6Y$2+6Y£2+
of of ]
— — dt.
+ 57 & + Y, &
Setting ¢ = 0—that is, replacing (X,Y, ... ,Z) by (zyy, ... ,2),
according to (44)—we obtain, with (48),

v [P of of of of

of of _
+&£k+é‘z~ék} dt = 0. (49)

We cannot, however, continue from this point as in 3-8(a) because of
the mutual dependence of the functions £, &, . . . , & as embodied in
(46). To obtain an explicit expression of this dependence we note that
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the N equations (46) are satisfied identically! for all ¢, so that each may
be differentiated with respect to e as follows:

0G; oG; 3G; 0G; 0G; 3G;
—_ — — — e —_— - = O
aXfl+aXé1+anz+aY£2+ +6ka+azék

G=12 ... N

(Here we again make use of (44) to evaluate (0X/de¢), etc.) In particular
for ¢ = 0 we have

oG 0G; 2@1 oG; o 0G; aG; ,

—533_1+%él+6y&+—6_y£2+ +‘é;fk+$§k-—0
(G=12 ...,N), (50)

since setting ¢ = 0 means replacing (X,Y, . . . ,Z) by (z,y, . . . ,2),

according to (44).

Multiplying the jth equation of the system (50) by the unspecified
function u;(¢), forallj =1, 2, . . . , N, we add the left-hand members
(all equal to zero for any choices of the u;) to the integrand of (49) and
so obtain

N
4 (T of 3G, of 3G, o
[, {[a—i-kzuj.g;]&-i-[%-{—zw%]&%-

j=1 i=1

2

N N
0 0G; 0 0G;
+ [554- Z “"a_zj] & + [_é+ Z L]_ZJ] fk} dt
i=1 i=1
“ (oF oF oF oF oF oF
—L{’£$1+5§£1+5§52+@$2+' +£fk+£§k}dt
=0, (51)
where we define
N
F=f+ ) wG: (52)
i=1
Integrating by parts the second, fourth, . . . , 2kth terms of (51), we

get, with the aid of (45),
“([oF d [oF oF d [oF
f,, {[a—‘% %)]"fl*[@‘a('a—y)]“ T
oF d (oF
+ [é‘z‘ — Ez‘t(sz‘)] sk} dt = 0. (53)

Because of the set (50) of N equations among them, we cannot regard
the k functions £, &, . . . , & as being free for arbitrary choice. In

11t is sufficient that they be satisfied identically in ¢ only for a neighborhood about
¢ =0, e
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fact there is some subset of N(< k) of these functions whose assignment
is restricted by the assignment of the remaining (¢ — N). For the sake
of definiteness we suppose that &, &, . . ., & are the functions of the
set whose dependence upon the choices of the arbitrary (to within (45))
Eve1, Evss, - - ., & is governed by (50).! At this point we assign the
unspecified functions p1(f), u2(f), . . . , un(f) to be any set of N functions
which make vanish (for all ¢ between ¢, and ¢;) the coefficients of &,
£, . . ., Evin the integrand of (53). That is, if we let uy, us, . . . , un
denote the first N functions of the list z, y, . . . , 2, the functions u;(¢)
are chosen so as to satisfy

oF d (oF

where uy,1, Unss, - . . , Ur = z denote the final (k¢ — N) functions of the
listz,y, . . .,z Since the functions w41, vz, . . . , & are, to within
(45), completely arbitrary, we may employ the device used in 3-8(a) to
conclude, on the basis of the lemma of 3-1(a), that each of the coefficients

of évy1, En42, - . . , & in the integrand of (55) must vanish individually.
We have, that is,

oF d (oF .

%_(—ﬁ<ﬁ>_0 (’L—N+1,N+2,...,k). (56)
Thus, on combining (56) with (54) and noting that ui, us, . . . , ux con-
stitute the complete list z, y, . . . , 2z, we reach the conclusion that the
k extremizing functions z(t), y(t), . . . , 2(t) satisfy the system of k

Euler-Lagrange differential equations

oF d {aF\ oF  d [oF\
—_—— = — =0’ resdbeniieve rers =O’ ]
dr  dt\oz dy  dt \9y

oF d (oF

Friie d_t<a_z> =0, (57)
where F is given by (52).

1 Although actually some other subset of N functions of the set &, &, . .., &

may constitute the dependent set, the above choice of enumeration can always be
achieved by a proper permutation of the letters z, 5, . . . , 2. The final result is in

no way dependent upon our specific choice.
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We must, actually, consider the system of (N + k) equations, con-
sisting of the combination of (43) and (57), as being required for the
determination of the (N 4 k) unknown functions z, y, . . ., 2, u,
B2y o o vy M.

(b) As a first application of the result of (@) above we consider (with
certain obvious changes in notation) the problem presented in exercise
7(a), Chap. 3; that is, we seek the differential equation satisfied by the
function which extremizes

t’ O ..
1= [" .0 (58)
with respect to twice-differentiable functions y(¢) for which y and 7 are
prescribed at § = f and ! = f.\ (Rv 'y is n}eaut, of course, H'\o eonn»n/]

derivative of y With respect to t.) To bring this problem within the

aonna of /n\ we rey writa (RR) ag
SCOPC U1 \&; WC ICWIIWC (05, as

I= ["fweiba (59)

and accordingly affix the condition—which plays the role of (43) with
N =1—
z—qgy=0. (60)

(Thus the second function z is prescribed at ¢t = ¢; and ¢ = {5.)
In accordance with (52) we employ (59) and (60) to form

F =flyzzt) + u(t

With (61) the system of differential equations (57) here reads

af of of
+dt_’ Eri dt()'o‘

Eliminating the function u between the two equations and then elimi-
nating z by means of (60), we obtain the single differential equation

% dt(af)+ dt2<af) 0 (62)

which must be satisfied by the function y(f) which extremizes (58).

(c) The special case of (a) above in which the equations (43) are all
finite equations is directly applicable to the geodesic problem considered
in 3-5. The distance between two given points in space, as measured
along the smooth arc z = z(t), y = y(¢), z = 2(f) connecting them, is
given by the integral

- [*vETEF a4 (63)
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where ¢; and ¢, are the values of ¢ which respectively designate the given
points. If the arc is required to lie in the surface

G(z,y,2) = 0, (64)

we may thus state the general geodesic problem as follows: We seek the
functions which extremize the integral (63) with respect to continuously
differentiable functions z, y, z which satisfy (64) and which are prescribed
at ¢t = t;and { = ¢,

To solve this problem under the jurisdiction of (a) we use (63) and
(64) to form, according to (52), the function

F= /&4 9+ 2+ u@®)G(=,,2). (65)
With (65) the Euler-Lagrange equations (57) read

oG _d(8\_o L0 _d(i\_, ,9_d(d_
"%"EKQ‘O”%y aﬁ)-m o> d&»-o,wm
where, for sake of brevity, we write

j=vEFTFETE=% (67)

[The final form of (67) is employed in exercise 10 at the end of this
chapter.] The function u(f) is eliminated from (66) to give the pair of

equations
a()_a(9) _a0)
dt\f) _dt\f) _dit\f
36 a6~ a6 ) (68)

oz 3y 3z

which, together with the equation of the given surface (64), determine
the equations of the required geodesic arc.

(d) Application of (68) to the problem of the geodesic on the sphere
(solved by other means in 3-5(c)) involves writing

224yt 42t —a?=0 (69)
for (64); a is the radius of the given sphere. Thus we have
(0G/ox) = 2z, (6G/dy) = 2y, (0G/02) = 2z,
so that equations (68) read, in slightly expanded form,

fg—af _ fi—af _j2—¢
2zt 2ft T 27 (70)
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Equality of the first two members of (70), together with that of the last
two, yields the pair of equations

yi —af _ [ _ 2§ — y*

yb =2y 2y -y
or, if we ignore the middle member,
d, . . d, . .
T (yz — zy) _ a (29 — y2)
Yyt — zy 2y — yz

Integrating, we obtain

log (yx — zy) = log (2y — y2) + log C,,

or
yz — zy = Ci(2y — y2);
whence
(i? + Clz _ y.
z+Cz vy

A second integration thus yields

log (x + Ci2) = log y + log C»
or
r — Czy + C]_Z = (

—the equation of a plane through the center of the sphere (origin of
coordinates) whose intersection with the sphere (69) is the great circle
arrived at in 3-5(c).

Although integrating the differential equations (68) presents a simple
task in the special case (69), the integration problem is in general quite
difficult. The major advantage of the method of (¢) above is that it
leads quite directly to an important theoretical result from the stand-
point of differential geometry. This result is given explicitly under
exercise 10 at the end of this chapter.

EXERCISES

1. Suppose that, in the solution of a specific isoperimetric problem, computation of
the Lagrange multiplier yields the result A = 0. What is the significance of this
result?

2. (a) Demonstrate the following reciprocity relationship for the simple isoperi-
metric problem: The particular function which renders I an extremum with respect to
functions which give J a prescribed value also renders J an extremum with respect to
functions which give I a prescribed value. (The relationship does not, however,
apply to the special circumstance referred to in exercige 1.)
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() Use part (a), together with the result of 4-3(a), to establish the result: Of all
simple closed curves enclosing a given area, the least perimeter is possessed by the
CLICIC.

8. (a) Carry out in detail the procedure outlined in 4-2(a) in order to achieve the
result stated there. Why is it necessary to introduce an (N + 1)-parameter family of
comparison functions?

(b) Bring the problems of 4-2(b,c) to a point where the results of 3-10 may be
directly shown to apply as stated.

(c¢) Carry out the details of the argument required to achieve the stated result of
4-2(d).

4. Why do we not apply equation (25) to the problem of 4-3(a)? Hint: Compare
exercise 10, Chap. 3.

5. Carry out the integration of the equations (31) by direct means with the aid of
the suggestion given in 4-3(a) directly below (31).

8. Work out the problem of 4-3(b) by using (24) of 4-2(e) rather than (14) of 4-1(b).

7. (a) A rope of given length L hangs in equilibrium between two fixed points
(21,51) and (z.,2) in such faghion that the distribution of its mass M is uniform with
respect to the horizontal; that is, (dM/dz) = a, a given constant, in the equilibrium
configuration. Show, by means of methods developed in the foregoing chapter,
that the shape of the hanging rope must be parabolic. HiNT: A certain quick,
thoughtless attack upon the problem yields a circular shape; this is of course wrong!
A second, swindling approach makes use of equation (24) of 4-2(e) to obtain a parabolic
shape, but this is likewise wrong. A thoughtful approach takes into account the
precise nature of the comparison of the potential energy of the rope’s equilibrium
configuration with other configurations consistent with the constraints; this leads to
the required answer

Cily — C5) = ta(z — Cy)2 Y

anv danandansa 1inan a
Qily WUCTPUUUTUUT upUll o

Lagrange multiplier—since C,, Cs, C; a ntroduced directly as integration constants
—show that

ronflir r‘e\n\l/‘ f

C1 = aCs + ), (72)

where X\ is the Lagrange multiplier introduced to fulfill the requirement that the length
of the rope be the same in all its compsarison configurations. HinT: Prove and use the
fact that (ds/dz) = 1atz = Cy,y = Ci.

What relation between C; and C. replaces (72) if we require that the total mass,
rather than the length, of the rope be kept constant and so introduce the multiplier A’?
ANSWER: Cy, = a(Cs + \).

. (a) Work out the problem of 4-5(b) by rewriting the integrand of (59) as f(y,y,,t).
A NewER: Result (R‘)\ unchanead

ANTSLA Y RALALLQNETG.

(b) Generalize the method of 4-5(b) so as to solve exercise 7(c), Chap. 3. ANSWER:

o _d (o A _ e & i,
oy  dt 5&'+dt2( + D ay<»>)

where y™ = (dry/dir).

(¢) Derive the condition which must be satisfied at an end point ({ = {1 or t = t3)
at which any one of the functions z, y, . . . , 2z introduced at the start of 4-5 is not
required to have a prescribed value. ANnsweR: If, for example, z(t) is not prescribed
att =t (ort = {;), we have (0F/3z) = 0att =, (or i = i2).
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(d) Apply the result of part (c) to exercise 7(b), Chap. 3 as an extension of the
method of 4-5(b).

8. (a) Derive the differential equation which must be satisfied by the funection

@. (g, werve e Al L 1

which extremizes the integral

4]
= f fzy,y'y')dx
x1

with respect to twice-differentiable functions y = y(z) for which

z2 ’ r
J = L 9(z,y,y,y'")dz

possesses a given prescribed value, and with y and y’ both prescribed at z = z; and

r = 2.
(1) Use the method of 4-1 to show, first, that

[ ( LanLtw ) dz = 0, (73)

where f* = f 4 Ag, and 5 is arbitrary to within consistency with the end-point
conditions.
(ii) Combine the method of 4-2(d) with that of 4-5(b) to achieve the required result.
(b) Show that leaving y unspeciﬁed at either end point leads to the condition

af* _ af * ) -
3y 0 (74)
at that end point.

(c) Show that leaving y’ unspecified at either end point leads to the condition

I _o (75)

at that end point.
[The results (73), (74), (75) are required below in Chap. 10.]
10. Use the final form of (67) to show that (68) implies

d’z/ds* _ d%y/ds? _ d%z/ds?
aG/ox ~ aGJay  8G/az’

In the language of differential geometry this result demonstrates that the principal
normal to any point of a geodesic arc lies along the normal to the survace G(z,y,2) = 0
at that point.

11. (a) It is required to extremize

T2
= [t@yy)dz + Fw)
with respect to functions y(z) and values of the quantity w for which
x:
= [Po@uy)az + 6w)

has a prescribed value, with y prescribed at z; and z,; F and G are given differentiable
functions of w. Show that the required extremum is achieved if

%f ("f *) and  F*(w) =0, 76)



66 CALCULUS OF VARIATIONS

where f* = f + \g and F* = F + AG. HiNT: Introduce, in addition to the two-
parameter family (3) of 4-1(a), the variable W = w + e1y1 + €272, where v; and y; are

arhitrarvy constants and an farm Tfle. 2.) and J(.. 2.\ o
a&roivrary Consvants, &anG 80 iorm £ \&i,¢z) &nG v \&i,¢z). iLIC.

(b) Apply part (a) to the following problem: A perfectly flexible uniform rope of
length L hangsin (unstable) equilibrium, with one end fixed at (z1,51), 80 that it passes
over a frictionless pin at (zs,y2). It is clear from the first of (76) and 4-4 that the
portion of the rope extended between the two given points hangs in the form of the
catenary (41), What is the position of the free end of the rope? ANSWER:
(T3, —N/og).



CHAPTER 5
GEOMETRICAL OPTICS: FERMAT’S PRINCIPLE

The brachistochrone problem (3-2,6) was first solved by Johann Ber-
noulli through application of the laws of geometrical (or ray) optics.
His method of solution has its basis in the principle of Fermat, which
states that the time elapsed in the passage of light between two fixed points is
an extremum with respect to possible paths connecting the points. In this
chapter we accept Fermat’s principle as the fundamental characterization
of geometrical optics and so develop the ideas underlying the Bernoulli
solution.

In what follows we consider only those light paths which lie in a
plane—z = 0, for the sake of definiteness.

5-1. Law of Refraction (Snell’s Law)

(a) Fermat’s principle clearly implies that the light path between two
points in an (optically) homogeneous medium is a straight line con-
necting the points. For since the velocity of light is the same at all
points of such a medium,' the extremum (minimum) of time is equiva-
lent to the extremum (minimum) of path length. Thus, in studying the
passage of light between points in two contiguous homogeneous media,
we need to consider as possible paths only those which consist of a pair
of connected straight-line segments, with the point of connection at the
common boundary of the media.

We apply Fermat’s principle to the passage of light from the point
(x1,y1) in a homogeneous medium M to the point (z2,y2) in a homogeneous
medium M, which is separated from M, by the linef y = yo (z1 < x2).
The respective light velocities in the two media are u, and u. (see Fig.
5-1). If we designate the point of intersection of an arbitrary two-seg-
ment path with ¥ = yo as (z,0), the time of light passage along the path
would be

po Ve -2+ @ —yx)2+\/(x2 — )" + (y2 — yo)?

Uy Ug

1In fact the constancy of velocity defines the “optically homogeneous medium.”
1 Actually, a plane separates the two media. Since we confine our attention to the
plane z = 0, however, it is more convenient to speak of a line as separating them.
67
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According to Fermat’s principle, therefore, the actual light path is char-
acterized by the value of x for which

aT T — I Ty — X

dT _ . =0,
iz  u vV —2)i+ W — Y1) u NV (@ — 2)E + (Y2 — yo)?
or

sin ¢  Sin ¢
= b

U Uz

(1)

where ¢, is the angle between the normal to the interface y = y, and the
path in M, and ¢ is the corresponding angle in M,. The relation (1) is

M. l‘\¢N _

Y

" (2,9,
Fic. 5-1. Fic. 5-2.

known as Snell’s law of the refraction of light at the interface of two
homogeneous media. Experimentally, it is established beyond all doubt.
(b) We consider now a set of N contiguous parallel-faced homogeneous

media M,, My, . . . , My (in order of position), where the interfaces are
lines of constant y (see Fig. 5-2); the light velocity in M; is denoted by
w (=12, ... ,N). Since the interfaces are parallel, the angle ¢;

which a given light ray makes with the normal to one boundary of M;
is equal to the nhg]p 1t makes with the normal to the opposite boundary

A UV VaAAT RadpiVU 2V 22U YYiUis Vaal 2201 2iBi VAT UDiLT DO

of M, (j =12, ... ,N). Thus the Snell’s-law relation (1) may be
applied to the successive interfaces as follows:

sin ¢ _ sin b2 — e e e = sin éx
w o Uz S
or
S_ln___.¢j = K (j = 1)2; LI )N)’ (2)

Ui
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where K is a constant for any given light path. (The value of K is
determined by the orientation of the path segment within any one of

A within M. for examnle )
UIIU AVL § WI1UM1Il 4 j, 202 CAGLLPEs,. )

(c) Next we consider a single optically inhomogeneous medium M in
which the light velocity is a single-valued continuous function of the y

coordinate; 7.e., we have
u = u(y).

(The medium is assumed optically isotropic: The velocity at any point is
independent of the direction of the light path through the point.) To
arrive at the law which describes the configuration of a light ray con-
necting any two points of such a medium, we first approximate M by a
sequence of parallel-faced homogeneous media M., M,, . . . , , My having
the character of the arrangement described in (b) above. The hght
velocity 4; within M; is chosen to be equal to u(y) evaluated at some
point between the (y = constant) lines which bound M.

The light path through the sequence of subdividing media is a polyg-
onal line, the orientation of each of whose segments is described by the
extended form of Snell’s law (2). The smaller the width of the individual
subdivisions and the larger their number N, the closer is the approxi-
mating arrangement to the actual medium M ; and, therefore, the closer
an approximation is a given polygonal light path through M,, M,, . . .
My to an actual light path through M. As we improve the degree of
approximation indefinitely by letting N increase without limit and hav-

ino the unr'“']'\ of cach cuihdivigion annrnash zara tha ralatinon 92) annliag
LLLa vaaiw YV AVAVILIL UL UWUVAL DU JVAL ¥V IDAVLL WPPI W VAL LA U’ Viiv Awvicvvivis \Hl wyyll\/g

at every stage of the process. In the limit in which the approximation is
perfect, (2) describes the direction, at any point, of the tangent line to
an actual light path in M. We therefore rewrite (2) as

sin ¢ - K 3)

U

where ¢ and u are continuous functions of y.
If y = y(z) is the equation of a light path in M, we have (see Fig. 5-3)

that y'(z) = cot ¢, so that
1

Vity?
Thus, for a medium whose optical properties are described by the given
velocity function u(y), (3) reads, with the aid of (4),

(4)

sin ¢ =

1

— =K
u+/1+ y ©)
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«g, first-order differential equation whose solution is directly found to be

z=+K [ AW (6)
_/ V1 — K2
The constant K and the constant of integration are fixed by specifying

two points through which the light path is required to pass, provided
such a path actually exists.

Y

<
//

A

y=y (z)

F1c. 5-3.
6-2. Fermat’s Frinciple and the Calculus of Variaticns

In this section we traverse a second path of reasoning to achieve the
results (5) and (6) for a light path within a medium in which the light
velocity varies continuously as a function of one cartesian coordinate.
Here we express Fermat’s principle directly as applied to an inhomo-
geneous medium: If the velocity of light is given by the continuous func-
tion » = wu(y), the actual light path connecting the points (z1,y:) and
(z2,y2) is one which extremizes the time integral

(@ gy (o T,

r= ./(:n.m) —; - ./zx U o (7)

(This statement of the principle is correct even if v = u(z,y).)
According to 3-3 we thus have that y = y(z)—the equation of the
actual light path—must satisfy the Euler-Lagrange equation (25) of that

section, with
V1 +y7?
= —

f ="

8
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the integrand of (7). Since f is explicitly independent of z, however, we
may employ directly the first integral (28) of 3-4(b)—namely,

' _ e
V55 —f=Cu (©)
With (8), equation (9) reads
y*? vI+y®_,
— — = 1y
u/1+ y? u
or
uV1+y?

Clearly, (10) is identical with the result (5), derived on the basis of Snell’s
law, with the constant C; identified with —K. Thus (10) also leads
directly to (6), with the same identification of constants.

We have in (6), therefore, the solution of a problem in the calculus of
variations—the problem of finding the function for which the integral
(7) is an extremum—obtained by methods other than those which are
peculiar to the calculus of variations. The methods employed to achieve
this solution are those of geometrical optics, together with a limiting
process following upon the approximation of an optically inhomogeneous
medium by a sequence of homogeneous media.

If, for example, we choose the velocity function to be

u(®) = vV2¢(y — yo)s

where y, and g(> 0) are given constants, the time integral (7) becomes
identical with the integral (16) of 3-2(c), whose extremization results in
the solution of the brachistochrone problem. Through the procedure of
5-1, therefore, the solution of the brachistochrone problem is effected by
means of geometrical optics. In essence, this is the method employed
by Johann Bernoulli to solve his brachistochrone problem at the end of
the seventeenth century.

EXERCISES

1. (@) Write down the integral which must be extremized, according to Fermat’s
principle, if the light paths are not restricted to plane curves, and with u = u(z,y,2).
Let z be the independent variable.

(b) Write down the pair of Euler-Lagrange equations (again with z as independent
variable) which describe light paths in three dimensions if 4 = u(z,y,2).

2. Describe the plane paths of light in the (two-dimensional) media in which the
light velocities are given respectively by (i) v = ay; (i) (a/y); (i) ay?; Gv) ay};
wherea > 0,y > 0.



CHAPTER 6
DYNAMICS OF PARTICLES

The material of the ensuing chapter is based upon an assumed knowl-
edge of only the most elementary concepts of particle dynamics.? Ade-
quate comprehension of the subject matter should therefore require
negligible background in physics. On the other hand this chapter can-
et ha amnagidarad ag a qgiritahla S;mdnaderatinm $a an tmbangivra gbizdes ~F
IHHOUL P CUIIDIYUCTITU ad a4 dUuludiuliv 111ui1VUuUuvLvuivlil vt all 1I1IuCIIDIVE buuuy UL
particle dynamics. It is meant, rather, to provide a glimpse of the role
Voo T L dba anlaiiliia ~Af vraviatinng 1 oo areall cacrmarnd ~f Ao ool o)
pluycu Uy Ll CalCulius Ul vallaululls 1l a sluall SCERIICIL U1 Uynaluucs anu
to serve as a springboard for several of the problems considered in chap-
ters following. The discussion is confined to nonrelativistic, or “classi-
cal,”’ phenomena.

6-1. Potential and Kinetic Energies. Generalized Coordinates

(a) We consider a system of p particles subject to given geometric
constraints and otherwise influenced by forces which are functions only
of the positions of the particles. (The geometric constraints, which do
not vary in time, may consist, for example, of the confinement of certain
of the particles to given curves or surfaces, or of the constancy of the
distance separating certain pairs of the particles, etc.) Specifically, the
force acting upon the jth particle (at z;y;2;) of the system (apart from
the forces of constraint) has the cartesian components F® F& F?
(=12, ...,p), which are functions of the 3p position coordinates
Z1, Y1, 21, . .- . , Tp, Yp, 2p Of the particles of the system.

In all but the final section of this chapter we confine consideration to
the speeial type of force system—‘‘ conservative’’ system—for which there

exists a single function V = V(zy,y1,21, . . . ,Zp,Yn2p) from which we
may derive the 3p force components as
aV 1% aV .
Fz axj; Fy ayj) F, 3z; (] 1,2, .« .. ,p)
(1)

The function V is called the potential energy of the system; we do not
concern ourselves here with questions of its existence or determination in
specific physical situations: For purposes of this chapter the statement of

: In particular the terms mass and force are employed here without definition.
72
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a conservative-dynamics problem involves three given elements: (i) the
number and respective masses of the particles, (ii) the geometric con-

(b) The kinetic energy of a particle is defined as the quantity
3m (ds/df)? = dm(22 4+ 32 + 22),

where m is the mass of the particle and® (ds/dt)? = (¢? + 42 4 2?) is the
square of the velocity of the particle. For a system of p particles the
kinetic energy is defined as the sum

4
T =§ ) m@+ g+ &), (2)

i=1

where m; is the mass of the jth particle. Since the mass is never nega-
tive, we have the inequality 77 = 0, with equality holding only if the
system is at rest.

(¢) The effect of constraints upon a system of p particles is to reduce
the number of independent coordinates describing the positions of the
particles. If the constraints are completely specified by the ¥ (< 3p)
consistent and independent equations

¢,-(x1,y1,21, « .. 7$P7ymzp) =0 (7' = 1727 L ;k); (3)

the number of independent coordinate variables is (3» — k); the equa-
tions (3) may be used, at least in principle, to eliminate the remaining &
variables from the problem.

It is more convenient, however, to introduce a set of 3p — k) =N
independent variables qi, g2, . . . , g~ through which the positions of all
p particles are described. Thus the equations of constraint (3) are in
effect replaced by the equivalent system of 3p equations

Tj = zj(Ql, e ,QN), Y; = yi(qu ... ;qN)) 2 = zf(qlr ... ,QN), (4)

for j =1, 2, ..., p. The variables ¢1, ¢3, . . . , gy are known as
generalized coordinates; specification of their respective values estab-
lishes, through (4), the positions of the p particles—and always con-
sistently with the geometric constraints imposed upon them.

The choice of a set of generalized coordinates for the description of the
positions of a particular system of particles subject to given constraints is
not unique; but the number of such coordinates which must be employed
is perfectly definite: It is the smallest number of variables required to
describe completely the position configuration of the system when the
constraints are known. For example, a particle confined to a given sur-

! Throughout this chapter, and frequently in chapters following, we employ the
superior dot to indicate differentiation with respect to the time variable t.
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face has associated with it two generalized coordinates; a convenient
choice would be a pair of surface-coordinate variables. A particle con-
strained to move along a given curve would require a single coordinate
to describe its position. An unconstrained particle requires three coordi-
nates for the description of its position; it is frequently convenient to
employ the three cartesian coordinates in this case.

(d) To express the kinetic energy (2) in terms of the generalized coordi-
nates qi, gz, . . . , gv we differentiate each of the 3p equations (4) with
respect to time:

N N N
ox; Y; 9z;
. 7 . . 7 . . 7 .
Iy = y Gsy j = 2j = 3o 5
4 /4 304 Yi A 60. % 7 4 005 ¢ ( )
g/ = =
t=] ;-1 t=1
Qn]r\a‘-:l“ tine (R inta (9 wa nhta tha imnartant vaenlée Ths Lainoban
Nuupuivuuiilg \JU) l11vVY & ’ LAY Uuuau.x UIJC lxuyul valliyv 10PULILV. (L "lU '\/'I’(IU'I(IU

energy 1s a homogeneous function, of degree two, of the *‘ generalized velocity
components” ¢y, gz, . . . , gv. More specifically, the kinetic energy is a
quadratic form in the generalized velocity components; the coefficients in
this form are functions of the generalized coordinates.

We assume, in the remainder of this chapter, that the potential-energy
function V associated with any problem is expressed solely in terms of the
q1, q2, - - - , Qn; the corresponding kinetic energy is, until 6-3, assumed
expressed solely in terms of the g1, ¢2, . . . ,q~, G1, G2, . . . , gv. When
these functions are so expressed it is useful to define the lagrangian func-
tion—or, simply, the lagrangian—as

L(g1,q2 - - - w4145 - - . ,4v) =T — V. (6)
6-2. Hamilton’s Principle. Lagrange Equations of Motion

(a) Although Newton’s laws of motion are the most fundamental
mathematical description of mechanical phenomena in general, it best
suits the purposes of our study to assume the validity of Hamzlton’s
principle as the physical law which describes the motion of any system
of the type considered in 6-1 above. The prm(nple of Hamilton reads:

Mho antasnl smntans af n arcfa /wlzn

7
4 e aciuae moLion o7 a SYouvu l € v

(T - V) = L(Q1,Q2, - - - N, ql) q‘2) c .. )qN)
ts such as to render the (Hamilton’s) integral
I=["T - W= [FLa, )

where t, and ty are two arbitrary instants of time, an extremum withrespect
to continuously twice-differentiable functions ¢.(t), q2(t), . . . , qn(t) for
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which qi(t,) and q.(t;) are prescribed for allt = 1,2, . . . , N. We accept
Hamilton’s principle as applicable to the motion of any conservative
system.

Although it is in some places stated that Hamilton’s principle may be
used to replace Newton’s laws of motion as the fundamental starting
point for mechanical systems possessing a lagrangian, it should be realized
that Newton’s laws are implicitly employed in the preceding paragraphs
in at least two ways: (i) The definition of mass resides in Newton’s third
law. (i1) In the tacit assumption that our system of coordinates is fixed
relative to an inertial frame of reference, we make use of Newton’s first
law, by means of which an inertial frame is defined.

(b) With the result (57) of 3-8(a) we conclude from Hamilton’s princi-
ple that the generalized coordinates describing the motion of a system of
particles must satisfy the set of Euler-Lagrange equations

oL d (oL :
ga_%(ﬁ) 0 (=12 ...,N). (8)

1

The equations (8), Lagrange’s equations of motion, constitute a set of
N simultaneous second-order differential equations, whose solution yields

the functions ¢1(¢), ¢2(¢), . . . , gn(f). The 2N constants involved in the
general solution of (8) are evaluated when the initial (f = 0, for example)
values of all the gsand ¢; (z = 1,2, . . . ,N) are given. Once the initial

state of the system is thus prescribed, its future motion is described in
detail by the functions obtained through the solution of (8).

Application of Lagrange’s equations to specific mechanical systems is
found in the exercises at the end of this chapter.

(c) Since the lagrangian L does not explicitly involve the time variable ¢,
the equations of motion (8) lead, according to (59) of 3-8(b), to the first

integral
N

. oL
zqfa—qi—L=E, ©

i=1

where E is a constant. To interpret (9) we note first that (6V/d¢;) = 0,
so that, according to (6) of 6-1(d), (0L/d¢:) = (8T/8¢;) for all
t=1,2 ..., N. Since, according to 6-1(d), T is a homogeneous
function, of degree two, of ¢i, ¢s, . . . , ¢n, we therefore have from
Euler’s theorem (2-5) that Z¢.(0L/d¢;) = Z¢(0T/9¢;) = 2T. Thus,
with (6), equation (9) becomes 27 — (T — V) = E, or

T+ 7V = E. (10)
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That is, the motion of a conservative system is characterized by the con-
stancy of the sum of the potential and kinetic energies (whence the appel-
lation conservative). The constant E, the total energy of the system, is
determined when the initial values of all the ¢; and ¢; are assigned.

6-3. Generalized Momenta. Hamilton Equations of Motion

(a) Dealing with a system whose position configuration is completely

described by the generalized coordinates ¢i, ¢, . . . , gv and whose
lagrangian is L, we define the set py, ps, . . . , P~ of generalized momenta
as
=L =12 ... (11)
dqi

the generahzed veloc1ty components gs, 1t follows from the definition (11)

that each p; is a linear homogeneous function of ¢i, ¢z, . . . , ¢gv». Con-
versely, solution of the N equations (11) must yield each of the ¢; as a
linear homogeneous function! of py, ps, . . . , Dw.

(b) Using the equations (11) to eliminate ¢i, ¢z, . . . , ¢~ from the

lagrangian L—which is thus expressed solely as a function of ¢;, ¢2, . . . ,
gw, P1, P2, - - - , pv—we define the hamaltonian H of the system through
the identity

i Ly

N
.. m. m. m.\ —= V m.a. — T, (191
.« » « yUN) A \1&«)

where the appearance of each ¢; in the right-hand member represents
the solution of (11) for this quantity in terms of the generalized momenta.
Since (12) is an identity in the p; and ¢; (via (11)), we may form the
partial derivative with respect to p,—whereby all the p;, with 7 = j,
together with all the g¢;, are held constant—and so obtain

04; BLa'i
+§‘7’"q_ aaqo.-

aq; 0
b LA of

1=1

dq; 4 -
-4+ me( aq,-> =G G=12....8), 1

1'This follows directly from Cramer’s rule for the solution of linear equations by
means of determinants, provided the determinant of the coefficients of ¢1, ¢z, . . . , 4w~
in (11) does not vanish. We accept here the nonvanishing of this determinant, which
i8 a consequence of the positive definite character of T as a quadratic form in the §..
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since (dL/d4;) = (9T/d¢s) for all 7, and because of the definition (11) of
p;.. The N equations (13) clearly represent the explicit solution of the
set (11) for each ¢, in terms of the p;.

Substituting (11) into (12) and making use of the result

N
N T
=1

arrived at in 6-2(c), we have

. dg

4

N
H=S‘6Tq'—L=2T—(T—V)=T+V, (14)
£

i1=1

with the aid of the definition (6) of L. That is, the hamiltonian of a
system is the sum of the potential energy and the kinetic energy, when
the latter quantity is expressed in terms of the ¢; and the p;, rather than
in terms of the ¢;. Thus the most convenient method of forming the
hamiltonian of a given system is the following: (i) We write down the
potential energy in terms of the g¢; the kinetic energy in terms of the
¢; and ¢;; (ii) form and solve the N equations (11)—since the explicit
solution (13) is not available prior to formation of the hamiltonian!—for
the ¢;; (iil) substitute for the ¢;in T and so obtain H = T + V in terms
0fq17q27 -« 4N, Py D2y - - -, DN

(c) In terms of the hamiltonian the integral (7) of 6-2(a) whose extrem-
ization leads, according to Hamilton’s principle, to the equations of
motion of a mechanical system is given by

I = /:z (i Pidi — H) dt, (15)
i=1

on substitution for L through (12). The extremization must be effected

with respect to the 2N continuously differentiable functions ¢1, ¢s, . . . ,
qx, P1, P2, - - - , Pr, among which there obtains the set of N relations

. O0H .

q: — %' =0 ('L = 1,2, .« e ,N), (16)

according to (13).

To derive the set of differential equations called for by the extremi-
zation, we employ the method of 4-5(a). With (15) and (16) respectively
representing specific cases of (42) and (43) of the earlier section we form
the function—(52) of 4-5(a)—
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F = S‘ pg: — H + S‘ wi(?) ( &= 3 17)

1-1 1==l

where py, p2, . . ., px are undetermined functions. Substituting (17)
into (57) of 4-5(a), with appropriate changes of notation, we obtain, since
(0F /dp;) = 0 (identically) for all j,

N
) »*H .
6 -8 - Zu;m e =0 G=12....N) (8
and
N
oH 0H d .
— 3% — z wi(t) —Bq,- 55 @ (pi+u)=0 (@(G=12 ...,N). (19

Because of (16) the N equations (18) read

N
z ui(t) ap, ap. =0 G=12 ...,N) (20)
=1

for which an obvious solution!is y; = O foralls =1,2, ..., N. Sub-

stituting this result into (19), we obtain p; = —(dH/dg;) for all j. This

set of equations, taken in conjunction with the relations (16), supplies the

system of 2N equations—the Hamilton equations of motion—

_oH . _oH
£V T 9

G=12 ...,N). (1)

Pi

The system (21) constitutes 2N first-order ordinary differential equations.
Their general solution is accomplished in the attainment of 2N finite equa-
tions which relate qi, g2, . . . , qn, D1, P2, . . . , Py and the time varia-
ble {, and which involve 2N arbitrary constants of integration. These
constants become determinate when initial (¢ = 0, for example) values
are assigned to ¢1, 2, . . . , gy and to py, P2, . . . , py—oOr, equivalently,
to qi, g2, . . ., qn, 1, G2, - . . , gn. Thus, through (21), knowledge of
the motion of a mechanical system is completely determined if the hamil-
tonian function H is known, along with the initial state of the system.

1 That this solution is unique follows from the nonvanishing of the determinant of
the coefficients of the u; in (20). We accept here the nonvanishing of this determinant
—a direct consequence of the positive definite character of T as a quadratic form in
P1. P2, - . . , pn (see footnote 1, p. 76 and also end-chapter exercise 8).
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Application of the Hamilton equations (21) to specific problems is left
for the end-chapter exercises.

6-4. Canonical Transformations

(a) We consider a mechanical system whose hamiltonian function
H(q1,92 - . . ,9%P1,Ps - . . ,px) 18 known and propose a change of
variables which has the following character:

(i) By means of 2N finite equations we define a system of 2N new
variables Q1, Qs, . . . , Qw, P1, Py, . . . , Py as functions of the original
set of variables g1, ¢3, . . . , gv, P1, P2, . - - , Pv- The possibility that
the time variable { may appear explicitly in the equations of transforma-
tion is admitted.

(ii) There is no functional relationship among the variables ¢, ¢s, . . . ,
gn, @1, Q2, . . . , Qv which is completely independent of all the p; and P..

(iii) The equations of motion, written in terms of the new variables,
must possess the same form as the Hamilton equations (21) in the sense
that there exists a function K = K(Q1,Q2, . . . ,Q~5,P1,Ps . . . ,Px,t)
such that the transformed equations of motion read

oK 4 _ 9K

Pi=—300 9% =3p

=12 ...,N). (22)

That a transformation which satisfies (i) and (iii) is always possible
should be obvious if we take into account the Hamilton’s-principle deri-
crndlon £ LOTN 2o B VA nnd dln mcsild AL QAN cobhial S11 oo PR R I LY
VaulOll O \&41) 111 U=o\U) allu Ll 1E5Uly U1 0=1(C) WiliCll allUWs LIS aluullluil
to an integrand of an ‘“exact derivative’” without alteration of the
resulting Euler-Lagrange equation.! Thus if we effect a transformation

through the identities

N N
. _ : s - oK
2P¢Qi—H—2P¢Q¢ K+E’ Qi—aP‘
i=1 im1
(=12 ...,N), (23
where S is any continuously differentiable function of ¢i, ¢2, . . . , ¢w,

Q1, Q2 . . ., Qn,t, we should expect Hamilton’s principle to lead directly
to (22). (The explicit equations of transformation are derived from (23)
in (b) below.)

To prove this assertion we use the first of (23)—with q1, ¢z, . . . , gw
eliminated from S in terms of @1, Qs, . . . , @, P1, Py, . . . , Py, t—
to substitute for the integrand of (15). We proceed to extremize I with

1The result of 3-4(c) must be extended to apply to the present case. The extension
is implicit in the derivation below of (22). We merely use 3-4(c) here as a guide.
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respect to the new variables P;, Q;, which are linked by the second of
(23) (N equations). Following the procedure of 6-3(c), we replace (17),
according to (23), by

N N
- ZP,-Q.- -~k + 84 zue 0 (Q.- - g-,f,ﬁ) (24)
=1 =1

1=

Substituting (24) into (57) of 4-5(a), with appropriate changes of nota-
tion, we obtain

Q- aP(S) } a =Z(ii7[a Sﬂ

f P; YLV
G=12 ...,N) (25
and
oK 9 /d X °K d 8 /d
() - st - A (5) )
i=1
(=12, ...,N). (26)

Since S is supposed expressed in terms of @1, Qs, . . . ,QNx, Py, Py, . . .,
Py, t, in (24), (25), and (26), we have

dS _ a8 V‘/as . 5.\
A at*L,l\aQ, ‘""a s

L]

(@)

so that

d[ 9 (d d (98 928 : 3?8
Ei[a_p',. <7§)] E"(“‘) stop; T z (aQ, AR P ‘)
a 9 (dS
-a 5+ 2<6Q, #2)] = (%)

Because of (28) and the second of (23) the system (25) reads

N
a’K .
Euim—o (J—1,2, [N ,N), (29)
i=1
for which the solution ist u; = 0, forallz = 1,2, . . . , N. Further, it

t See end-chapter exercise 8,
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follows from (27), in the manner of achieving (28), that?

3 fdS\ df & fdS\]
w0, (@) = a|ag\@)] 0
so that, with the vanishing of all the u; (26) reduces to
—(0K/3Q) =P;  (j =12, ...,N).

We therefore have, with the second of (23), the required set (22) of the
transformed Hamilton equations of motion.

(b) The result of (a) above demonstrates that any change of variables
of the type (i) for which the identities (23) hold necessarily satisfies the
requirement (iii). We proceed to derive from the first of (23), with

Ci1RATiL U

application of the restriction (ii), the actual equations of transformation:
“/"11]4’\“]1717\" +tha Arat af 92 hv Jf and nvr\qnf‘]!hn‘ tha di #nrn‘nfiq] n’f

J iy viic iarsy o1 \LOU ) WY Wi Qiil TAPOQLIlNALLLE viiv aliierential

S = S(q1)q2; LI )quQlyQ2: . yQN)t)) we get’
N N N

E: E: oS E: S N
p,;dq;—Hdt— P,dQ,-—Kdt-}--gt-dt+ (Eidq.+5§;dQ.)’
4 ~

i=1 =1 =

or

N N
Z(p,- gi)dm Z(P +6Q>in+(K H—§§)dt 0. (31)

1=1 1=1

Since the first of (23)—and therefore also (31)—is an identity in the
variables involved, and because of the requirement (i) of (a) above
(whereby the dqi, dgs, . . . , dqv, dQ1, dQs, . . . , dQ~ may be assigned
arbitrary values), we conclude from (31) that

.. s ... aS
1) K= H+ , (i) pi:@i’ (1) P;= — 30,

Thus if S is any continously differentiable function of the ¢;, the @;,

and ¢. (32) cenerates a transformation—a so-called canonical transforma-

QIR vy \ U] RmUILTIQUUD QU Vi QLISA VL Aliuvavas WUTUNAATR CWivUiveLWir Ul iiiDi Wi 121 m

tlon——-of the character called for at the openmg of (a) above. The 2N

(=12 ... ,N). (32

and the old (q,,p,) variables, with ¢ playing the role of parameter in the
transformation; (32,i) provides the function K, which plays the role of
hamiltonian in the transformed equations of motion (22) and which, for
sake of brevity, we call the kamiltonian.

! See end-chapter exercise 7.
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We may therefore choose at random any suitable function S and so
generate a canonical transformation (see end-chapter exercise 6). It is
of course hoped, in the execution of any such transformation, that it leads
to a set of equations of motion (22) whose integration is less difficult than
that of the original set (21). In the section following we consider a
method for choosing the function 8 so that the integration of (22) may
be accomplished with maximum simplicity.

6-6. The Hamilton-Jacobi Differential Equation

(a) The most easily integrated set of transformed equations of motion
(22) is arrived at by a canonical transformation which leads to a kamil-
tonian K which is identically zero. For, in such an event, (22) reads
P; = Q; = 0 for all 7, so that the solutions are simply

P; = ,Q: = a; (i=1:2;°°':N)’

where the 8; and a; are two sets of arbitrary constants. With these solu-
and so obtain the p; and g;, for all 7, as functions of ¢ and the 2N arbitrary
constants 81, B2, . . . , By, G2, G2, . . . , Q.

For a canonical transformation to lead to a kamiltonian K identically
zero, it follows from (32,i) that the function S which generates the trans-
formation must be such that H + (dS/d0f) = 0. Or if

H = H(q1,q9s . . - ,4%,P1,P2 . - - ,PN)

is the hamiltonian of the system under study, we therefore have from
(32,ii) that S must satisfy the partial differential equation
aS a8 a8 as
H 71,92, . . . ,qN,a—q-lya—qz.v . e ’Fq}) + -a—t" =0 (33)
-—the so-called Hamilton-Jacobt equation.

The equation (33) has an infinity of solutions, of which our interest
lies solely in the complete solutions—those which involve N independent
arbitrary constants ai, asz, . . . , ay, aside from the one additive con-
stant of integration. (It is clear that (S 4+ C) is a solution of (33) if
S is a solution, where C is any constant; this constant C is not included
among the N constants of a complete solution.)

We suppose that S = S(q1,9s, . . . ,9v,a1,@s . . . ,ay,t) is a com-
plete solution of the Hamilton-Jacobi equation (33). Since the a;
(¢=12,...,N) are constants only in so far as they are independ-
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, gv, t, we may effect the identification «; = Q:
and so obtain

ent of qi, qo, .
G=12 ...,N

S = S(qlxq2’ e . ,QN;QI,Q2, o o . yQN)t) (34)

as the function which generates, through (32), a canonical transforma-
tion. But since (34) satisfies (33), we have, as planned, that K = 0, by
(32,i), so that (22) yields the results P; = B;, Q:; = a;, for each ¢, as
required. To obtain the original variables q1, qs, . . . , gw, P1, P2, - - . ,
pr as functions of ¢ and the 2N arbitrary constants, we employ (as stated
in the opening paragraph of this section) the transformation equations
(82,i1,iii), with the arbitrary constant values substituted for the P; and Q..

Since, however, the a;, as well as the «;, constitute a set of N inde-
pendent arbitrary constants, we may make the identification a; = a;
(=12, ... ,N), bypass the substitution «; = @; in the complete
solution S = S(q1,92, - - . ,qmanas, . . . ,ant) of (83), and directly

~—
.

_as oS
p v aq,-’ v aa;

=12 ... ), (35)

where a1, az, . . . , av are the independent constants of the complete
solution of (33), and By, Bs, . . . , Br are a second set of arbitrary con-
stants substituted for Py, Py, . . . , Py in (32,iii). The solution of the
2N finiie equations (35) for the q; and p; ¢ = 1,2, . . . ,N) constitutes the
general solution of the original Hamdlton equations of motion (21). Thus
the solution of the 2N ordinary differential equations (21) is reduced to
the achievement of a complete solution of the single partial differential
equation (33).
(b) By writing
S = 8* — Et, (36)

where S* is independent of { and E is an arbitrary constant, we see
that S is a solution of (33) if S* satisfies the time-independent reduced
Hamilton-Jacobi equation

aS* 9S* aS*) _z 37)

H(Qb‘h: RN ’QN’G_%,(?(]—Q’ T g

Since, according to (14) of 6-3(b), H = T + V, and (T + V) is a con-
stant—the total energy—during the motion of a given conservative sys-
tem, according to 6-2(c), the arbitrary constant E in (36) and (37) must
be identified with the total energy of the system whose hamiltonian is H.
(Since the total energy of a system is determined only when the 2N con-
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stants of integration of the equations of motion are assigned definite
values, £ maintains its character as an arbitrary constant.)

To obtain a complete solution of the Hamilton-Jacobi equation (33)
one usually first determines a complete solution of the reduced equation
(87), after which (36) is employed as the solution of (33). A complete
solution of (37) involves (N — 1) arbitrary constants as, a3, . . . , aw,
as well as E (aside from the trivial additive constant). Thus, with E
properly regarded as an arbitrary constant—equal to a;, say—the solu-
tion of (33) given by (36) is the required complete solution.

(¢) In the case of a single particle of mass m moving under the influence
of a conservative force, but completely free of geometric constraints, we
may use the cartesian coordinates as the generalized coordinates—
namely, ¢1 = 2, ¢2 = ¥y, ¢3 = 2. Thus, according to (2) of 6-1(b), the
kinetic energy is given by T = ¥m(d? + 92 + 2%) = ¥m(¢* + ¢ + ¢d).
From the definition (11) of 6-3(a) we have the generalized momenta
p1 = mgi, P2 = mgs, Ps = mgs, so that T = (1/2m)(p} + p} + p3).
From (14) of 6-3(b), therefore, the hamiltonian of the single-particle
system is H = (1/2m)(p} + p: + p}) + V(z,y,2), where V is the poten-
tial energy of the particle. Accordingly, the reduced Hamilton-Jacobi
equation (37) reads, in this important special case,

1 [[(a8*\* | [0S*\" | (9S*Y
5 [(”();> + (‘@) + <—8;> + V(z,y,2) = E, (38)
since ¢ = Z, g2 = ¥, q3 = 2.
(d) To illustrate the use of the Hamilton-Jacobi method of deter-
mining the motion of a system we consider the special case of the uncon-
strained single particle in which V depends only on z—namely, V = V(z).

In accordance with a general mode of procedure we seek a solution of (38)
of the form

S* = X(z) + Y(y) + Z(2), (39)
whence (38), with V' = V(z), becomes

(aX\' | (2N | (dZ2Y _om v

_ - —_— = amj — ¥ 12\1.
\dz) " \dy/ " \dz/ : i

An obvious complete solution is achieved by letting each of the first two
terms equal arbitrary constants, so that

X =aiV2mz, Y =a;\2my, Z=+/2m /[a,, — V(2)Jtdz, (40)

where a; is written for (E — o2 — a}). With (39) and (40), together
with (36), we therefore have
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= V2m {aw + aw + [ las = V@ de} = (as + of + o,

whence the solutions (35) of the equations of motion read (since ¢; = «,

g2 =Y, @ = 2) Pr = V2may, ps = V/2m az, ps = \/2m(as — V), and
31-‘-"‘\/%73”‘20‘15, 52=\/§77ty—2a2t

N im dz
_t+/[a _"V(z)], (41)

The more important trio of equations (41) may be solved for z, y, and z—
upon performance of the integration when V(z) is given explicitly—in
terms of ¢ and the six arbitrary constants a;, 8.

Additional discussion of the Hamilton-Jacobi method, including fur-
ther treatment of the foregoing problem in exercise 10, is reserved for the
end-chapter exercises.

6-6. Principle of Least Action

(a) We denote by the symbol C; the configuration—i.e., the aggregate
of the positions of the individual particles—exhibited by a given system
of particles at an instant ¢ = ¢;; C; denotes the configuration at a later
instant ¢t = {;. The aggregate of all the paths traversed by the indi-
vidual particles when the system pursues its course from the configu-
ration C; to the configuration C, we call the configuration path, or orbit,
of the system from C; to C,. The actual, or dynamical, orbit of a system
between two given configurations clearly depends upon the geometric
constraints imposed upon the system and the forces which influence the
motion. It is useful, also, to speak of possible orbits between two given
configurations; these are configuration paths which are merely geometri-
cally, while not necessarily dynamically, feasible within the limitations
of the constraints. For example, we consider a single particle which is
constrained to lie in a fixed plane; it moves, under the influence of a given
force, along a certain arc connecting the points P; and P, in this plane.
Its actual orbit between P, and P, is that arc; but any (smooth) curve

‘Ifh‘n}‘l IIDG mm "‘\CI Gvnr] Y\IOY\O nnr] “7}'\1["‘1 refels) " p. f] p,. 1Q nnne!r‘arnr‘ a
YY R1AVUR1 AU 111 VIIU llAvu PIWLL\J CULINA VY 11Ukl LUWViiL .l. \JVU £ 1 (Al xu L Z A0 vViIvAiUAUVIUVU v
posstble orbit between these points.
We consider a given conservative system whose kinetic energy is
T(gngq2 - - - gw 41,42 - - - ,Gn),
whose potential energy is V(gi,qz . . . ,gv), and which pursues its

dynamical orbit O; from configuration C; to configuration C, with the
constant valuef E of the total energy (T 4+ V). We next conceive of
t See 6-2(c).
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the system as pursuing an arbitrary possible orbit O, from C; to C; in
the following manner:

(1) The system starts from C; at the same instant ¢{ = ¢; at which the
actual motion starts from Ci.

(i) The motion along O, is characterized by the same constant value
E of the total energy (T 4+ V) as that which characterizes the actual
motion along O,;. (In general, the instant of arrival at C. is not the
same ¢ = ¢, at which the pursuit of Oq4 is completed at C5.)

We evaluate the so-called action integral

I =2 ["Ta (42)

for the actual motion from C; to C; along O, and for the motions—as
described by (1) and (i1)—along all possible orbits O, which connect C,
and C,, where ¢, represents the time of arrival at C, (different, in general,
for each choice of O,) for each individual motion. In (b) below we
demonstrate the validity of the principle of least action:

The actual motion from C, to C. ts characterized by an extremum of the
action (42) with respect to posstble motions from Cy to Cy for which the total
energy is constant and equal to the actual total energy E.

(b) To prove the validity of the least-action principle, we show that it
leads to & set of equations identical with Lagrange’s equations of motion
(8) of 6-2(b).

Since the upper limit #, is not prescribed for the extremization of (42),
the proof is greatly simplified through introduction of a parameter
u = u(t), which plays the role of independent variable in (42). This
parameter must be chosen differently for each possible orbit, but in such
fashion that u:, = u(f1) and us = u(f;) have the same pair of values for
every possible orbit. Thus the extremization of (42) is reduced, since
dt = (du/u), to the extremization of

us2

I* =2 / T d—i‘-, (43)
UL u

in which both u; and u. have fized values.

To complete the elimination of the variable ¢t we write, for each ¢ = 1,
2, ...,N, ¢ = (dg;/du)u = ¢ = giw, where the prime indicates dif-
ferentiation with respect to u, and w = w(u) = % is introduced for sake
of convenience. Thus we have

T = T(qu LRI qu:qllw7 coe . ;Q:Vw) = wZT(qu e e )qN;q,ly SN 7q’N): (44)

since T is a homogeneous function, of degree two, in ¢, ¢z, . . . , ¢n,
according to 6-1(d). Writing T* = T(qy, . . . 4wy, - - - ,qy), We use
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(44) to express (43) as
1* =2 ["wr* du. 45)

Finally, we may rewrite the constancy-of-energy coundition T 4+ V = E as
wiT* 4+ V = E. (46)

With the transformations of the preceding paragraph we may restate
the principle of least action briefly as follows: The actual orbit is charac-
terized by an extremum of (45) with respect to the functions ¢:(u), q2(u),

., qv(u), w(uw) which satisfy the auxiliary condition (46), and for
which ¢1, ¢2, . . . , g~ are prescribed at u = u; and u = u.,.

We proceed to effect the extremization indicated using the method of
4-5(a). With (45) and (46) respectively representing specific cases of
(42) and (43) of 4-5(a) we form the function [(52) of 4-5(a)]

F = 2uwT* + p(u)(w?*T* 4+ V — E), (47)

where u is an undetermined function. Substituting (47) into (57) of
4-5(a), with appropriate change of notation, we obtain, since (9F/dw’) = 0
(identically),

2T* + 2pwT* = 0, (48)

and, since (dV/dq}) = 0 (identically) for all 1,

%w oT* + /w2 oT* " 21_/\ _ i |-’2w + pwt aT*-l
9g: \" ¢ T 9g;) T dul’ ! aq! |
(¢=12 ...,N). (49)

From (44) it follows, since w = u, that

OT* 1 o(wT* _ 1T _ 19T ag: _ 19T

dqi  wr  9q. w?dg.  w?dq; 0. U A
and w?(dT*/d¢;) = (8T/dq;). With the aid of these results, and in con-
Junction with p = —(1/w) = —(1/4) from (48), equation (49) reads, on
multiplication by w = 4,
oT—-V) . dfeT\ df o -
aq,- = ’U,E&(aql) = Et[a—q‘; (T - V):l ('l = 1,2, .« .. ,N), (50)

since u(d/du) = (d/dt) and (0V/d¢,) = O (identically) for all 2. Com-
parison of (50) with (8) of 6-2(b) reveals, since (T — V) = L, that the
principle of least action does indeed lead to Lagrange’s equations for the
motion of a system of particles. The validity of the principle is hereby
proved.
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(c) In the case of a single particle of mass m without geometric con-
straint the principle of least action leads directly to the differential equa-

tions of the particle’s orbit, with the time variable ¢ eliminated. In this
case we have

%m(xz + y + zz) Y m( > V = V(.’E,y,Z), (51)

so that the constancy of energy (10) of 6-2(c) reads

With the first of (51), and on substitution from (52), the action (42) is
given by
[tz /ds\ 2 82 3
=m =) dt=m ——ds—\/2m \/E Vds. (53)
t dt 8t dt

If, for example, z is used as the independent variable in the equations
describing the particle’s orbit, we write ds = /1 + y’* + 2'% dz, where
the primes indicate differentiation with respect to z, so that (53) reads

I*=\/2m£:\/E—V\/1+y’2+z’2dx. (54)

In the substitution from (52) into (563) the constancy-of-energy require-
ment of the least-action principle is taken care of, so that the extrem-
ization of (54) with respect to functions y(z) and z(z), prescribed at
z = x; and x = x, is effected by the particular y(z) and z(z) which
describe the actual orbit of the particle between a given pair of fixed
points. According to (57) of 3-8(a), therefore—with appropriate changes
of notation—the differential equations of the actual orbit are the pair of

Euler-Lagrange equations

of of of _ (6f>

9y dz (6@/) O & =9 (55)
whore fi1a the intoorand of (54)
wilCIC 7 10 uwliC HICHRIQliu Ul \JZT)

Application of the preceding result to specific examples is left for the
end-chapter exercises.

6-7. The Extended Hamilton’s Principle

For application to dynamical systems which involve certain types of
forces not derivable from a potential-energy function, we have recourse
to a form of Hamilton’s principle somewhat more general than the state-
ment given in 6-2(a).
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We consider a system of p particles subject to given geometric con-
straints and to a set of forces which are only in part (if at all) derivable

from a potential energy V. That is, the three cartesian components of
the force influencing the motion of the jth particle are given by

_ov

vV |
= 9z; + F'(’ az,-

axj z +F£j) (J = 1)27 LI rp)’

(56)

where V = V(z1,¥1,21, - - - ,ZpYp?2p), and the components of the non-
conservative part of the force acting upon each particle are functions of
the coordinates z1, y1, 21, . . . , Tp, Yp, 2p Of the system and the time
variable t. If the generalized coordinates which describe the configu-
ration of the system are ¢i1, g2, . . . , gv, we define the set of generalized
force components

av @
—‘537’+Fy;

P
G: = 2 (wa,—; +FP 3+ PP gg) (=12 ...,N). (7
J=1
We accept as applicable to the dynamical motion of a system of parti-
cles under the influence of the forces described by (56) the extended
Hamilton’s principle:
The actual motion of the given system tis such as to render the integral

1_["/m_'rr| % [~ 2.\ /=

1= ,’h \1 vV + kl’lj ukuqk} at (0%)
an extremum with respect to continuously twice-differentiable functions
q1(%), q2(t), . . ., qn(t) for which ¢;(t,) and ¢:(ts) are prescribed for all
t1=1,2,...,N. HereT =T(q1, . . . ,qnq1, - - . ,gn) is the kinetic
energy of the system, and the Gk, expressed in terms of ¢1, g2, . . . , qw,
i, are given by (57). The indefinite integrals in the integrand of (58) are
to be regarded in such fashion that

(N [ea) e o
ZAVAY R

In the important special case in which the generalized force com-
ponents are explicitly independent of the generalized coordinates, the
indefinite integral {Gy dgx may be replaced by Gigx for each k; that is,
the integral (58) may be rewritten as

I = /:: (T -V + i Gka) dt. (60)
k=1

=19 AT (EQY
Lydy o o . 4V ). (09)
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Because of (59), however, the equations of motion derived from the
extremization of (60) are no different from those derived from the
extremization of (58) [see end-chapter exercise 13(a)].

It is clear from (57) that the generalized force components are ordi-
nary cartesian force components if we employ the cartesian coordinates
as generalized coordinates. If, for example, we have ¢; = z; for a par-
ticular pair of values of ¢ and k, it follows from (57) that G; = F®,

EXERCISES

1. Consider a system of p particles moving under the influence of a set of forces as
described in the opening paragraph of 6-1(a). In the course of its motion between
two given configurations [see 6-6(a)] the system has done upon it by the given forces
an amount of work defined by

Y4
W = z [ FD dz; + FD dy; + FD dzy), (61)

i=1

where the jth line integral is computed over the path pursued by the jth particle.

(a) Show that the integral (61) is equal to the loss of potential energy of the system
if (1) holds.

(b) Show that the work (61) is given, in terms of the generalized force components

defined by (57) of 6-7, by
N q,-(z)
W= z /q,-u) G: dgs,
t=1
(1

where ¢{” and ¢!®( = 1,2, . . . ,N) respectively describe the initial and final con-
figurations of the system.
2. Show that a necessary condition for the equilibrium of a conservative system is

g;—: =0 =12 .- ,N). (62)
Hint: Using the fact that T is a quadratic form in the §;, set all the ¢; and ¢ equal to
zero after carrying out the differentiations indicated in (8).

8. Introduce a convenient set of generalized coordinates and derive the (Lagrange)
equations of motion for each of the following systems; a single particle of mass m is
involved in each:

(a) A particie is constrained to iie on a given circie of radius K in a fixed vertical
plane; V = mgz, where ¢ = positive constant, and z = vertical coordinate measured
upward from any convenient horizontal line in the plane (simple pendulum). HiNT:
Introduce the angular displacement (8) from the vertical of the line from the center of
circle to the particle; V = mgR(1 — cos 6), T = }mR20?. ANSWER:R# 4 gsin g = 0.

(b) A particle is constrained to lie on a given straight line; V = 4kz?, where
k = positive constant, and = = displacement from a fixed point on the line (har-
monic oscillator). ANSWER: mi <+ kz = 0.

(¢) A particle is constrained to move on the surface of a given sphere of radius R;
V = mgz, where g = positive constant, and z = vertical coordinate measured upward
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from any convenient horizontal plane (spherical pendulum). Hinr: Introduce

z = Rsinfcos ¢,y = Rsinésino,z = —Rcos 8. T = imR2(62 + $2%sin26).
(d) A particle is unconstrained; V = mgz, where the symbols have the same mean-
ing as in part (¢) (projectile). ANswEr: % =0,9 =0, = —g.

4. For each of the systems listed in exercise 3:
(a) Determine the generalized momenta. ANswEgR: For exercise 3(b): p = mi.
(b) Write down the hamiltonian function. ANswEeRr: For exercise 3(b):

(PN 1} ppe.
H = (2m) + g ka?;

for exercise 3(d): H = [(p; + p + p})/2m] + mgz.

(¢) Construct the Hamilton equations of motion. ANswWER: For exercise 3(b):
(p/m) = %, p = —kz; for exercise 3(d): p. =0, p, =0, p. = —mg, = = (p,/m),
¥ = (p,/m), 2 = (p./m).

b. Use exercise 2 to determine the equilibrium positions, if any, for the systems of
exercise 3. ANSWER: For exercise 2(a) § = 0, r; (b) 2 = 0; (¢) 8 = 0, =; (d) none.

6. (a) Apply the canonical transformation generated by 8 = —3 /km z2Q to the
system of exercise 3(b); derive the transformed equations of motion. ANSWER:
p=—VkmzQ, P=%3+vkmz, K=+k/mP@Q +1), Q=+k/m(@Q*+1),
P=—2+/k/mPQ.

(b) Integrate the transformed equations of motion obtained in part (a) and use
the transformation relations to obtain p and z as functions of ¢ (and two arbitrary
constants).

(¢) Integrate the Hamilton equations of motion obtained in exercise 4 for the
system of exercise 3(b). Show, by convenient designation of the constants of integra-
tion, that the results are identical with those obtained in part (b) of this exercise.
ANSWER: T = T €08 wt + (po/A/km) sin wf, p = po cos wt — To \/km sin «t, where
w = V/k/m, and o, po, are arbitrary constants. (It may take a bit of juggling to
get the result of part (b) into this form.)

7. Carry out the details of deriving (30) from (27).

8. Discuss the validity of the use of the solution u; =0 (¢ = 1,2, . . . ,N) of (29)
in the event it is not unique. HinT: Consider the specific purpose for the introduction
of the u; into the extremization problem at hand. Answer the crucial question: Is
this purpose fulfilled if all the u; are set equal to zero? ANSWER: Yes, automatically.

9. (@) Write down and solve the reduced Hamilton-Jacobi differential equation
for the system of exercise 3(b). Thus write down a complete solution S of the time-
dependent Hamilton-Jacobi equation. ANSWER:

o Vawen 7, o

. _ 1 =T, . . /z\ '—2—21—— 2
b_zvm[cl_a sin \a}"f"l"\/a —Z_I g ™,

where o = \/2E/k.

(b) Use the result of part (a) to derive, by means of (35), the solution of the Hamil-
ton equations of motion of the system. Compare with the result of exercise 6(c).

10. (a) If S is given by (36), where S* is a complete solution of (37), and if we
choose a3 = E, what is the significance of the set of equations [from (35)]
B = —(88/8as)fort =23, ... ,N? Hint: Go on to parts (b), (c) below.

(b) Carry through the work of 6-5(d) without introducing a; = (E — o — af);
instead, let a; = E. In particular write down the equations 8, = —(3S/3a1),
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Bz = ~(38/3xs). Interpret these equations to show that the orbit of the partiele
lies in a plane parallel to the z axis.

{(c) Show that the resuit of part (b) is equivalent to the pair of equations obtained
by eliminating ¢ from the three equations of (41).

(d) In 6-5(d) consider the particular case V = mgz, with the initial conditions
y(0) = y(0) =0, z(0) = zo, £(0) = vy cos ¢, 2(0) = 2o, 2(0) = vy 8in ¢, (0 < ¢ <m).
Show that the orbit is the parabola

=2y 4+ (£ — o) tan ¢ —5;_ (z — zo)?sec? ¢
[:]
in the plane y = 0.
11. (a) Apply the least-action principle to the unconstrained particle under the
influence of V. = V(z). Show that the orhit equations are given by

_ [ dz .
S VE-G-4-7

Hint: Use the fact that the integrand of (54) is in this case explicitly independent of z.
Apply (59) of 3-8(b), with appropriate change of notation.

(b) Show that the result of part (a) is identical with that of 6-5(c) when ¢ is elimi-
nated from (41) (see exercise 10(b,c) above).

12. (@) A particle of mass m constrained to lie in a given plane has a potential
energy which is a function only of its distance r from a fixed point in the plane. Use
the principle of least action to derive the equation

dr
VE — V) — cir?

of the particle’s orbit, where (r,¢) are plane polar coordinates.

(b) Apply part (a) to the special case V = — (k%/r). Identify the orbit in each
of the cases £ > 0, E =0, E < 0.

(¢) Solve the problem of part (a), and subsequently that of part (b), by the Hamil-
ton-Jacobi method. SorLuTion: T = $m(i? 4 r2¢?), p, = m#, pg = mr2d,

@ (e
m r
S* = a1 + /\/Zm(E —-V) - (g'r_l)’dr;

use the second of (35) with ¢ = 1.
18. (a) With the aid of (59) show that the extremization of both (58) and (60) leads
to the equations of motion

oT .
6q.~ dt (aq‘ aq‘ -G (¢t = 172: -+« ,N).
(b) Apply the result of part (a) to the problem of the harmonic oscillator of exercise

3(b) in which a force whose x component is F(¢) is applied to the particle. ANSWER:
mE + kx = F(t).



CHAPTER 7
TWO INDEPENDENT VARIABLES: THE VIBRATING STRING

7-1. Extremization of a Double Integral
(a) We consider the double integral!

I=ngwwMMy (1)

carried out over a given domain D of the zy plane. The given function
f is twice differentiable with respect to the indicated arguments. We
proceed to derive the partial differential equation which must be satis-
fied by the function which renders (1) an extremum? with respect to con-
tinuously differentiable functions w(z,y) which assume prescribed values
at all points of the boundary curve C of the domain D.

To effect the extremization of (1) we employ the method of 3-3(b)
whereby we introduce a one-parameter family of comparison functions

@)

where w(z,y) is assumed to be the actual extremizing function, and e is
the parameter of the family. Thus no matter what the choice of 5(z,y),
arbitrary to within continuous differentiability and

ﬂ(x)y) =0 on C; (3)

we have that the integral formed by replacing w by W in (1) is an extre-
mum for ¢ = 0. That is,

I'0) =0

=7

4)
where

1 = [[ 1y, W,W.W,)ds dy. (5)
D

1 In this and ensuing chapters we employ, whenever the usual notation becomes too
cumbersome, subscripts to indicate partial differentiation. Thus we write w, for
(aw/ax), wzy for (8%w/ady oz), ete.

2 We use the term “extremum’ here in the sense of 3-3(c), with obvious extension
to the case of functions of two variables.

93
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Using (2) to compute (3W /de) = n, (AW ./d€) = 14, (0W ,/d€) = n,, we
differentiate (5) with respect to e to form

I'(e) =[/(6£I§7" + 5%% + a%];u ﬂy) dz dy.
D

Since, according to (2), setting e = 0 is equivalent to replacing W by w,
we therefore have

I0) = / / (Lot Lot X m) dz dy = 0, ©)

because of (4).
Applying Green’s theorem (22) of 2-13 to the final two terms of the
middle member of (6), we obtain

of of
0= // [aw (awz) 3y (awz)] dz dy
of dy af dz
+ ﬁ"(aw,zz; - W%)d @)

f/ [aw oz (a‘g) 3y (aii,,)] dz dy, ®)

because of (3). From the basic lemma of 3-1(c) we therefore conclude
that the extremizing function w = w(z,y) must satisfy

of of of )
w9z (aw,) ay <6wy 0 )
everywhere in D.

(b) We may directly extend the result of (a) above to the case in which
the functions eligible for the extremization of (1) are required to satisfy
no special condition on the boundary C. The only alteration of the pro-
cedure of (a) is to remove the restriction (3) and so adopt the result (7).

Since the right-hand member of (7) must vanish for all choices of arbi-
trary differentiable n(z,y), it must in particular vanish for those n which
satisfy (3). For such functions n equation (7) reduces to (8), and we
immediately conclude the applicability of (9). With (9) equation (7)

becomes
of dy _ of @f) _
/;. K (aw,, ds 9w, ds ds =0,




§7-2) TWo INDEPENDENT VARIABLES 95

for n arbitrary along C. Applying a form of the basic lemma of 3-1, we
therefore have

%%—m£=0along0 (10)
as the condition which must be fulfilled in case the functions eligible for
the extremization are not prescribed on C.

In case the eligible functions are prescribed on a portion of C but are
arbitrary on the remainder of C, it is clear from the preceding paragraph
that (10) must hold along the remainder of C. That is, every point of
C is characterized by either the prescription of w or the fulfillment of (10)
by the actual extremizing function w.

(c) By adapting the procedure of 4-1 we achieve the following result
for the simple isoperimetric problem involving two independent variables:
The function which extremizes (1) of (a) above with respect to functions
w for which the integral

J = //g(x,y,w,wz,w,)dx dy
D

has a given prescribed value must satisfy the Euler-Lagrange equation

of* o (affy _ 8 (af*y _
ow 9z \dw, dy \ow,) '
where f* = f + A\g. Along portions of C on which w is not prescribed,

the condition (10), with f replaced by f*, is fulfilled by the extremizing
function w.

T7-2. The Vibrating String

In this section we apply Hamilton’s principle [6-2(a)] to a system
involving a continuous distribution of mass—as distinguished from a dis-
crete set of mass particles, to which our attention is confined in Chap. 6.
The means for effecting this application is the simple device—employed
with great success through the domain of “‘continuum mechanics’’—of

replacing sums over discrete particles by integrals over the continuous
mass distributions.

(a) We consider a perfectly flexible elastic string stretched under con-
stant tension 7 along the z axis with its end points fixed at £ = 0 and
x = L. This undistorted state is called the equilibrium configuration.
Following the proper type of stimulus, the string is permitted to vibrate
freely in a plane containing the z axis in such fashion that each particle
of the string moves in a straight line perpendicular to the z axis; the

amplitude of vibration is supposed so small that the slope (with respect
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to the z axis) of the string at any point is small compared with unity at
all instants of time {. We further assume that there is no frictional (or
other) damping, so that we deal with a conservative system.

The transverse displacement at time ¢ of the particle whose equilibrium
position is characterized by its distance z from the end of the string at
z = 01is denoted by the function w = w(z,t); thus w(z,t), with0 < 2 = L,
describes the shape of the string during the course of the vibration. The
slope of the string is given by (dw/dz) = w.(z,t) as a function of position
z and time ¢. At time ¢ the velocity of the particle at a particular value
of z is denoted by (dw/dt) = w(x,f). The fact that the ends are fixed
(with zero displacement) at z = 0 and = L supplies the end-point con-
ditions w(0,t) = w(L,t) = 0, for all ¢.

Since the string is perfectly flexible, the amount of work which must
be done upon it in order to effect a given distorted configuration must be
employed merely to increase the length of the string relative to its equi-
librium length L. Therefore, in order to compute the potential energy
V of the string at an arbitrary instant of time we must compute merely
the amount of work which is required to stretch it from the length L to
its total length in the configuration exhibited at the given instant. Thus
since the stretching force is equal to the tensiont 7, the potential energy is
given by

V=T(LL\/mdx—L), (11)

where the integral is clearly the length of the string in its distorted con-
figuration. With the assumption that |w,| is small compared with unity
we may expand /1 4+ w2 = (1 4+ 3w? + - - *) and neglect the higher
powers of w’ to obtain from (11)

v=-[["a +4ud)de — L] = [ wlda. (12)

We assume a distribution of mass along the string of density (mass per
anit length) ¢(x), where ¢ = o(z) is a positive continuous function. Thus
the mass contained in an element of length dz at z is o(x)dz, with the
associated kinetic energy 4o(x)dz[w(z,t)]*—or, simply, ow?dz. The

total kinetic energy of the string, accordingly, is
L
T =3 [ outda. (13)

With (12) and (13) we apply Hamilton’s principle [6-2(a)] to the vibra-
tion of the string. That is, the function which describes the actual

t It is tacitly assumed that the elongation is so slight that the tension remains
constant throughout the stretching.
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motion of the string is one which renders
fts res L
I= jl (T — V)dt =% jl jo (ow? — Tw?)dz dt (14)

an extremum with respect to functions w(z,f) which describe the actual
configuration at ¢ = ¢, and ¢ = {, and which vanish, for all ¢{, at x = 0
and z = L. (The instants ¢; and ¢{; > ¢; are completely arbitrary.)

The extremization of (14) is accomplished through 7-1(a) above (with
the replacement of y by ¢, w, by w) if we denote by D the “rectangle”
0<z=L,ti £t =t in the “zt plane.” According to the preceding
paragraph the functions eligible for the extremization are prescribed
everywhere on the boundary C of D. Thus we may apply (9) of 7-1(a)
to the integrand f = 4(cw? — rw?) of (14) to obtain

A2n4 { 2n4s
oW o w

dx? r o

<
D

N’

(15)

as the partial differential equation which describes the motion of our
vibrating string.

(b) We consider also the case in which each end point of the vibrating
string described in (a) above, instead of being maintained in fixed posi-
tion, is allowed to move freely along a straight line perpendicular to the
z axis and lying in the plane of vibration.! Mathematically the only
change incident upon freeing the end points in this fashion is to remove
the restriction that the functions w eligible for the extremization of (14)
vanish at £ = 0 and z = L. Since, because of Hamilton’s principle, the
eligible functions are still prescribed at ¢ = ¢; and ¢ = {;, we may there-
fore apply the free-boundary condition (10) of 7-1(b), with appropriate
change of notation, only along the “sides’” z = 0, # = L of the “rectan-
gle” D in the “zt plane’ described in the final paragraph of (a) above.
Along these sides we have (df/ds) = +1 and (dz/ds) = 0. Thus (10) is
reduced to (8f/dw,) = 0; with the integrand f = 3(cw? — rw?) of (14)
it reads, simply,

<p| 8
g

3

=0 (16)

at £ =0, z = L. In case one end of the string is held fixed and the
other is free, condition (16) holds at the free end only, of course, while
w = 0 holds at the other end.

(c) Mathematically, the problem of the vibrating string is completely
equivalent to the problem of the plane longitudinal vibrations of an

' 1Such an arrangement is, approximately at least, physically feasible. The reader
ig urged to devise schemes by which the “free-end string’’ may be set up.
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elastic medium. Specifically, the foregoing results apply, for example,
to the vibrations of the gas filling a long cylindrical tube. At a closed
end of the tube the vibration amplitude w is required to vanish (the fixed-
end problem of (a) above); at an open end, since there is no constraint
upon the amplitude w, the condition (16) is applicable. The quantity ¢
appearing in (15) is the mass of the gas per unit length of the tube and is
in general a constant; 7 is a constant related to the compressibility of
the gas. In the remainder of this chapter we speak only of the vibrating
string; it should be understood, however, that our results are generally
applicable to the gas-vibration problem as well.

7-3. Eigenvalue-Eigenfunction Problem for the Vibrating String

(a) The initial attack upon the vibrating-string equation (15) involves
seeking a solution of the form

= ¢(x)q(®), (17)

where ¢ is independent of ¢ and ¢ is independent of . From (17) it fol-
lows that w., = ¢’ (2)q(f) = ¢''q and W = ¢(x)¢"'({) = ¢¢, so that sub-
stitution into (15) gives, on division by (c¢gq/7),

7,¢//
o

_ 4
=1 (18)

Since the left-hand member depends upon z alone and the right-hand
member upon ¢ alone, it follows that the only circumstance in which
(18) can hold for all values of the independent variables z and ¢ is that
both members be equal to a constant! independent of x and ¢; we denote
the constant, at this point undetermined, by (—X\). Thus (18) implies
the two ordinary differential equations

® . + Ao(z)$p =0, (i) d I+ =0. (19)

-+
Q
>
2

®

Determination of the values which mav bhe assimled

Determination of the values which may d !
the particular set of end-point conditions we happen to deal w1th If
both ends of the string are fixed, the conditions w(0,f) = w(L,t) = 0 lead,
through (17), to the conditions ¢(0) = ¢(L) = 0 upon ¢. On the other
hand if one or both end points of the string are free, the vanishing of ¢
must be replaced, according to (16) and (17), by (d¢/dx) = O at one or

1 This line of argument, the basis of the so-called method of separation of variables, is
employed repeatedly in chapters following.
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bothof x = 0,z = L. In what follows, we suppose that we have to deal
with one from among the possible sets of such end-point conditions.?

Thus we are faced with the problem of not only solving (19,i) but of
fitting the general solution ¢ = ¢(z,\) to the required end-point con-
ditions. It can be shown? that there exists only a discrete set of values
of A for which the end-point conditions are satisfied by ¢(x,\). (It is
quite obvious that ¢ = 0, vdentically in 0 £ x < L, satisfies both (19,1)
and any of the various sets of end-point conditions, for arbitrary A. This
trivial solution must be ignored as irrelevant to our problem.) This
privileged set of values of A we may list in the increasing order Ay, X, . . .,
An, . . . ; it has infinitely many members, of which there is a smallest
A1, but for which A, is unbounded as n — «. Any such value of A—
for which there exists a solution of (19,i) which conforms with the end-
point conditions—is called an eigenvalue of \; the corresponding solution
is called an eigenfunction of (19,i) in conjunction with the particular end-
point conditions. Corresponding to any one eigenvalue there is one and
only one linearly independent eigenfunction; the vibrating-string eigen-
values are therefore said to be nondegenerate. Clearly, the totality of
eigenvalues of A associated with a given problem depends upon the values
of L and 7, the function ¢(z), and the particular set of end-point con-
ditions involved in the problem.

Since both the differential equation and the end-point conditions which
the eigenfunctions are required to satisfy are linear and homogeneous,
it follows that the product of an eigenfunction by any nonzero constant is
also an eigenfunction corresponding to the same eigenvalue. For this
reason we may impose the convenient restriction

LL cotde = 1 (20)

for every eigenfunction we deal with. (Because ¢ > 0, the left-hand
member of (20) must be positive for any real function ¢ not identically
zero. In case the integral were not equal to unity but equal to c? say,
the corresponding integral, with ¢ replaced by (¢/c), would be unity.)
Any function ¢ for which (20) holds is said to be normalized with respect
to the weight function ¢ in the interval 0 £ z < L—or, briefly, normalized.

(b) There are no negative eigenvalues of \. To prove this fact we
multiply (19,i) by ¢ and integrate the resulting equation from =z = 0 to

1 That is, we deal with a string with both ends fixed, both ends free, or one end fixed
and the other free, with only one of these cases considered in any given discussion.

2 The proof is beyond our present scope. See, however, Ince, Chap. 10. See also
exercise 2 at the end of this chapter.



100 CALCULUS OF VARIATIONS (§7-4

z = L. We thus obtain, with the aid of (20),

& 1F L/ aa\

=_Tj ¢“’dx= T¢“*J + 7 / k )dx (21)

on integration by parts. If ¢ is an eigenfunction, either ¢ = 0 or
(d¢/dz) = 0 at x = 0 and x = L, so that the right-hand member of (21)
reduces to its final term. Since 7 > 0, we therefore conclude that no
eigenvalue of A can be negative.

With the exceptional case A = 0 left for end-chapter exercise 6(b) we
employ the positivity of the eigenvalues of X to solve the time-dependent
equation (19,ii). If A, is an eigenvalue of A, the general solution of
(19,ii) is

= gn = A, c0s \/Ant + B, sin v\, ¢ (n=123 ..., (22

where A, and B, are arbitrary constants. If ¢, = ¢.(z) is the corre-
sponding eigenfunction,

W= wWn = ¢n(x)(An cO8 VAt + Basin VA E) (n =123, ... (23)

is therefore, for each n, a solution of the equation (15) describing the
motion of the vibrating string under a given set of end-point conditions.

Clearly, the solution (23) is periodic in the time variable ¢; the period
is given by (2r/+/\,), the frequency by (1/\,/2r). Thus we conclude
that the elastic string has the ability to vibrate with any of a discreet

set of frequencies which are determined by the eigenvalues of A. In
other words evaluation of the set of elgenvalues associated with a given
vibrating-string problem provides the set of natural vibration frequencies
of the string. In particular the lowest eigenvalue A\, provides the so-called
fundamental frequency (v/\,/ = of the string. In 7-5 below it is demon-
strated that the general motion of a vibrating string is a linear super-
position of the various single-frequency modes of vibration represented

by (23).

7-4. Eigenfunction Expansion of Arbitrary Functions. Minimum
Characte.ization of the Eigenvalue-Eigenfunction i rotlem

(a) We consider the sequence of normalized eigenfunctions ¢1, ¢s, . . . ,

¢n, . . . and corresponding eigenvalues \;, A2, . . . , A, . . . , arranged
in increasing order, of a given vibrating-string problem; that is, for each
n=123,....,the function ¢, satisfies

T¢n + Aoy = 0 0=z =L (24)
and either

¢, =0 or o, =0 (25}
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at z =0 and = = L. Rewriting (24) with n =j, we multiply this
equation by ¢x(j # k). Reversing the indices 7 and k in the result so

no fram +ho

a anoand ciich reenlt q“k tract
Ve A\ S VAV W\J\IA ALC AL NJIAL ViiLo

achieved, we obtain a second such resul ng
other of these two results and integrating from z = 0 to x = L, we get

L L
O = N) [ oitidr =7 [ (0ud] — oi0)da
, L

= (s} — ¢i4}) |, (26)

on integration by parts of each term of the second member. Since
¢; and ¢ are eigenfunctions of the same problem, they satisfy the same
conditions—either of (25)—at each of x = 0, £ = L. It therefore fol-
lows that the final member of (26) vanishes. Also, since j # k—and

Vonl s ) 3 wra hawra
therefore] Aj # Apy—We nave

[} otitidz =0 forj =k 27)

Q

Any two functions ¢;, ¢» which satisfy (27) are said to be orthogonal
with respect to the weight function ¢ in the interval 0 < z £ L—or,
briefly, orthogonal. A set of functions ¢, ¢2, . . ., én, . . . of which
every two distinct members satisfy (27) is said to constitute a set of
orthogonal functions (with respect to the weight function ¢ in the interval
0 <z =L). In case all the functions of an orthogonal set satisfy the
normalization condition (20) of 7-3(a)—with the same weight function
and same interval-—they are said to constitute an orthonormal set. Since
the vibrating-string eigenfunctions are required to be normalized, the
result (27) discloses the fact that they constitute an orthonormal set.
This fact is best expressed through introduction of the Kronecker delta
d;x, a symbol which denotes 0 when j # k and 1 when j = k. Thus we
have for the eigenfunctions of a given vibrating-string problem

LL odidr dx = dj. (28)

(b) We state without proof the following theorem concerning the expan-
sion of an arbitrary function in terms of the known set of eigenfunctions:
If the arbitrary function g(z) is continuous and piecewise differen-
tiable! in 0 < z < L, the series
«© ) L
2 Cnpn(), with ¢, = j; ocong dz,
n=1
converges uniformly to ¢g(z) in every subinterval of 0 < r < L in which
g(x) is continuous. We may therefore write

t See end-chapter exercise 3.
1 See 2-1.
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0

glx) = Z Crpn(T) (cn = [)L ocbng dx). (29)

Moreover, in any subinterval in which ¢’(x) is continuous, we may
differentiate (29) term by term to obtain

L]

7@ = ) cnn(@), (30)

n=1

and the convergence is uniform. (Possible exceptions at £ = 0 and
x = L are mentioned below.)

Given that there exists a series expansion of the type shown in (29),
we get the parenthetic part of (29) directly from the orthonormality rela-
tionship (28). The details are left for exercise 4 at the end of this chapter.

The matter of end-point conditions requires special discussion. If the
eigenfunctions employed in the expansion of a given function ¢g(x) accord-
ing to (29) satisfy the condition ¢, = 0 at z = 0 (or £ = L, or both),
the series (29) clearly converges to zero at ¢ = 0 (or ¢ = L, or both).
Thus, although the function g(z) may be continuous in the neighborhood
of z = 0 (or £ = L, or both), the sum of the series (29) is discontinuous
at £ = 0 (or £ = L, or both) in case g(r) does not vanish at z = 0 (or
z = L, or both). We encounter no difficulty from this fact in our study,
however.

If, on the other hand, the eigenfunctions ¢, which appear in (29)
satisfy the condition ¢, = 0 at x = 0 (or £ = L, or both), the difficulty
of the preceding paragraph does not arise at £ = 0 (or ¢ = L, or both);
that is, if g(x) is continuous at £ = 0 (or £ = L, or both), the series (29)
is also continuous at z = 0 (or £ = L, or both). The derivative series
(30), however, is discontinuous at £ = 0 (or £ = L, or both), in case
¢’ (x) is continuous and different from zero at z = 0 (or z = L, or both).

(¢) With the aid of the expansion theorem of (b) above we demon-
strate the following minimum characterization of the eigenvalue-eigen-
function problem for a given vibrating string:

The kth eigenvaluet A s the minimum of the integral

L,
I=r[ ¢d @1)

with respect to those functions ¢ which satisfy the normalization condition
[ osrdz =1 32)

t The totality of the eigenvalues is supposed arranged in the ascending order
M< <L - << -
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and the (k — 1) orthogonality relations

rL ™ P
Jo o¢i¢ dz =

/2 01O 1. 1) 700\
\J ™ L4y o« ¢ o ,H i), (99)

]

where ¢; is the etgenfunction that satisfies
Td);', + )‘Jﬂd’f =0 (.7 = 1:2)37 .. ') (34)

and the set of end-point conditions (¢; =0 or ¢; =0 at z =0, z = L)
associated with the problem. Further, every function ¢ eligible for the
minimization must be continuous everywhere in 0 < 2 < L and have a
first derivative ¢’ which is piecewise continuous in 0 < z < L.

In the problem of the string whose end at x = 0 (or x = L, or both)
is held fixed, the additional restriction ¢ = 0at x = 0 (or x = L, or both)
must be imposed upon the eligible functions. (No special restriction is
imposed upon the eligible functions ¢ at z = 0 (or z = L, or both) if the
end of the string at x = 0 (or z = L, or both) is free.)

The minimum N\, of I under the stated restrictions is achieved when ¢ = ¢x.

(We note, in particular, that the functions ¢ eligible for the first
minimization of I, whereby the minimum is the lowest eigenvalue A,
are required to satisfy no orthogonality condition (30).)!

To prove the stated characterization we expand the arbitrary function
¢ eligible for the kth minimization of (31) in accordance with (29) and
(30) of (b) above:

Py P

b= et =) cuth  (en= [otusds). (35)

n=1 ne=l

(The eigenfunctions employed in the expansion are associated with the
particular vibrating-string problem under discussion. Thus, according
to the above statement of possible end-point restrictions upon the eligible
functions ¢, every ¢ is required to vanish at x = 0 (or x = L, or both)
if and only if every ¢, vanishes at z = 0 (or x = L, or both). We there-
fore avoid the end-point-discontinuity difficulty mentioned in the penulti-
mate paragraph of (b) above. On the other hand, at a free end point,
the second series of (35) may be discontinuous (according to the final
paragraph of (b) above), since each ¢, must vanish there, while ¢’ is arbi-
trary; this fact involves no difficulty in the proof which follows, however.)
From the parenthetic portion of (35) it follows that the orthogonality

1 A reading of 9-9(c) at this point (with a few obvious minor changes of wording)
should be extremely helpful in achieving a fuller understanding of the foregoing
characterization.
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conditions (33) are satisfied only if
CiL=2¢y = * " = ¢ = 0. (36)

Substituting the first of (35) for one factor of (32), we obtain?

/(;L cptdxr = nglcﬂ ALaand) dx = z ek =1, 37

n=1

with the aid of the parenthetic part of (35).
Substituting the second of (35) for one factor of (31), we obtain

c IJ’ 11 — 1 J,..‘ 700\
P 19® |y T Jo Padazp (38)

on integration by parts.2 Since either ¢ = 0 or ¢, = 0 at both oftz = 0,
z = L, the integrated portion of every term of (38) must vanish. With
the aid of (34)—with j replaced by n—(38) therefore becomes

I=— '21 Cn LL (1¢,)¢ dz = 721 Cahn LL ohnp dx = i Aach,  (39)

n=1

according to the parenthetic part of (35).
Taking into account (36) and (37), we may rewrite (39) as

o

I= ;Zlck,.cf, = Aknz c2 —I—nZk A — M) =\ + "2 (A\n — Ni)cl.

=k n=k

Since An > M if n > k, it therefore follows that I = \;; the equality sign
holds if ¢z = 1 and ck41 = Cey2 = 43 = * -+ = 0. But according to
the first of (35), this choice of the set of coefficients ¢, (clearly consistent
with (87)), taken in conjunction with (36), implies ¢ = ¢z. The stated

1The interchange of summation and integration, carried out in the sequel without
explicit statement of justification, is justified by the wniform convergence of the
series expansions, as stated in (b) above. Since ¢’ is merely piecewise continuous, the
second series of (35) may be discontinuous at a finite number of points. The conse-
quent nonuniformity of convergence is confined, however, to a finite number of
arbitrarily narrow subintervals whose contribution to any term-by-term integration
over 0 € 2 £ L can be made arbitrarily small—and therefore zero.

2 Tt is this integration by parts which requires the continuity of the eligible functions
¢ (see 2-4).

t See the parenthetic remark of the preceding paragraph. We may, of course,
have both ¢ = 0and ¢:, = 0 at one or both end points.
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minimum characterization of the vibrating-string eigenvalue-eigenfunc-
tion problem is hereby proved. Application is found in 7-6 below.

7-6. General Solution of the Vibrating-string Equation

(a) By means of the expansion theorem enunciated in 7-4() we may
obtain a solution of the vibrating-string equation (15) of 7-2(a), together
with an appropriate set of end-point conditions, which is sufficiently
general to cover at least those cases which are of physical interest. The
method we employ bypasses the equation (15) itself, but instead returns
to the integral (14)—mnamely,

t2 L
I=4% ﬁ 1 [) (ew? — rw?)dz dt (40)

—whose extremization according to Hamilton’s principle leads directly
to (15). Further, the method presupposes the prior solution of the

eigenvalue-eigenfunction problem associated with the given vibrating-
string problem; i.e., we have at our disposal the sequence of orthonormal

eigenfunctions ¢1, ¢2, . . . , ¢m, . . . and corresponding eigenvalues
My Ay « « « y Am, . . . for which
T6m + Amodm =0 (0 Sz £ L) (41)

and either ¢, = 0 or ¢,. = 0 at z = 0 and %z = L, for each m. (At a
free end point of the string ¢,, = 0; at a fixed end ¢ = 0.)
We suppose that w = w(z,f) is arbitrary for all £ in 0 £z £ L, to

within tha fallawinge limitafiana: (1) santinnity af 20 and 25 wnith
YY1lvulilll UilC 1U11UW1115 411311 U ULIULLOD « \1/ UULLULu.ulu‘Y Vil W Al w yviuvii

to both z and ¢, (ii) piecewise continuity of w. and ., with respect to =z,
(iii) w(z,t) describes the actual vibrating-string configuration at two arbi-
trary instants ¢ = ¢, and ¢{ = t; (requirement of Hamilton’s principle).
Finally, if the string under consideration is fixed at one end point (or
both), w(z,t) vanishes at that end point for both), for all . Regarded
as a function of z, w(z,t) clearly satisfies the requirements of the theorem
of 7-4(b) for expansion in terms of the eigenfunctions associated with the
given vibrating-string problem. Since w(x,t) depends upon ¢, however,
the coefficients in the expansion must depend upon ¢&.

A ¢ VPR I ) e Yt e A FOON £y AT
Ve thus write, accoraing to (29) of 7-4(0),

Ananant
UDPG\JU

W= calt)$n(z) (c,,, - ﬁf o d ) (42)

m=1

We may also expand w(z,t) as

0= donte)  (dn= [Fopuidz) (43)

mm]
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according to (29). Since w is continuous with respect to z, it follows
from the parenthetic parts of (42) and (43), and from the rule [2-3(a)] for
differentiation of an integral, that dm = ém. Thus since we may differ-
entiate the series of (42) term by term with respect to z, we have the
two expansions

© L

W = z n(Ddm(@), W = 2 em(t) (). (44)

m=1 m=1

Substituting the appropriate series of (44) for one factor of each term
of the integrand of (40), we obtain

I=1% i J (c,,. [ oomts dz — e [)" Wab)s dx) dt.  (45)
m=1

Integrating by parts the second integral over z, and using the fact that
either w (at a fixed end) or ¢,, (at a free end) must vanish at z = 0 and
z = L, we obtain (45) in the form

I=1% i J c ) L et dz + Cm ) g w(w:;)dx) dt
m=1

83 [ (6n [ otm da = hatm [Fogu dz) di
m=1

ok DI AIGER AL (46)
m=1

with the aid of (41), the parenthetic portions of (42) and (43), and the
fact that d,, = én.

Thus the extremization of the integral (40) with respect to the arbi-
trary function w(z,t) is reduced to the extremization of the simple inte-
gral (46) with respect to the infinite set of functions ¢.(f). To avoid any
possible difficulty involved in the circumstance of the appearance of
infinitely many dependent variables c.(f) in the integrand of (46), we
suppose that all but one—c,(f), say—are correctly determined as extrem-
izing functions. With this we may apply the Euler-Lagrange equation
(25) of 3-3(b)—replacing y by c. and z by £, and with f = } = (é2 —\.ck)
—to obtain é. + A.cn = 0 as the differential equation which must be
satisfied by the extremizing functiont c¢.(f). Since the choice of n is
arbitrary, however, this equation must hold foralln =1,2,3, . . ..

 Since the arbitrary eligible function w(z,t) is required to describe the actual string
configuration at { = ¢, and ¢ = ., we must suppose that c,(t) is prescribed at t = ¢;
and ¢ = ¢;. There are thus no special ‘“‘end-point”’ conditions on c,(t) at ¢ = ¢; and
{ = {1
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The general solution of the above equation for ¢,(f) is—with the excep-
tional case in which A\; = 0 left for end-chapter exercise 6(c)—

() = A, cos V/Ant + B, sin VA t n=123,...), 47

where the A, and B, constitute two sets of arbitrary constants. With
(47) we conclude from (42) that the general solution of the vibrating-
string problem is

w(z,l) = z bn(2)(An 08 \/2n £ + B sin /A 2). (48)
n=1
(b) The result (48) justifies the frequently emleVed analysis of any
/ o v “J “oJ
given state of vibration of an elastic string as a linear superposition of

vibrations, each of which is characterized by a single frequency. Com-
parison with (23) of 7-3(b) reveals that each term of (48) represents one
of the single-frequency modes of vibration which the string is capable of
executing.

The infinite sets of arbitrary constants A,, B, may be determined if
initial (¢ = 0) conditions are prescribed for w and w; discussion of this

point is reserved for end-chapter exercise 7.

7-6. Approximation of the Vibrating-string Eigenvalues and Eigen-
functions (Ritz Method)

Since precise analytical methods are not available in all cases, one must
in general resort to methods for approzimcting the eigenvalues and eigen-
functions associated with a given vibrating-string problem.! One such
method, generally known as the Ritz method, is a direct consequence of
the minimum characterization developed above in 7-4(c).?

(a) According to 7-4(c) substitution into

L
I=r [ ¢ds (49)
of any continuous, piecewise differentiable function ¢(x)—for which
¢(0) = ¢(L) = 0 and
L
[} osrdz =1 (50)
—bestows upon I a value no less than the lowest eigenvalue N\, associated

with the fized-end vibrating-string problem to which L, 7, ¢ pertain.
Accordingly, I provides an upper bound for \;.

t A few problems in which it is possible to write down explicit expressions for the
eigenvalues and eigenfunctions are handled in the end-chapter exercises.

2 See 10-10 below, second paragraph.

>
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Further, we may substitute into (49) an eligible function ¢(x) which
depends upon one or more parameters ky, ks, . . ., ky. Thus [ is com-
puted as a function of ki, ks, . . . |, ky, thh respect to which parameters
the integral is subsequently minimized. The minimum so achieved is
accordingly the lowest upper bound to A, obtainable through the class of
functions defined by ¢ and the sets of values assumed by the N parame-
ters. The larger the number N, the wider is the class of functions so
defined, and so, in general, the lower is the computed upper bound for A,.
(In the possible fortunate circumstance in which ¢, for some particular
set of values of ki, k2, . . . , ky, coincides with the actual eigenfunction
¢1, the upper bound computed by minimizing I with respect to these

narameters is exactlv \..) The essence of the Ritz method lies in the
parameters 1s exactly A;.) 1he essence ol the itz method hes 1n the

acceptance of the minimum of / with respect to the N parameters as an

nmfnfrn'ramnfﬂnm to ) (Tn /r\ hn‘nnr we nnncu‘]nr annrovimatinon of tha
tlt-’ vvvvvvvvvv .‘.L‘ ULADIWU L aIPHL VALAMIQUULIULY UL VaiANs

higher eigenvalues ()\2,)\3, .. .).)

The closeness of the approximation of course depends upon the selec-
tion of the parameter-laden function ¢. Although the criteria for the
accuracy in any given application of the Ritz method to a vibrating-
string problem are by no means clear-cut, it is generally (except, of course,
when the approximation happens to be perfect, as described parentheti-
cally in the preceding paragraph) possible to improve a given approximate
computation at the expense of increased labor. It is possible, in fact,
to refine the method into a convergent procedure [see (¢) below] although
the degree of accuracy is uncertain at every stage and the difficulty of
computation increases inordinately with each improvement of the approxi-
mation. Justification for the expenditure of such labor can lie, of course,
only in the degree of urgency resident in any particular computation.

(It should be emphasized at this point that although one may perhaps
be inclined to dismiss as insignificant the problem of the vibrating string
and the application thereto of the Ritz method, the concepts, ideas, and
techniques involved here are of enormous significance in their extension
and adaptation to problems of possibly greater importance. A complete
understanding of the work of the present chapter is an almost indis-
pensable prerequisite to comprehension of much of the subject matter
which is found in the final four chapters of this volume.)

(b) Although we may employ the Ritz method as described in (a)
above to achieve, in a particular case, a useful approximation to A,
it should be recognized that the parameter-laden function ¢ which leads
to this approximation is not necessarily a correspondingly useful approxi-
mation to the precise eigenfunction ¢:(x), even with the parameters
ki, ke, . . ., ky set at their minimizing values. In spite of this fact it
is convenient to label as “‘corresponding approximate eigenfunction’ the
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function ¢ that renders the integral (49) equal to a value which we accept
as an approximation to a particular eigenvalue. (This usage is main-
tained without further comment in chapters following.)

It is very often far more important to know the few lowest eigenvalues
associated with a given problem than it is to possess knowledge of any of
the eigenfunctions. As in the case of the vibrating string, the few lowest
eigenvalues involved in any vibration problem determine the few lowest,
and most important, natural vibration frequencies; in the Schrodinger
problem of Chap. 11 the lowest eigenvalues are the lowest, and most
important, energy levels of a quantum-mechanical system. In fact one
is often satisfied to know merely the lowest eigenvalue associated with
a given problem. For this reason we touch only lightly, in this and
following chapters, upon the possible approximation of eigenfunctions.
Instead, we devote our main effort toward the development of methods
which are readily amenable to the numerical approximation of the first
few eigenvalues.

(¢) The Ritz method for approximating the first few—say s—eigen-
values of a given vibrating-string problem may be formulated by means
of a rephrasing of the statement of the minimum characterization given
at the opening of 7-4(c):

The approximation A to the kth eigenvalue A is the minimum of the
integral

I=1 [)L V' dx (51)

with respect to those functions ¢ (belonging to the special class intro-
duced directly below) which satisfy the normalization condition

[ oyrdz =1 (52)
and the (kK — 1) orthogonality relations
[ odmbde =0  (m=12 ... k-1, (53)

where ¢,, is the mth approximate eigenfunction—z.e., a function which
renders I equal to An—form = 1,23, . . ..

It is clear, through comparison of the preceding formulation with
7-4(c), that inclusion in the class represented by ¢ of all the functions ¢
which are eligible for the minimization in the precise minimum charac-
terization would provide the result Ax = M for all k. In any single appli-
cation of the Ritz method, however, we create a special subclass of eligible
functions with respect to which the minimization of (51) is carried out:
We suppose that ®,(x), ®2(x), . . . , ®.(x) are s conveniently given con-
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tinuous functions continuously differentiable in 0 £ z £ L. If we deal
with a string whose end at = 0 (or z = L, or both) is fixed, each of
the ®; (j = 1,2, . . . ,s) must be chosen so as to vanish at z = 0 (or
z = L, or both). The special subclass consists of all functions ¥ which
exhibit the form

Vy=cPr+ P+ -0+ P = z ¢i®;, (54)

i=1

where ¢1, ¢3, . . . , ¢, are arbitrary constants consistent with the normali-
zation condition (52).
We immediately arrive at the inequality A\, £ A,, since )\1 is the mini—

mum nf (K1 rith ras ot 4+ a nlaa af narmalizad 11 hinh
diilliil UL \Ulj VV].ULJ- LUayU\JU llU X \/lalDQ i LlUlLua/ LT\ lullUUlUllD Wlllbll 1D

much wider than the class represented by (54). It is not at all obvious,
however, that A\, =< A,, since it is not generally possible to determine
whether or not the members of (54) eligible for the second minimization
of (51) form a subclass of the class of functions with respect to which
the (second) minimum of (51) is the precise eigenvalue A,. For, accord-
ing to (33) of 7-4(c), every member of the latter class is orthogonal to
the precise eigenfunction ¢,; on the other hand, each member of (54)
eligible for the second minimization of (51) is orthogonal merely to the
approximate eigenfunction ¢,, according to (63). By the same token we
cannot tell at a glance whether or not A3 =< Aj; Ay £ Ay, etc. Neverthe-
less, the inequality i < Az doeshold fork = 1,2, . . . , s, but the proof
is not at this point within our reach. In Chap. 9, however, a method is
developed by means of which Ay < Ay is readily established; a proof is
called for in exercise 23 at the end of that chapter. We therefore borrow
the result: Each A, is an approximation from above to the corresponding
eigenvalue \;; or, every A; is an upper bound for the corresponding A:.
The larger we choose the integer s in (54), the wider is the class of
functions represented by ¥, and the more accurate are the approximations
we achieve. If ®,, ®,, . . . , ®, are the first s of an infinite sequence of
functions for which there exists an expansion theorem such as the one
stated in 7-4(b),! the approximations become perfect in the limit s — o,
for then the class represented by ¥ includes all the functions ¢ eligible
for the precise minimizations. Unfortunately, however, the difficulties
of computation generally multiply tremendously with increase of s.
Substituting (54) into (52), we obtain

/mlzzdx— z z ,c,/ cd®; dx = z z cicios; = 1, (55)

1=1 5=1 1=1 j=1

1Tn which case the sequence is said to be ‘“‘closed.”
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where we define

n
v

Os5 = Oj; = J/.L O"Ih‘b,' dx. (56)

In accordance with (54) we write the approximate eigenfunctions as

Ym = 2 c™@; (m=12 ...,8, 67

i=1

so that the problem of finding each ., is equivalent to that of determining
the set of values ¢{™, ¢i™, . . ., ¢{™ for the coefficients ¢y, ¢3, . . . , €5,
respectively, in (54). Substituting (54) and (57) into (53), we obtain,
with the aid of the definition (56),

[Popbdz =Y Y ccMog=0 (m=12 ...,k—1. (58
Jo 1/ “f ’el i \ <5 b / \ /
Finally, if we define
L
Ty=Ts=r [ ¥ ds, (59)

substitution of (54) into (51) gives

8 8
I = z z ciciLyj (60)
i=1 j=1
for the quantity whose minima we seek. In particular since I = Ax when
¥ = Y, it follows from (57), with m = k, that
8 8
M=) ) oPery (61)

i=] j=1

To minimize (60) under the restrictions (55) and (58) we use the method
of Lagrange multipliers (2-6), whereby we form the quantity

8 8 8 8 k—1 8 8
= y y cicily; — A® y y CiCioi; — E A 5‘ y ceiMay,
i=1 jm=1 i=1 ;=1 m=1 iml j=1
where A®, AP, A, ..., A&V are undetermined multipliers. (In
our quest forthe kth minimum A; of I, we suppose thatc{®, ¢f?, . . . , c#?
are known forallj = 1, 2, . , 8.) According to 2-6 the kth minimum

of I is characterized by the s conditionsl

1 We make use of the relations I';; = I';; and oi; = oy;, here and below, without
explicit mention thereof.
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o 2?": ii—2A(k)S‘ Ci0ij —

J=1 m

t\4'

S‘ C(”')O'i_; =0,
=

1

or

¢ k-1 s
Y Ty —A®og)e =4 ) NP Y ooy (=12, ...,9. (62)
J=1

ju=1 mm=1
This set of s equations is satisfied by ¢, = ¢, c2 = ¢®, . . . , ¢, = c®.
In (d) below we prove that the multipliers )\‘” M2, L AED all

vanish. Accepting this fact here, we conclude from (62) that

Y Ty — A®e)e =0 G =12 ... 3. (63)

j=1

Since (63) constitutes a system of s linear homogeneous equations in the
s quantities ¢®, ¢, . . ., ¢®, which, according to (55), do not all van-
ish, the determinant of the coeﬁiments must vanish.! That is, A® must
be a root of the algebraic equation in A of degree s

T'i— Aoy The — Aoz ... T — Aoy,
R el R 7
I‘ll — Aosy I‘s2 — Acs2 Fu - Aa'u

Under the assumption that A = A® satisfies (64) and therefore that
the system (63) is satisfied, we multiply the 7th equation of (63) by ¢,
forall7z=1,2 ..., s and add the resulting equations—sum over ¢,
that is—to obtain

2 (I‘ij - A(")ai,-)c,‘-"’cﬁ"’ = 0. (65)
t=1 j=1

Solving (65) for A®, we find, with the aid of the normalization (55)—
with ¢ replaced by c(’°> for all subsecripts—

LALCAL U

3 8
A® = TicPel® = A, (66)
'iz:l JZI

according to (61).
Since the determinantal equation (64) has no explicit dependence upon
the specific choice of the index k, we must conclude from (66) that its

1See 2-8(b).
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s roots, arranged in ascending order, are the approximate eigenvalues A,,
Ae, . . . , A,—the quantities whose values we seek. Thus application of
the Ritz method to the approximation of the first few eigenvalues associ-
ated with a given vibrating-string problem involves merely (i) choosing
a suitable set of functions &), ®;, . . . , ®,, (ii) computing the sets of
integrals defined by (56) and (59), and (iii) solving the algebraic equa-
tion (64). Examples of the application are found in the exercises at the
end of this chapter.

(d) The Lagrange multipliers \;™ are introduced in (c¢) above to ensure
fulfillment of the relations (58) by the set of coefficients ¢{®, ¢{®, . . .
¢ which satisfy the system (62) of linear equations, with ¢ = ¢ for
all j=1,2, ..., s. For the actual solutions of (62) equatlon (58)
reads, in con]unctlon with (55),

(m)

Cgk)CJ(-M)O'i,- = Okm (m = 1,2, NN ,’C = 8), (67)

t1=15=1

where &, is the Kronecker delta introduced in the final paragraph of
7-4(a) above. We proceed to show that the multipliers A", A, . . .,
A=Y vanish forall k = 2,3, . . ., s. To do this we must deduce the
result, forn = 1,2, . . ., s,

Y (T — A®Wey)e™ = 0 (68)
“

from (62) and (67); we employ the method of complete induction.

Surely (68) holds for n = 1, as we find by setting k = 1 in (62)
(written with ¢; = ¢{®), since then the sum over m in the right-hand
member is empty. We now suppose that (68) holds for n = 1,
2, ..., k- 1: Multiplying the ith equation of (62) (with ¢; = ¢{®)
by ¢{® (n < k), forallz =1,2, . . ., s, and adding the resulting s equa-
tions, we obtain

2 2 T, c(k)c(n) A(k)z z c”"c"" — % 2 )\;_'m) z 2 6{jC§M)C$">. (69)
m=1 i=1;7=1

i=1j=1 i=1j5=1

Because of (67) the coefficient of A® in (69) vanishes, since n < k. For
Phe same reasons, the only term in the sum over m which does not vanish
is the one for which m = n, and the coefficient of A{” is 4. Thus (69)

becomes, on slight rearrangement of the left-hand member and use of
the fact that I';; = T},
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8 8 8 8
ne = z o 2 T = A™ z *) z aiie™
8

j=1 i=1

(70)

= A 2 z 6P

with the aid of (68) (with indices 7, j reversed), which is assumed valid
for n < k. Since n <k, (67) dictates that the final member of (70)
vanishes, so that we have Ay = 0forn=1,2, ..., k — 1; that is,
every term of the right-hand member of (62)—with ¢; = c¢{*—must
vanish, and (68) holds also for n = k.

The required proof is complete: Assumption that (68) holds for
n=12. Ic — 1 implies that (68) holds also for n = But (68)
is known +o uld, as pointed out above, forn = 1;1it therufor holds also

forn = 2. Since it holds forn = 1, 2, 1t must hold also for n = 3, and—
by continuation of the same argument (the usual argument of “‘ complete
induction”’)—for all n = 1, 2, . . . , s. The direct passage from (62)
to (63) in (c) above is hereby justified.

7-7. Remarks on the Distinction between Imposed and Free End-point
Conditions

In the statement in 7-4(c) of the minimum characterization of the
eigenvalue-eigenfunction problem for the vibrating string, we note a
distinction between the two types of end-point conditions which does
not appear in the characterization of the problem through the differ-
ential equation (19,i) of 7-3(a). When one deals with the differential
equation, on the one hand, the cases in which the (fixed) end-point con-
dition ¢ = 0 applies are handled in much the same manner as those in
which the (free) end-point condition ¢’ = O applies. In the minimum
characterization, on the other hand, we observe the following exceedingly
important difference between the two cases:

At a fixed end point we must require that every function ¢ eligible for

tho mq'namqanfanfn must vanish at that end nnlnf Af‘ fY‘PP end hn’lhf
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however, there is no special restriction whxch must be placed upon the
functions ¢ eligible for the minimization; the vanishing of ¢’ at a free
end point arises as a ‘“‘natural’” end-point condition which turns out to
be necessarily satisfied by the minimizing functions. That is, an eigen-
function in a free end-pcint problem effects the minimization not merely
with respect to eligible functions which satisfy the end-point condition
¢’ = 0 but with respect to eligible functions which satisfy arbitrary end-
point conditions. An eigenfunction in a fixed end-point problem, how-
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ever, effects the minimization only with respect to the class of eligible
functions which satisfy the end-point condition ¢ = 0.

Although the foregoing remarks are of course redundant with respect
to 7-4(c), they appear for the sake of reemphasis and because the same
type of distinction plays a role of extreme importance in chapters follow-
ing—especially in Chap. 9. We must keep clearly in mind the essential
difference between imposed boundary conditions and so-called natural
boundary conditions.

EXERCISES

1. Assuming the existence of a surface z = z(x,y) for which the area enclosed by a
fixed space curve is & minimum, show that

8 a3
\+;( \‘0
”“’\‘\/1-1—2 —rzy/ oy \/ “+ —1—zy/

on the minimal surface.

2. (a) Let y = ¢(x) be a curve in the xy plane. Show that (¢’’/¢) > 0 implies that
the curve is everywhere convez toward the z axis, and that (¢''/¢) < 0 implies it is
everywhere concave toward the z axis.

(b) Use part (a) to show that no function ¢ which satisfies (19,i)—in which » > 0,
o(x) > 0—can (i) vanish for two distinct values of z if A £ 0, (ii) have a vanishing
derivative for two distinct values of z if A < 0, (iil) vanish at one value of z while its
derivative vanishes at a second value if A < 0. (Thus we have a geometric-intuitive
proof of the fact that there are no negative vibrating-string eigenvalues.)

(c) Let ¢ = ¢(x,\) be the solution of (19,i) for which ¢(0,A) = 0, ¢’(0,A) = 1, for
arbitrary A. It can be shown that ¢(z,\) and ¢’(zx,\) are continuous functions of A.
Hint: Let ¢(z) = ¢(z,x + AN) — ¢(z,)), so that ¢(0) = ¢'(0) = 0. Show that
' + Ny = —Aleg(z,A + AN). Assuming ¢ to be known, use the method of vari-
ation of parameters to solve the equation for ¢, with the given conditions at z = 0, and
so show that ¢ and ¢’ are proportional to AX.

With the knowledge of this continuity develop a geometric-intuitive proof that
there exists a smallest positive value A, of A for which ¢(L,\) = 0. Hint: By part
(b) above, ¢(L,0) > 0. As X increases continuously from zero, the curvature of
y = ¢(z,\), which is concave toward the z axis, increases. For sufficiently large A,
the curve must cross the z axis at z = L.

(d) Extend the method of part (c) to show that there exists an infinite unbounded

sequence of positive values Ay, A2, A3, . . . of A such that ¢(L,\) = 0. The demon-
stration should be such as to make evident the fact that ¢(x,\.) vanishes (n — 1)
times in the open interval 0 <z < L,foralln =1,2,3, . ... (Thuswe havea

geometric-intuitive proof of the existence of an unbounded positive sequence of
eigenvalues associated with a vibrating string having both ends fixed. The restric-
tion ¢’(2,0) = 1 is unessential; each function ¢(z,\,) may be multiplied by any non-
zero constant without altering the essence of the argument.)

(¢) Adapt the method of parts (c) and (d) to demonstrate the existence of the
eigenvalues associated with the string having (i) both ends free and (ii) one end—say
z = O—free and the other fixed. HinT: In each case let ¢(z,\) be the solution of
(19,i) for which ¢(0,)) = 1, ¢’(0,)) = 0, ete.
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In both cases the nth eigenfunction vanishes (n — 1) times in the open interval
0<z<L.

3. Let ¢(x) and ¢*(z) be two distinct solutions of (19,i) for the same value of A.
Prove that the wronskian [2-8(e)]w = (¢*¢' — ¢¢*’) is a constant. HiINT: Use (19,i)
to prove (dw/dz) = 0.

Thus show that, if both ¢ and ¢*, or both ¢’ and ¢*’, vanish at a single value of =z,
the wronskian is identically zero. (Since ¢ and ¢* are therefore linearly dependent,
we have here a proof that there corresponds only one linearly independent eigenfunc-
tion to each vibrating-string eigenvalue.)

4. Given the series expansion (29), use (28) to derive the parenthetic part of (29).
Hint: Multiply both sides of (29) by o¢m, for m =1,2,3, . . . , and integrate term
by term from z = 0 to z = L. In the resulting right-hand member, only the term
for which n = m is different from zero.

6. Use 4-1 and 4-2(b) to characterize the vibrating-string eigenvalue-eigenfunction
problem as an isoperimetric problem: The eigenfunctions extremize the integral
I = [\ g ¢'? dz with respect to functions ¢ for which the integral J = [\ L o¢?dx

Jo
has a prescribed value; at fixed end points the eligible functions must vanish; at free

end points the eligible functions are arbitrary.

6. (a) Prove in three ways that A = 0 is an eigenvalue in (19,i) if and only if we
have ¢'(0) = ¢'(L) = 0: (i) Use (21). (ii) Use exercise 2 above. (iii) Solve (19,1)
explicitly. Show that the corresponding eigenfunction is ¢ = constant.

(b) How must (22), and accordingly (23), be modified in the event A; = 0? HiNT:
Solve (19,ii) with x = 0.

(c) Rewrite (48) so that it applies to the problem of the string with both ends free.

7. Show that the sets of coefficients Am, B, in (48) are evaluated as

L
L cdmiv(z,0)dz,

JY

L 1
Ay = L Pbuo(&0)dz,  Ba = =
where the initial shape w(z,0) and initial velocity distribution w(z,0) are prescribed
arbitrarily. HinT: For An, set £ = 0 in (48); then use (29). For B, use (48) to
from w(z,0); then use (29).

8. A vibrating string is subjected to a nonconservative transverse force per unit
length given by the expression F(z,t). (That is, an element of length dz at x experi-
ences the externally applied force F(z,t)dx perpendicular to the z axis in the planc
of vibration.)

(a) Use the extended Hamilton’s principle of 6-7 to show that the equation of
motion of the string so influenced is derived by extremizing the integral

I=|" | et = rwd) + Fuldz d.

Thus derive the equation of motion

2w %y
“aE =~ Tag T F@D,

as well as the condition (dw/dz) = 0 at a possible free end point.

. (Weimposew = 0
at a fixed end point from the outset.)
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(b) Extend the method of 7-5(a) to show that the general solution of the problem

«
at hand is w = 2’ em(t) ¢m(x), where

m=1

2
%:?”"+>\mcm=LLF¢mdx (m=1,2,3,---)
and the Am and ¢. constitute the sets of eigenvalues and corresponding normalized
eigenfunctions associated with the same string in the absence of the external force
distribution.

9. Throughout this exercise we deal with the uniform vibrating string of density
o = oo, a constant.

(a) Show that the general solution of (19,i) is, for ¢ = oo,

¢ = C cos (\/&:9 .’b) + D sin (@ :2:)7 (71)

where C, D are arbitrary constants. For the uniform string with fixed ends show that
C =0 and sin (v/aeo/r L) = 0. Thus show that the eigenvalues are given by
A = (n?r%/L%,), with the corresponding eigenfunctions ¢, = D, sin (nrxz/L), for
n=1223,....

Show that the normalization (20) is satisfied if Dn = +/2/5,L for all n.

What are the natural vibration frequencies of the uniform string with both ends
fixed? ANSWER: (\/\,/27) = (n/2L) \/7 /o

(b) List the eigenvalues and corresponding normalized eigenfunctions for the
uniform string fixed at z = 0 and free at z = L. Hint: Use (71). Show that C =0
and cos (\/Aeo/r L) = 0.

(c¢) List the eigenvalues and corresponding normalized eigenfunctions for the
uniform string free at both x = 0, 2 = L. ANSWER: M\y1 = (n?r2/L%,) for n = 0,
1,2, ... ;¢1=(/VaoL), ér+1 = \/2/soL cos (nrz/L) forn =1,2,3, . . ..

(d) Write down the general solution (48) explicitly for the string of part (a).

10. (@) With ¢ = A(z/L)*[1 — (z/L)] (k > %) use the method of 7-6(a) to show
that the first eigenvalue of the fixed-end uniform vibrating-string problem in which
¢ = ¢, & constant, satisfies the inequality x; < [#k(k + 1)k + 3) /ooL2(2k — 1)].
(We note that the requirement ¢(0) = ¢(L) = 0 is fulfilled.) HinT: First show that
the condition (50), with ¢ = ¢y, demands that 42 = [2k + 1)(k + 1)(2k + 3)/ool];
then substitute into (49).

(b) Show that the “best’ value for k in part (a) is the solution of

2k +3)(2k — 1)2 =6

for which £ > 3—namely, k = 1.04, approximately. That is, verify that the upper
bound given for A; is a minimum when k¥ = 1.04. Thus show that \; < 9.98 (+/¢0L?).
(Compare with the precise value A1 = =2(r/o,L?) derived in exercise 9(a).)

(c) With ¢ = A(z/L)* (k > }) adapt the method of 7-6(a) to show that the first
eigenvalue of the uniform-string problem with the end at z = 0 fixed and the end at
z = L free satisfies the inequality N\, < [+k2(2k + 1) /ooL2(2k — 1)]. (We note that
the single end-point requirement, ¢(0) = 0, is fulfilled.) Hint: First use (50), with
o = g, to derive A2 = [(2k + 1)/0oL]; then use (49).

Show that the ‘“‘best” choice is approximately k = 0.8, so that Ay < 2.8(r/aoL?).
(Compare with the precise value \; = (x2/4)(r /ooL?) derived in exercise 9(b).)
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11. (a) With &; = (z/L)/[1 — (z/L)] ( = 1,2) use the method of 7-6(c), with
8 = 2, to approximate \; and \; for the fixed-end uniform (¢ = ;) string. ANSWER:
A = (107 /ooL?), Ay = (42r/00L?). Compare with Ay and A, derived in exercise 9(a).

(b) With ®; = (/L) (j = 1,2) use the method of 7-6(c), with s = 2, to approxi-
mate A, and A, for the uniform (¢ = o) string that has its end at z = 0 fixed and its
end at z = L free. ANSWER: A1 = (2.497/00L2), As = (32.2r/0oL?). Compare with
A1 and X derived in exercise 9(b).

() With®; = (z/L)"~1 (j = 1,2,3) use the method of 7-6(c), with s = 3, to approxi-
mate \j;, A2, A3 for the uniform (¢ = oy) string with both ends free. ANSWER:
Ay =M =0, Ap = (127/00L?), As = (607/00L?). Compare with A\, and A; derived in
exercise 9(c).




CHAPTER 8

THE STURM-LIOUVILLE
EIGENVALUE-EIGENFUNCTION PROBLEM

In this chapter we consider a slight generalization of the eigenvalue-
eigenfunction problem met in the theory of the vibrating string (Chap. 7).
To achieve this generalization we appeal to no physical problem for a
starting point but, instead, deal with a problem formulated in purely
analytic terms.

8-1. Isoperimetric Problem Leading to a Sturm-Liouville System

(a) We consider the problem of extremizing the quantity
I = L:z (r¢'? — po?)dz + aild(x1)]? + asd(x2)]? 1)

with respect to continuously differentiable functions ¢(x) which satisfy
the normalization condition

r o

jj: cp?dx = 1. (2)

The given functions r(x) and o(z) are continuous positive functions, with
7(x) continuously differentiable in z; £ z = xs; u(x) is given as continu-
ous in the interval. The given constants a; and a, are nonnegative.

In one aspect of the problem no conditions are imposed upon the
eligible functions ¢ at the given end points z; and z:; we call this the
“free-end-point problem.” In a second aspect we require that the eligi-
ble functions ¢ vanish at one (the “free-fixed problem”) or both (the
“fixed-end-point problem”’) end points. (If x = z; isa fixed end point,
the term involving a; in (1) does not appear for j = 1, 2, or both.)

(b) To facilitate bringing the problem of (a) above within the scope of
the isoperimetric problem considered in 4-1 and 4-2(b) we introduce the
continuously differentiable function a = a(x) which is arbitrary to within

the limitations a(x;) = —aiand a(z2) = a;. We may thus rewrite (1) as

I = / [Tw —ugt + d% (a¢2)] dz. @)
119
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Using the method of 4-1, we form, from the integrands of (3) and (2),
the function

£ = 6 = utt + L (a9t = ow, @

where —A is an undetermined multiplier. Substitution of (4) into (14)
of 4-1(b), with y replaced by ¢, provides!

d% (7¢') + (u + No)pp = 0 (5)

as the differential equation which must be satisfied by any extremizing
function for the problem of (a).

In the free-end-point problem, substitution of (4) into the general free
end-point condition (18) of 4-2(b) yields the result 7¢’ + a¢ = 0 at
T = I1, T = T, or—since by definition a(z:) = —a, a(z:) = as—

(1) 19’ (®) — a14(x1) = 0, 6)
(ii) 729 (T2) + a2(x2) =

where we write 7(z1) = 71, 7(2) = 72. In a fixed-end-point problem we
replace (6), of course, by the conditions

(i) ¢(z1) =0, (i) é(x2) = 0. @

In a free-fixed problem one condition from each of (6) and (7)—() from
one, (i1) from the other—applies.

Equation (5), with the functions =, o, p given, is called the Sturm-
Liouville differential equation. This equation, together with an appro-
priate set of end-point conditions from among (6) and (7), constitutes a
Sturm-Liouville system. Such a system is linear and homogeneous: If any
function ¢ satisfies the system, so also does the function k¢, where & is
an arbitrary constant. Since o(x) > 0 for z; £ z £ z;, any Sturm-
Liouville ¢ (not identically zero) may therefore be supposed, when
necessary, to satisfy the normalization condition (2). The solution of a
Sturm-Liouville system is an eigenvalue-eigenfunction problem, of which
the main problem encountered in Chap. 7 is a special case. (In Chap. 7
we suppose a; = a; = 0, u(x) = 0, 7 = constant.) The eigenvalues
are those values of \ for each of which (5) has a solution that meets the
specific end-point conditions of the problem; the corresponding solutions
are the eigenfunctions.

1Tt follows from the result of 3-4(c) that the term (d/dz)(a¢?) in (4) has no influence
upon the Euler-Lagrange equation generated upon f*. (We may, of course, verify
this fact by direct substitution into (14) of 4-1(b).) Thus the specific character of a(z)
plays no role here.
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It can be shown! that the eigenvalues constitute a discrete unbounded
set A1 < A2 < * -+ <A < - - -, with one and only one? linearly inde-
pendent eigenfunction corresponding to each. The expansion theoremn
of 7-4(b) applies to the Sturm-Liouville eigenfunctions with no alteration
other than replacing 0 < 2 S L by z; < ¢ < z;. From this theorem we
may develop a minimum characterization of the Sturm-Liouville eigen-
value-eigenfunction problem analogous to the characterization given in
7-4(c) for the vibrating-string problem (see exercise 5 at the end of this
chapter). Proofs of the orthogonality of the Sturm-Liouville eigenfunc-
tions are reserved for end-chapter exercises 2 and 3.

8-2. Transformation of a Sturm-Liouville System

(a) For various purposes it is often necessary to effect a change in the
form avhihitad hyv a diffarantial anuation Anonrdine to what aort of
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change is required, it may be accomplished by change of independent
variable, change of dependent variable, or both, or merely by multiply-
ing the equation by a suitable factor. As an example of the latter case
we demonstrate the possibility of writing any linear homogeneous equa-

tion of second order in the so-called self-adjoint form—mnamely, in the form
d , _
£ (r¢') + g@)¢ = 0 ®)

—through multiplication by a suitable factor.
We consider the given equation
p(x)¢" + q(x)¢’ + h(z)¢ = 0, (9)

which we multiply by the function s = s(z), at this point undetermined.
Comparison with the expanded form of (8) reveals that (9) becomes self-
adjoint if and only if (d/dz)(sp) = sq, whence (s'/s) = (¢/p) — (p'/Dp).
Integrating, we obtain directly

q
s = le/ i (10)
4
and so conclude that (9) becomes the self-adjoint equation
d , _
Zi; (Sp¢) + Shd’ - 0)

where s is given by (10). (We note that the Sturm-Liouville equation (5)
possesses the self-adjoint form. See end-chapter exercise 1.)

1 See Ince, Chap. 10, and also exercise 6 at the end of this chapter.
% See end-chapter exercise 4 for a proof of the nondegeneracy.
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(b) The transformation of a given differential equation through a
change of independent variable, a change of dependent variable, or both,
may be effected, of course, through direct substitution. Quite often the
relationships expressed in the transformation equations are not com-
pletely known but remain to be determined in a fashion designed to bring
the differential equation into a particular desired form. In the case of
the Sturm-Liouville equation (5), or any other equation of the form (8),
a great simplification in the determination of the required transformation
relationships is achieved through carrying out all changes of variable in
the integral whose extremization leads to the differential equation. The
simplification lies in the fact that, while the differential equation involves
the second derivative, the integrand function involves only the first
derivative of the dependent variable. Moreover, any transformation of
end-point conditions arising from a change of variable may be effected
simultaneously with the change of form of the differential equation if the
integral, rather than the differential equation itself, serves as target for
the substitutions.

According to (4) of 8-1(b) the integral whose extremization leads to
the Sturm-Liouville system represented by (5) and (6) is

I* = / |:T¢,2 T M + >‘0')¢2 + % (ad’z)] dx) (11)
where a(z:) = —ai, a(zz) = a;. We note in passing that the end-point
conditions (6) are expressed in terms of the function a(zx)—arbitrary to

within differentiability and the assigned end-point values—as
()¢’ + a(x)p =0 at £ = z,, ¢ = Z». (12)

The most general type of transformation we seek to effect here involves
the change of independent variable x = z(z), with 2z the new independent
variable, and the simultaneous change of dependent variable

¢ = u(z)w(z), (13)
with w the new dependent variable; the role of u(z) is discussed in the
naracranh followineg. The change x = ,,.(7\ is restricted to functions 'r(ﬂ

Paiagpiapii 1VLUV LG, A AT Viiuiigm T e 2 TS uiiLUTR 2RIV VAVINS L

whose derivative with respect to z——denoted by #(z)—is strictly positive,
so that z is a single-valued function of z. Further, we make the con-
venient, although unessential, requirement that the change of independ-
ent variable be such that z; = 2(0) and z; = z(r). Thus, as z increases
continuously from 0 to m, x increases continuously from z; to z and
vice versa.

In the change of dependent variable (13) from ¢ to w the function u(z)
plays the role of a tool, as does the function z(z), in our quest for any
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given new form of the Sturm-Liouville system. We make the restriction
u(z) > 0 for 0 <z < w. One consequence of this requirement, accord-
ing to (13), is that the vanishing of w(z) for a particular value of z in
0 = z £ 7 is equivalent to the vanishing of ¢(z) for the corresponding
value of z in 1 £ z £ x,; the total number of zeros (vanishing points)
possessed by w(z) in 0 £ z £ 7 equals the total number of zeros pos-
sessed by ¢(x) inz; < = < 7o

Using the superior dot to indicate differentiation with respect to z,
we obtain, according to (13), ¢’ = (¢/2) = [(uw + uw)/z]. Substituting
this result, with (13), z = z(2), and dx = z dz, into (11), we obtain

an2
w

I‘I 2 y 72

[lrur ., | 2run | [ .

I* = — WP —— w4+ | — — 2u(u + No)
Jo\ 2 & L &

S S

7

+ 5 \au‘w‘)j dz, (14)

after a slight regrouping of terms. In order to evolve (14) into the same
form as (11) we employ the identity

P P Y T S N Y £ A
% ww—l—:bw——( w) wu —\ 7 )

dz\ =

with this, (14) becomes

(42 A 1
I*=/0 iz u')z—l_u(—i; —:b—)+:bu2(u+)\a)Jw2

+ d%[(au + %) w]} dz. (15)

With the definitions?!

@) T(z) = T‘Z‘" (i) M(z) = u%(lg) + Zun, (16
(iii) 8@) = dwle,  (iv) A(z) = au? + ”‘7“
equation (15) becomes

I* = ﬂ [Tu')’- — (M + AS)w? + d—dg (sz)] dz, (17)

which, in form, is identical with (11). Accordingly, the Sturm-Liouville
system required for the extremization of (17) may be written down imme-

11t is assumed that u, g, = are all expressed in terms of z through z = z(2).
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diately by inserting the appropriate changes of nomenclature into (5) of
8-1(b) and (12):

Ed; (Tw) + (M + AS)w = 0, (18)
Tw + Aw = 0 atz =0,z = 7. (19)

(In a fixed-end-point problem the functions a(z), A (2) play no role what-
ever. Because of (13) and u(z) > 0 the conditions ¢(z,) = ¢(z3) = 0
automatically become the conditions w(0) = w(r) = 0. If merely one
of the conditions ¢(z1) = 0 or ¢(x2) = O is imposed (the free-fixed prob-
lem), we are concerned with the specific values a(z;) = a; and 4 (r) if the
former is required, with a(x;) = —a; and A(0) if the latter is required.)

Explicit justification for the above method of transforming (5) into
(18), and (12) into (19)—namely, proof that the transformed integrand
function leads to the same differential equation and end-point conditions
we should achieve on direct substitution of xz = z(2), ¢ = uw into (5)
and (12)—is reserved for (¢) below. There follow directly specific exam-
ples of the above transformations.

(c) It is of some importance! to obtain the transformed Sturm-Liouville
equation (18) in the special form in which 7 = 1 and 8 = K?, where
K is some conveniently chosen positive constant. According to (16,i,iii)
the desired transformation may be effected through the simultaneous
satisfaction of (ru?/Z) = 1 and zu’% = K2 from which follow

_VEK _1 ”f\/? _1 ”“\/’«E
ER= LS TRV Sy VLY

since # = (dz/dz), z(0) = z1, and z(7) = z..
With the transformation (20) the Sturm-Liouville equation (5) reads,
through (16) and (18),

dZ
d*w {Kzu dz? (or)?

dz? - (or)t + szJ w=0 (21)

The relation between the old and the new dependent variable is, accord-
ing to (13) and the first of (20), ¢ = [\/K/(er)}w. (We are not con-
cerned here with the transformed end-point conditions (19), although
explicit representation is readily achieved through (20).)

A tacit special requirement for the transformation to (21) is clearly the
differentiability of the product 7.

1 See Ince, pp. 270-273, for example.
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(d) Discussion of the properties of a Sturm-Liouville system—in par-
t+ionlar nroof of the existence of an infinite unbounded sequence of eigen-

uifulad, PAUUL Ui VAT TAISULIIUL U2 &322 2222222200 RAAVURRAINRTR ST WRTAIVT Vi Ciagvas
values of A—is greatly simplified! if we deal with a transformed system
in which T = 1 and A(0) = A(r) = 0. The latter condition is ensured
by requiring A(z) = 0 identically in 0 < 2z = =. According to (16,i,iv)
we may effect the desired transformation by setting

TU? TUY

'y = 1, au2+—~—~ =0, (22)

from which it follows directly that (#/u?) + a = O, or
~ (2 jfadz>_b and jf“ @ _ lj \} adz) iz, (23)
z: T
since # = (dz/dz) and z(0) =

We note that the function a(z) which appears in (22) and (23) is arbi-
trary, except in so far as it is continuously differentiable and fulfills the

end-point conditions a(zi) = —a1, a(zs) = as, where a, and a, are given
nonnegative constants. Since z = 0 when z = z;, and z = = when
x = z, the end-point restrictions may be expressed as a = —a; when

z=0,and a = a; when z = 7. The simplest—but by no means unique
—form of a as a function of z which satisfies these requirements is the
linear function .

1

o ==lalz — m) + asl; (24)

q

we use the representation (24) in all that follows. Thus we have the
indefinite integral

/adz = %r [a1(z — )2 + a?] + C

a1+t a (z _am )2 a0
2r a, + 17 2((11 + az)

where the constant of integration C is chosen in such fashion that z = z,

corresponds with z = 7 in the second of (23). We have, namely,

/ Tx / dz_ ., (26)
o Wt ae (z _ o ) i + 20
™

ai + az a1+ a
according to (23), (25), and z(r) = z..

! A rigorous existence proof is found in Ince, Chap. 10. See also exercise 6 at the
end of this chapter.

+ C, (25)
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That there exists a constant C which satisfies the relation (26) is clear
from the following considerations: Since 7(z) > 0 and z; < Zg, the left-

ARV Walg VVASIITIKUIVIIS .. RLA2VT (22 8AV S valio 202

hand member of (26) is positive. By taking C sufficiently large, the
tight-hand member can be made arbitrarily close to zero. By taking C
sufficiently close to, but greater than [ —a.azr/2(a1 + a,)], the right-hand
member of (26) can be made arbitrarily large. Since the right-hand mem-
ber is a positive continuous function of C for C > [—aiam/2(a;1 + a2)],
it therefore follows that there exists a value of C for which (26) is satisfied.
(We note that the required value of C renders (25) positive—a condition
made necessary by the first relation of (23).)

In any specific problem the value of C may be computed from (26)

fhrnnn}\ cr\mn r\rnnnr]nrn n‘F nnmnr‘no] OY\“"I'\VIW\ “"'lf\‘l’\ in‘] ~” YTMialry "\ﬂ !‘] "'O"‘_
S 20 AT VLiVi QY VA VALILLGIUIVLL il W 1)y VU Qeler

mmed as a functlon of z, or vice versa, from the second of (23) For our

nroacant nurpgse 1t anfRniant mnrn]wv +n damanetrats +tha ata nf
y;vovuu MPuipUuse 1v 1S sunicienti mer Ciy WU uoxx;uuouxauo e exisience o1 &

transformation of the type introduced in (b) above for which the trans-
formed differential equation (18) reads

dw+(M+)\S)w—O (27

with the transformed end-point conditions (19) reading
w(0) = w(m) = 0. (28)

(¢) We provide here the explicit justification—called for in the final
paragraph of (b) above—of the transformation method developed in (b)
and exemplified in (¢) and (d). Into the integral

I= ["f*@,4)ds (29)

we introduce the changes of variable z = z(z) and ¢ = uw having the
characteristics of the transformations described in (b). Thus since
dz = &dz, ¢' = [(ub + ww)/E], 2. = z(0), and z; = z(m), the integral
(29) becomes

T u + uwY [~ . .
=, 7 \x(z),uw,—————}xaz =), 9" *(2,w,w)dz, (30)

where g* = f*i.

To construct the Euler-Lagrange equation required for the extremi-
zation of (30) we employ the relations ¢ = ww, ¢’ = [(wb + ww)/%] to
form the derivatives

g* _ a(f*x) d¢ | 9(f*x) ¢’ af* af* u
?a"zE“ 96 ow T 0@ aw_”(é?bu“"aqs :z:) (31)
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and

d (ag*\ _ . d[au*) ag’] _ . d (af*
z\ow) = *qx | a¢ ow | Taz\ag )

Since (u/%) = (du/dz), we have directly from (31) and (32) that

ag* d [ag* . laf* d (of*

% a(%) =% - %)) @
Because, as required, zu  0in 0 £ z < =, it follows that the vanishing
of the left-hand member of (33)—satisfaction of the Euler-Lagrange equa-
tion associated with the transformed integral (30)—is a concomitant of
the vanishing of the bracketed portion of the right-hand member—satis-
faction of the Euler-Lagrange equation associated with the original inte-
gral (29).

Moreover, since (dg*/6w) = u(df*/d¢’), the transformation of the end-
point conditions is correctly carried out through the integral substitution.
For in the free-end-point problem we obtain (3f*/d¢’) = 0 at z = x4, x,
as necessary for the extremization of (29), (dg*/dw) = 0 at z = 0, 7 as
necessary for the extremization of (30). (In the fixed-end-point prob-
lem the question of transformation of the end-point conditions does not
arise.)

790\
\94)

8-3. Two Singular Cases: Laguerre Polynomials, Bessel Functions

(a) In 8-1(a) requirements are set forth concerning the functions 7(z),
u(z), o(z) which appear in a given Sturm-Liouville equation. In par-
ticular we have r(x) > 0, u(z) continuous (and therefore bounded) and
o(z) > 0in the closed interval of definition z; £ z £ z,. Moreover, the
end points z; and z. are assumed to be finite. In this section we treat
two cases, of use in chapters following, in which not all of these condi-
tions are met; such cases are characterized as singular. We deal here
with extremum problems whose solutions lead respectively to the well-
known Laguerre polynomials and Bessel functions. Since these are
treated adequately in the literature,! many of the results concerning
them are stated below without proof. It is our main purpose merely to
demonstrate the possibility of defining these functions within the frame-
work of the calculus of variations.

In the singular cases considered, () vanishes at one or both end points.
Since we choose the function a(z), introduced in 8-1(b), to be zero at such
end points, the applicable end-point condition (6) reads 7¢’ = 0. It
would therefore appear, at first glance, that the end-point vanishing of 7
automatically effects the satisfaction of this condition for all values of

1 See, for example, Jackson.
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the parameter \. It happens, however, that the vanishing of = for a par-
ticular value of z introduces a singularity into the Sturm-Liouville differ-
ential equation, so that we cannot be certain a prior: that a solution ¢(z),
or its derivative ¢'(x), is bounded at that value of z. It becomes expedi-
ent, therefore, to rewrite the end-point condition r¢’ = 0at x = z,and/or
T = I3 a8
lim (r¢’) =0 and/or lim (r¢’) = 0. (34)
21 aad 3]
The eigenvalues are those values of N\ for which solutions of the differ-
ential equation exist satisfying one or both of (34) as required, as well as
any other independent end-point condition which is applicable.

It happens that conditions of the type (34) are equivalent, in the cases
we consider below, to (i) the requirement that the eigenfunctions be
bounded in the interval of definition, and (ii) the requirement of the
existence of the integral whose extremization leads to the differential
equation. Requirement (i) is crucial in the problems of the circular
membrane (exercise 13, Chap. 9) and the circular plate (exercise 29,
Chap. 10), for example; requirement (ii) finds its greatest significance in
the study of quantum mechanics (Chap. 11).

(b) We consider the singular Sturm-Liouville system defined by

r=2e2 u=0 o=2z%¢* a=a=0 =0 z=+x,
where kK > —1. The integral whose extremization leads to the system is

I* = f(—)n zke—*(z¢'? — N¢?)dx. (35)

The corresponding Euler-Lagrange equation (5) reads, on division by
zke~=,

¢ + (k+1—2)¢' + ¢ =0; (36)
the end-point condition (34) at £ = « is
lim (z*+e—2¢’) = 0. 37)
Equation (36\ has a solution for which (87) holds if and only if A = n
(n =0,1,2, . . .); this solution ( nnormahzed) is
O = (e"‘x"""‘) k>-1;2=012 ...). (38

n! d:v"

The function L*®(z) is clearly a polynomial—the Laguerre polynomial
of degree n (with upper index k). It is obvious that (38) satisfies the

1 Bome authors omit the n! in the denominator of (38) in the definition of L&,
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left-hand end-point condition of (34)—namely, lim (z*¥+le—2¢’) = Q—
z—0

i ma I N 1
since v~ T 1.

(¢) We consider the singular Sturm-Liouville system in which
n2
T =X, u—"—-’—-;, o =2=x, a1=0, azgo, 1:1=0, xz>0,
where 7 is a given nonnegative constant. The integral whose extremiza~
tion leads to this system is

I* = /n [z¢’2 + (ZL—% - )\z) ¢? + 4 (a¢’)] dz (39)
0 z dz ’

where a(0) = 0, a(z;) = a,. We effect the change of independent vari-
able z = 1/A =, whence (39) becomes

2V n? d
I* = / [quz + (—- - z) o+ (a¢2)] dz; (40)
0 2

2

the superior dot indicates differentiation with respect toz. The extremi-
zation of (40) leads to the Bessel differential equation

d*¢

22 —
dz?

+e2 @ -ne=0 Osesavd. @)

For given n, the Bessel equation (41) has only one linearly independent
solution which satisfies the left-hand end-point condition lim (z¢) = 0;
—0

this solution, the nth-order Bessel function of the first kind, is given by
the infinite series

- 1,\n+2k
k=0

convergent for all z. (If n is integral, '(n + k + 1) = (n + k)!; in
general,

T(n +k+1) = [ trthet gr.)
WTET = /

'The applicable (unnormalized) solution of (41) is, accordingly,

¢ = Jn(z) = Jn(‘\/-x x).

The eigenvalues of \ are determined through application of (6,ii) of
8-1(b)—namely, z,¢’(x2) + a:¢(zs) = 0, or, since ¢ = J.(v/ T),

T2 VATV 25) + asJo(VNz5) = 0. (43)
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The equation (43) has an infinite unbounded sequence of positive solu-

tions A = A, A2, . . ., M, . . . , which constitute the eigenvalues of
the problem. In the important special case a; = 0, Am = (f,./72)? for
m=1,23, ..., where j., is the mth positive zero of J(z).

If, however, we impose upon the functions ¢ eligible for the extremiza-
tion of (39) the condition ¢(z:) = 0, the relation (43) is clearly replaced
by Ja(A/A z2) = 0 as the equation from which the sequence of eigen-
values of \ is determined. In this problem the eigenvalues are given by
Am = (Jnm/%2)?, where j.» is the mth positive zero of J,(z).

EXERCISES

1. Show that the Euler-Lagrange equation derived from any integrand of the form

f=q@¢'* + 2r(x)o¢’ + p(x)d? + d%g(vw)

is self-adjoint.

2. When f* is given by (4) of 8-1(b), the relation (12) of 4-1(b), with y replaced by ¢,
holds for arbitrary differentiable 5; if ¢ is a Sturm-Liouville eigenfunction and X the
corresponding eigenvalue. Let ¢; and ¢ be eigenfunctions of a given Sturm-Liouville
system which correspond to the distinct eigenvalues A; and \.. With f* given by (4)
of 8-1(b), write down (12) of 4-1(b) twice—once with ¢ = ¢;, A = \;, 7; = ¢&; and
then with ¢ = ¢&, A = A\, 7; = ¢:. Combine the two results to prove the
orthogonality

L Tositndz =0 G =), (44)

(Give explicit justification for these substitutions, particularly in the fixed-end case in
which 75; is required to vanish at one or both end points.)

3. (a) Let ¢i, ¢r, A\iy, N\; have the same meanings as in exercise 2. Use the Sturm-
Liouville differential equation to prove that

, Pk z3
[7(¢i¢k - ¢k¢‘):|zx =\ — M)/zl odidi dz. (45)
Hixnt: Compare derivation of (26) of 7-4(a).

(b) Use (45) to prove (44) for all permissible combinations of the end-point condi-
tions (6) and (7).

4. Prove the nondegeneracy of the Sturm-Liouville eigenvalues—that there exists
only one linearly independent eigenfunction to each eigenvalue, that is. HinT:
Compare exercise 3, Chap. 7, but show that rw = constant = zero.

5. In the manner of 7-4(c) develop a minimum characterization of the Sturm-
Liouville eigenvalue-eigenfunction problem. Base the development upon the expan-
sion theorem—valid also for Sturm-Liouville eigenfunctions, with 0 < z < L replaced,
by z: £ ¢ S z—of 7-4(b).

6. (a) By means of the transformed Sturm-Liouville system (27), (28) of 8-2(d) and
through suitable adaptation of the method of exercise 2, Chap. 7, give a geometric-
intuitive proof of the existence of an infinite unbounded sequence of Sturm-Liouville
eigenvalues. In particular show that A, is greater than minus the maximum of (M/S)
in0 £z ==

(b) Give the existence proof also for the fixed- and free-fixed end-point problems.
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7. (a) Use the method of 8-2(a) to obtain the self-adjoint forms of the equations

@) z2¢” + z¢’ + h(z)¢ = 0,
(i) z¢" + (b —2)¢' + ¢ =0.

(b) Write down the integral whose extremization leads to the (Hermite) differential
equation
¢’ —2z¢' +2Ap =0 (—w Sz 5 o) (46)

8. (a) Without change of independent variable use the method of 8-2(b) to rewrite
the equation (i) of exercise 7(a) in the form v’ + g(z)w = 0, where ¢ = uw. (Give
u and g(z) explicitly, the latter in terms of h(z).) HiNT: Note that £ = 1, and use
(16,1,i1).

(b) Work out the details of the transformation of 8-2(c) as applied to-the (Legendre)
equation

d .
g;[(l —z0)¢'l + ¢ =0 (—l=sz=1). 47
ANSWER: .
dw | T1 T
a-z?+lz(1+cscfz)+xjw=o, 48)
where £ = — cos 2, w = ¢ 4/sin 2. NoTE: The boundedness of u is violated at

z2 =0, (x = £1); this circumstance arises because of the singular condition r = 0
forz = +1. Thesingular character of (47)is carried over into (48) as the unbounded-
ness of the function M (z).

9. Show that the orthonormality relationship—(44) plus the normalization (2)—is
carried over directly into

x
ﬁ) Swiw dz = 65

by the general transformation of 8-2(b).

10. (a) List the eigenvalues and corresponding eigenfunctions of the system
z4¢” +2¢ =0, ¢(1) = ¢(2) = 0. Hint: Use (16,i to iii) to find a simplifying
transformation. NoTE: + = 1 here, not 4. ANSWER: Ax = 4rin?

¢n = 2z sin [2en(z — 1) /2],
forn =1,2,3,....
(b) Show that the equation

L (+4) + 200 = 0

can always be transformed into & + AK?w = 0 if ro[f (1 /7)dz]* = constant.



CHAPTER 9

SEVERAL INDEPENDENT VARIABLES:
THE VIBRATING MEMBRANE

9-1. Extremization of a Multiple Integral

(a) We fix our attention on the triple integral?

I = /:!']’f(x,y,z,w,w,,w,,,w,)dw dy dz )

carried out over a definite region R of zyz space. The integrand func-
tion f, supposed given explicitly as a function of the arguments indicated,
is continuously twice differentiable with respect to any combination of
them. The problem before us is to find the differential equation that
must be satisfied by the function w = w(z,y,z) which renders I an extre-
mum with respect to twice-differentiable functions which assume pre-
scribed values at all points of the boundary surface B of the region R.2
To effect the extremization of (1) we employ the technique of 3-3(b) .
and 7-1: We introduce a one-parameter family of comparison functions

Wi 2 2\ ag
WAL, Y,%) as

W = w(x,y,2) + en(x,y,2), 2

where it is assumed that w(z,y,2) is the actual extremizing function and
e is the parameter of the family. Thus no matter what the choice of the
function 7(z,y,z)—arbitrary to within continuous differentiability and

2(zy2) =0 onB @)

—the extremizing function w is a member of each comparison family for
the parameter value e = 0. The condition (3) ensures that every com-

PUPINIERSUY Ty N DI 1 NI SR Y
SaIne sSeuv 01 values Ol vlie vounuary »sul-

a

parison function assumes th
face B.
n e replace —wi
In (1) we replace w by W—with

W.=w,+ €z, Wﬂ = wy + ey, W, =w. + €1z, (4)

1 In this chapter, as in 7, we often employ subseripts to indicate partial derivatives—
w. for (dw/dz), ete.
2 We use “extremum’ here in the sense of 3-3(c), with obvious extension to the
case of functions of several variables.
132
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according to (2)—and so form

VA rrr rr ]’Y T]’T TI7 YI7r \ 71

I(e) = j){jnx,y,, W, Wy, Wa)da dy de. (5)

Since, for all permissible choices of 1, ¢ = 0 implies that W reduces to
the actual extremizing function, we have that I(0) is the extremum

sought, or
I'oo) = 0. (6)

We differentiate (5) with respect to e, using (2) and (4) to obtain

(8W/3¢e) = 1, (0W./d¢) = 1., etc.; we set e = 0, whereby W, W, etc.,
become w, w., etc.; and finally we use (6) to achieve

/ / / ok am Mz a?f L e vy f )d” dy dz = 0. Q)

Applying Green’s theorem (29) of 2-14 to the final three terms of (7)
we get, since 7 = 0 on B,

JI 158 - 2GE) - 5 G -2 () eavae -0 o

Since (8) holds for arbitrary 5 vanishing on B, we use the basic lemma
of 3-1(c), as extended to triple integrals, to conclude that

of af of of
ow oz (aw,) ay (55;) 9z <aw,) 0. )
This we call the Euler-Lagrange differential equation generated upon the
integrand f of (1).
(b) A generalization of (9) comes from considering an n-tuple integral
over g fixed region of an n-dimensional space. If the integrand function
isf=flz,y, ... ,zww,w, ... ,w),the function w of the n independ-

ent variablesz, ¥, . . . , 2 which extremizes the integral in question must
satisfy the Euler-Lagrange equation

of of of\_ .. _oa(ef
5w 9 (aw) 5y (a'w"> - 52 (aw> =0 00

The derivation of (10) may be accomplished either by a generalization of
Green’s theorem to n dimensions, or by the method called for in exercise 1
at the end of this chapter.

(c) Extension of the above results to isoperimetric problems is achieved
in the manner of 4-1 and 7-1(c): If w is a function which extremizes (1)
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with respect to functions which satisfy the subsidiary conditions
P2l 12 <\

]‘y gi(@,y,2,w,wz,wy,w.)dz dy dz = Cj G=12 ...,%,

where C,, Cs, . . . , C, are constants, then w satisfies the Euler-Lagrange

equation
o ()X MY _ o
ow or \ow, ay 6wy az ow, ’

f*=F=2Mg1—Ngga — * * * — Ng.. (11)

The constants Ay, Ay, . . . , N\, are undetermined Lagrange multipliers.
If n independent variables are involved, so that we deal with n-tuple inte-
grals, we are led to (10), with f replaced by f* given by (11).

(d) It follows from Green’s theorem (28) of 2-14 that, if P, Q, R are
three arbitrary continuously differentiable functions of z, y, z, w and if

Q

where

0
f== + + (12)
the integral I, given by (1), depends only on the values assumed by P,
Q, R on the boundary surface B. Since w is supposed prescribed on B,
it follows that I achieves the same value for all permissible choices of w
and the extremization problem is meaningless. We now show, in fact,
that the Euler-Lagrange equation (9) reduces to an identity in case (12)
holds.

We rewrite (12) through the relations

oP 9Q _ or _

37 = P, + P,w,, 3y Q, + Quw, FYia R. + R,w,, (13)
where P, represents the derivative of P with respect to z when y, 2, and
w are held constant—and similarly for P,, P,—while (6P/dz) is meant to
take into account the fact that P varies with z by dint of the fact that

w varies with z, as well as through the explicit dependence of P on z—
and cimilarlyy far (AN /A2 AR /A1 With (12) (19) hannamaa

alil n;muaxl.‘y PRV \Uw/ Uy/, \Vl!l/ U& ). VY LUl \dUjy \&2&) DUULVVLAUD

f=P=+QII+RS+waz+way+wa,,

! At best, any notation for a partial derivative is inadequate when it is not clear
what is being held constant during the process of differentiation. Here (3P/dz)
implies merely that y and z are held constant, while P, calls for holding constant y, 2,
and w during the differentiation. The reader unfamiliar with such distinctions may
be straightened out by the following example: If P = z?yzw? we have, according to the
notation adopted here, P, = 2zyzw?, while (3P/dz) = 2zyzw® + 3zyzwiw,.
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and we have

of

‘—9\'—;; = 2w + Qyw + Rm + P‘w‘wwz + waw” + waw‘; (14)

and since (8f/0w,) = P,

a(of\ _
'a_x ((.Td;) - sz + wawz, (15)
which is analogous to the first of (13) with P replaced by P,. With (14),
(15), and corresponding expressions with (P,x) replaced by (Q,y) and

then by (R,z), it is directly noted that (9) reduces to an identity, since
12 = P. ate

< zw L wzy ©UC.

An immediate corollary of the above result is the fact that we may
add any expression of the form (12)—a so-called “‘divergence’’ expression
—to the integrand f of (1) without altering the Euler-Lagrange equation
(9) generated upon f. This follows because every term of (9) depends

upon f linearly.

9-2. Change of Independent Variables. Transformation of the Lapla-
cian

It is clear from the form of f in (1) that (9) is in general a partial
differential equation of second order—a relationship, that is, which
involves derivatives of the unknown w no higher than the second. We
usually arrive at such a differential equation with z, y, z representing
cartesian (rectangular) coordinates, but the geometrical configuration of
the problem at hand quite often happens to be better suited to some other
coordinate system. For example, if the region R in which the Euler-
Lagrange equation is to be solved is bounded by a sphere, or by con-
centric spheres, spherical coordinates are the most suitable, ete.

Although it is possible—often with a tremendous amount of tedious
computation—to transform the Euler-Lagrange equation from cartesian
coordinates to some other coordinate system by direct substitution in the
differential equation itself, we have in the technique of the calculus of
variations a means for significantly reducing the amount of labor required
to effect the transformation. The method we derive directly below is
analogous to the technique employed in 8-2 for altering the form of the
Sturm-Liouville differential equation. The advantage of this method
lies in the fact that we need go no further than the transformation of
first partial derivatives; direct transformation of the differential equation,
on the other hand, entails the much more complicated computations of
transformed second partial derivatives.
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(a) For convenience we write (x1,2.,%3) instead of (z,y,2) and let

e — MA{MA ~_ M_\ " o e o3
w1 T WINT 1y 2,7 3), ‘2 3/ +3

be the equations of transformation from the cartesian system (z;,z;,23)
to a general system of coordinates (r1,72,73). We suppose that the equa-
tions in (16) are twice continuously differentiable in the region R on
which we fix our attention below and that the jacobian of the transforma-
tion—namely,

oy 0wy %3

dr; 9drp dry

_ 0(Z1,25,%3) _ | 9x1 9z, 9%
b= a("l,"z,f‘a) - drs Ory 07y (17)

ors 67'3 61'3

—does not change sign, although it may vanish at certain exceptional
points or along certain exceptional curves, in E.
We consider the triple integral

I = /}!/f(xl:x27x3)w)wznwszza)dx1 dx? dx3; (18)

which we transform according to (16). By (16) of 2-8(f), (18) becomes,
with the aid of (16) and (17),

I= JfffF(rl,rg,rg,w,w,,,w,,,w,,)[Dldrl dTg, dr3> (19)
RI

where R’ is the region R, but described by the variables (r1,rs,r3), and
F(rlir2ar3w)w'uw7'uw"u) = f(x17x27x3)w)wzuwznwzl)'

In f, that is, we substitute for (z1,z;,73) and express the derivatives
(Wey, W2y Wo,) explicitly in terms of (w.,,wr,w;,) and (r1,75,73), through (16),
and so form the function F.

The transformation of the first partial derivatives required in the
formation of F from f is accomplished most easily by solving the linear

cxrada

3
633.' .
w—zwﬁ (G = 1,2,3) (20)
i=1
for (we,w,,ws,). The coefficients (dx:/dr;) are computed directly from

the transformation equations (16). A specific example of this compu-
tation is carried out in (c) below.

1S8ee 2-8(f).
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(b) Based upon w, which is any continuously twice-differentiable func-
tion of position—of (z1,z2,xs) or of (ry,rsrs), with the correspondence
established through (16)—we form the auxiliary one-parameter family of
functions

W =w+ e,

where 7 is an arbitrary continuously differentiable function of position
which vanishes on the boundary of R, and therefore on the boundary of
R’; and eis the parameter of the family. In both (18) and (19) we replace
w by W (in terms of the appropriate variables), w., by W., = w. + en,in
(18), w,, by W,, = w,, + e, in (19), and so form two distinct expressions
for the same quantity I(e).

The process of forming I’'(0)—that is, differentiating I(e¢) with respect
to e and setting ¢ = 0—and applying Green’s theorem is identical with
the process carried out in 9-1(a) up to equation (9) inclusive. Guided
by this fact, we may directly write down and equate the two forms of
I'(0) computed from the equal integrals I(e¢) defined in the preceding

3

paragraph:
1'(0) —/h/f 2 5‘-1—( )] dzy dz, dzs
= ﬁ[n Pg'qf' i‘ FLD_’ ]drl drs drs. (21)

ka [ ‘\"

The final stage of the development is reached by transforming the
middle member of (21) according to (16). In the same way that (18) is
evolved into (19), that is, the middle member of (21) may be made to

read
I’ (0) /]] ax (635 )] |D| dry dry drs.
It therefore follows from (21) that
of
IR EREACAIL
3
dF|D| d [oF|D| _
- [__aw —_ z e (Tw,.. dry drs drs = 0.

T=]
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Sinee 4 is arbitrary in R,’ we apply the basic lemma of 3-1(c), extended
to three independent variables, and so obtain, on dividing through by |D|
and dropping the no-longer-needed absolute-value symbol,

3

3
9 _ -1 | 9/D o (afD
2 AR F 25‘(557)] #2)

where f replaces F along with the understanding that in the left-hand
member f is expressed in terms of (z,,z2,%3,w, Wz, Ws,,W,,), While in the
right-hand member f is expressed in terms of (ry,rs,73,w, Wy, Wr,,wy,). Since
w is completely arbitrary to within twice continuous differentiability,
(22) constitutes an identity in w and its derivatives: The transformation
(16) carries the Euler-Lagrange expression given by the left-hand mem-
ber of (22) into the transformed expression given by the equal right-hand
member.
(c) For an illustration of the use of (22) we employ

f=we+wy+ (23)

where we replace (z1,%s,23) by (z,y,2) and effect the transformation to
spherical coordinates!

= r sin 6 cos ¢, y = r sin 0 sin ¢, 2 =rcosé, (24)
with
0=sr< o, 0=0=m, 0= ¢ <2 (25)

Here we have ry = r, r, = 0, r3 = ¢. The jacobian of the transforma-
tion (24) is readily calculated to be, according to (17),

D = r?gsin 6. (26)
From (20), with the aid of (24), we compute

w,= W, sin 4 cos ¢ + w, sin 4 sin ¢ + w, cos 6,
Wy = Wyr cos 6 cos ¢ + w,r cos 6 sin ¢ — w,r sin 6,

wy = —w,r sin 0 sin ¢ + w,r sin 8 cos ¢.
Solving this system, we have the required transformation of the first
partial derivatives
. cos 6 cos sin
w,=w,smﬂcos¢+w9——————¢i— -—i
r r sin 6
. . cos 6§ sin cos
Wy = W, 81N 081N ¢ + wy cos o sin ¢ + wy ; sind)e’ (27)

sin 6
w, = w,cos&—wa—r——

1 See exercise 5 at end of chapter.
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Squaring and adding, we obtain from (23) and (26)

JD = wir sin 6 + wisin 0 + w§ (28)

Finally, we use (23), (26), and (28) for substitution into (22), whence
we achieve the identity

1|9 ow 1 of. ,ow 1 3w

Ay = ;é [& (7‘2 FT-) + m 5—0 <sm 0 56) + S_ﬁl—z——ﬁ W]’ (29)
according to the definition! V2w = w,. + w,, + w,. of the laplacian of w.
(d) The transformation (29) of the laplacian from cartesian to spherical
coordinates 1s a special case of its transformation to a general system of
curvilinear orthogonal coordinates. A system of coordinates designated
by the variables (r1,r4,73) 1s said to be orthogonal if, through any point,
the surfaces 7, = constant, 7, = constant, 73 = constant intersect at right
angles. A necessary and sufficient condition that a given system be

orthogonal is that the equations (16) of transformation from cartesian
coordinates lead to the relationship

dz? + dx + da? = R2dr? + hidrl + h2dr, (30)

where we find, on direct computation from (16), that

3
Sy =1
-, G) =1 (31)
and that (30) implies
3
690,- ax.- _ .
2 ar, are 0 for j # k. (32)

t=1

In fact we may write (31) and (32) in combination as

3

z gi:;’ %;% = h}é; (7,k = 1,2,3, independently), (33)
i=1
where §;% is the Kronecker delta, equal to zero for j  k and equal to
unity for j = k. The quantities hi, hs, hs are nonnegative functions of
T1, T2, 7s.
It is our aim to express the transformation of the laplacian from car-

1 8ee 2-12(c).
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tesian to general curvilinear orthogonal coordinates in terms of hy, hs, hs.
We first obtain an auxiliary formula useful in achieving this aim.

On multiplying both s1des of (33) by (drj/0z») and summing with
respect to j, we obtain, with the aid of the definition of &,

3 3

oz, [\ oms ory ] _ ., o
z or [2 ar; ax,,,] = T (34)
4 -

$= j=

The sum in square brackets is clearly (dz:;/dzm), and is therefore zero
if  # m and unity if ¢ = m—is equal, that is, to 8;». Thus the only non-
vanishing term in the sum over ¢ in (34) is the one for which ¢ = m, with
the coefficient of (dz./dr:) equal to unity, so that (34) reads

axm h2 67'1,

= oo (k,m = 1,2,3, independently). (35)

Replacing (m,k) by (¢,7), we use (35) to make (20) read

3
Wy; O
Wz, = h? e (36)
j=1 !
It is seen in (c¢) above that the left-hand member of (22) becomes a con-
stant times the laplacian if we choose
3
f= ) wi (37)
i=1
as in (23). With (36) equation (37) becomes
3 3 3
f= Wr;Wr, 0Fs 0T; _ Wy, Wy, 9T; 9Z; ]
- hRZ 9r;ory hhi 6r, ar
i=1;=1k=1 i=1k=1 i=
Wy Wr, wr,
-3y o = z = (38)

i=1k=1 i=1

where the penultimate expression is obtained from its predecessor with
the aid of (33) and the final form follows from the definition of &;.

To evaluate the jacobian D in terms of (hihs,hs) we multiply the
determinant (17) by itself according to the rule given in 2-8(¢). Thus
D? is a three-by-three determinant given by
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3 3 3
S‘ dx; 0x; S‘ ax; 9, 5‘ dx; dx;
, 371 0T ; 9T AT+ ;0T ar
H ~ g & .q & & n Qo Vv |
g=1 f=] g= ]
3 3 3
pr = | S om0, oz, oz, oz ox
dr1 072 ors drs drz 07
i=1 i=1 im1
3 3 3
ory or; ore Ors ors 0r;
R2 0 0
0 hZ 0 | = hinZhi
0 0 R

with the aid of (33). Thus, since h,, ks, ks are all positive, we have
D = hyhshs. (39)

With (37), (38), and (39) the transformation equation (22) yields the
result

1 d h2h3 ow 0 hzhl Jw 0 hlhz ow
VA = ks [571< ha or) T o ( o an) + 7;“?97;)] (40)

To illustrate the use of (40) we use (24) of (¢) above to compute
dx? + dy? + dz? = dr? + r? d6? + r? sin® 0 de? so that hy = 1, hy = 7,
hs =rsin 6. With ry =7, r; =0, r3 = ¢, (40) leads directly to (29)
of (c).

(¢) In transforming Euler-Lagrange expressions which involve only
two independent variables, we may use the result (22), but the sums over
trun from? = 1to7 = 2, only. Similarly, we may use (40) to transform
the two-dimensional laplacian Vw = w.; + wy, by suppressing the final
term and by setting A3 = 1 in the remainder of the formula; that is, we
have

1 [ hz ow hl ow ]
2 —_
Vi = A 7 Am T A (41)
mnyr 02 71 \/t1 011/ u:z \/t2 072/ |}

where (ry,7;) are plane curvilinear orthogonal coordinates, with
dz? + dxi = hldr} + hidrl

For example, in the transformation from cartesian to plane polar coor-
dinates, we have

Zy = r cos 0, Z; = r sin 6, (42)
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wherer; = r,rs = 0. From (42) it follows that dz? + dx; = dr? + r2d6?,

so that hy = 1, hy = r. Thus (41) becomes
10 ow 1 o%*w
20 = — — b -
Viw r or (r ar> + r? 36? (43)

9-3. The Vibrating Membrane

To derive the partial differential equation which describes the motion
of a vibrating elastic membrane we appeal to Hamilton’s principle,
introduced in 6-2, so extended as to apply to a mechanical system in
which the mass is distributed continuously. This is done, as in the case
of the vibrating string (7-2), by considering a continuous mass distribu-
tion as a limiting case of a system composed of discrete mass particles—
the case to which Hamilton’s principle is initially held applicable.
Mathematically, the limiting process is effected in a natural way by
replacing sums over the particles of the discrete system by integralsover
the mass distribution of the continuous system.

(a) We consider a thin elastic membrane extended over a given non-
self-intersecting closed curve C in the zy plane. The boundary curve C
is supposed to consist of a finite number of arcs along each of which the
curvature is continuous. The plane domain D enclosed by C coincides
with the equilibrium configuration of the membrane.

We suppose the membrane to be in a state of vibration in which each
of its points undergoes a motion in a direction perpendicular to the xy
plane. For the present we confine our attention to the case in which the
boundary edge of the membrane is constrained to coincide with the curve
C. Aside from those which hold the boundary edge in place, the only
forces which influence the membrane motion are the elastic forces which
arise from the deformation of the membrane relative to its plane equi-
librium configuration.

The displacement from equilibrium at time ¢ of a given membrane
point whose motion occurs along a line characterized by particular values
of z and y is denoted by w(z,y,t). Thus the configuration of the mem-
brane as a whole is described, at any instant ¢, by the function w = w(z,y,t)
of the three independent variables indicated; w may assume, of course,
both positive and negative values, with w = 0 indicating a point of the
membrane instantaneously in the zy plane. In particular we have

w(z,y,t) = 0 along C (all £), (44)

in view of the above-imposed condition which fixes the boundary edge in
the zy plane. Since the membrane is supposed free of slits, and since
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mechanical motion cannot occur discontinuously, w is a continuousfunc~
tion of z and ¥ in D and of ¢, for all ¢, Moreover, since a discontinuity
of velocity with respect to position would induce a tear in the mem-
brane, we have that the time rate of displacement—designated by
(0w/at) = w(z,y,t)—is continuous in D as well as being a continuous
function of {. Finally, we suppose that the first and second partial
derivatives of w with respect to the position coordinates—w,, w,, Wiz,
Wy, Wxn—are continuous in D.!

(b) We denote the mass per unit area of the membrane by the con-
tinuous positive density function ¢ = o(z,y). We confine the motion to
amplitudes of vibration so small that ¢ is effectively independent of w.
Since the velocity of the point at (z,y) is w(z,y,t) at any instant ¢, the
kinetic energy per unit area is accordingly 3o (z,y)[w(z,y,t)]2. Integrating
over D, we obtain

T <} [[ cw? dz dy (45)
D

for the total kinetic energy of the membrane as a function of time.

The elastic potential energy of the membrane in any configuration is
equal to the amount of work which is required in order to bring the mem-
brane from equilibrium to the given configuration. Since the membrane
is assumed to be so flexible as to give no resistance to bending, the work
of deformation must be entirely owing to the increase of the membrane’s
area relative to the equilibrium area of the domain D. We proceed to
compute this quantity of work under certain simplifying assumptions
characteristic of the usual membrane theory:

Across any arc drawn in the surface of a stretched membrane, the por-
tion of the membrane on one side of the arc exerts a normal stretch-
resisting force on the portion lying on the other side. If there is no
lateral motion of any point of the membrane, and if the elastic properties
of the membrane are isotropic (independent of direction)—both of which
assumptions are appropriate to our theory—the stretch-resisting force
per unit arc length is a constant with respect to position; and if we deal
with only small deformations, it is likewise constant with respect to time.
This positive constant force per unit length—the so-called surface ten-
sion—we denote by the symbol 7. An elementary physical analysis
shows that the quantity of work required to increase the area of the
membrane by a small amount AA is given by (rAA4):

! This restriction is partially removed below in 9-7(a) to provide for the possible

exception of a finite number of isolated points at which, and a finite number of smooth
arcs across which, finite discontinuities of the derivatives may occur.
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In Fig. 9-1 we suppose that the membrane is initially plane and is
bounded by C; after deformation,
it is still plane and is bounded by
C’. Let any line normal to C have
intercepted on it by C and C’ a small
segment of length § = 4(s), where s
denotes the arc coordinate on C
measured from some fixed point on
C. The quantity of work done by
the stretching agency is clearly given,
if & is everywhere small compared
with the linear dimensions of D, by

F1a. 9-1.

L

L
L c*rtS(s)ds =7 L ¢ 8(s)ds = TAA,
where L¢ is the total length of C.

In any given configuration described by w = w(x,y,t) the total area of
the membrane is given! by

[[VTFEF wdsdy,

D

Thus the potential energy of deformation is

r [ /= 3 3 ff, 5\ PPN
V=r(Jf VI+wi+wjdedy — [[dzdy), (46)
D D

where the second integral is the equilibrium area—the area of D.2 We
assume the deformation such that at every instant ¢ the quantities w,
and w, are so small that we may expand

VIt wl+uwl=1+3wi+w)+ -

and neglect without error the higher powers indicated by dots. With
this assumption—which is the requirement of the usual theory that the
deviation of the membrane from a plane figure is always slight—(46)
becomes the working formula?

1 See 2-9.

2 Although the derivation upon which (46) is based takes into account no bending
of the deformed membrane out of its original plane configuration, the fact that there is
required no expenditure of work to bend the completely flexible membrane justifies
the use of (46) here.

3 The forces exerted by the external agency that keeps the boundary edge fixed
involve no motion and so contribute nothing to the potential energy of the system.
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V =4 [[ @+ u)de dy. (47)
D

According to 6-1(d) we have from (45) and (47) that the lagrangian of
the system constituted by the vibrating membrane is

L=T-V= %,f[[awz — r(w? + w))ldz dy.
D

According to Hamilton’s principle of 6-2 the integral

I= htzL dt = % /t'l“b[ [ow? — r(w? 4+ w))ldx dy dt (48)

is extremized by the function w(x,y,t) which describes the actual motion
of the membrane; the extremization is effected with respect to functions
w which vanish on C for all ¢, which describe the actual membrane con-
figurations at ¢ = ¢, and ¢t = ¢, and which satisfy the regularity condi-
tions set forth in (a) above. The limits of integration ¢,, {; are completely
arbitrary.

To find the differential equation satisfied by the function w(z,y,t) which
extremizes (48) we may use the results of 9-1(a) if we replace z by ¢ and,
accordingly, w, by w. The region R of 9-1(a) here becomes the cylindri-
cal region generated by moving the domain D parallel to the ““¢ direction”’

fromt¢ = t; tot = to. The condition that w be prescribed on the bound-
a rey R h# P ‘ﬂ ‘P’I]IG‘]OA 1'\0"0 R‘Y f}\ﬂ 1mnheﬂf‘ nn“l’]‘f‘f\n Ny - n nn ﬂ }ro

QLY 47 Ul L4V 1D 1ULLIIIUM uviv. VILU LAPJURDUTUW vUliivivil W vV vii WO

have that w vanishes on the cyhndrlcal portion of B; since Hamilton’s
principle requires that w be prescribed at ¢t = ¢, and ¢t = ¢, the plane faces
of B are taken care of. Thus, with

f = 3low* — r(w; + w)),

according to (48), the result (9) of 9-1(a) reads
62

- (49)

VW = o

where V2w = w,, + w,, is the two-dimensional laplacian of w. We refer
to (49) as the vibrating-membrane equation.
9-4. Eigenvalue-Eigenfunction Problem for the Membrane

(a) The initial assault upon the membrane equation (49) consists of
seeking a solution of the form

= ¢(x.y)q(t), (50)
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where ¢ satisfies the boundary condition

n e Y 21\
v on v, \Ji)

i

o(z,y)
—so0 that (44) of 9-3(a) is satisfied by (50)—and the normalization
condition

cotdrdy = 1. (52)
I

From (50) it follows that

*w
Viw = qV2¢, 3 ¢4,

so that (49) becomes, on division by ow = oéq,

\ v&- P2
TV Q _
oo

Since the left-hand member of (53) is independent of {, and since the
right-hand member depends upon ¢ alone, it follows that each member is
a constant, which we denote by —\. Thus we have inherent in (53) the
pair of equations

_Q l.‘QI:

(53)

d+N=0 (54)
and
V2 + Nogp = 0. (55)

The values of A are as yet undetermined.
With the fact that \ is positive, proved in (b) below, the general solu-
tion of (54) is directly found to be

q = A cos v/Nt+ Bsin v\, (56)

where A and B are arbitrary constants. We note that ¢ is a periodic
function of circular frequency (27 times frequency)

w = ‘\/5\-, (57)

so that (50) represents a membrane vibration which is periodic in time.
Thus the determination of permissible values of A constitutes the deter-
mination of the list of frequencies (w/2x) with which a given membrane is
capable of executing periodic vibrations.

(b) Since (51) and (55) are homogeneous in ¢, and because ¢ is a posi-
tive function, any nontrivial solution may be multiplied by a suitable
constant in order that the normalization condition (52) be fulfilled.

The solution of (55) in the domain D, in conjunction with the boundary
condition (51) on C, constitutes an eigenvalue-eigenfunction problem of
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the sort encountered in Chaps. 7 and 8. Each value of \ for which (55)
possesses a solution satisfying (51) is an eigenvalue of A.

To prove that every eigenvalue of N is positive—a fact used in the
solution of (54) in (a) above—we multiply (55) by ¢ and integrate the
resulting equation over D:

k!/aq‘ﬂ dx dy = —T‘z[/ 6Vi¢ dx dy. (58)

Because of the normalization (52) the left-hand member of (58) is simply
\. Applying Green’s theorem (23) of 2-13 to the right-hand member, we
obtain from (58)

= [+ spasay — - [ 622 as, (59)

where the second integral on the right is a line integral taken along the
boundary C of D and (d¢/dn) is the normal derivative of ¢ taken with
respect to the direction exterior from D. Because of the fact that ¢ = 0
on C, however, the line integral vanishes and (59) shows that A = 0.
For the equality to hold we must have ¢, = ¢, = 0, which implies that
¢ = constant in D; but since ¢ = 0 on C, this means that ¢ = 0 in D—
a trivial solution, and therefore not an eigenfunction. Thus we have
A > 0.

For purposes below we point out that (59) follows merely from the fact
that ¢ satisfies (55) for the given value of \; (59) in no way depends on
the boundary condition placed upon ¢.

(¢) Asin the case of the vibrating string, the eigenvalue-eigenfunction
problem for the membrane may be characterized as an isoperimetric
problem. If we seek to extremize the integral

— 2 2
I=r[[(s2+ o}deady (60)
D
wif]n roannnt +A #nn’nn=r]1 nrgnf‘n"\‘g Timndriang 4 wrhin ~raniah An Y and
vii 1CHPTCOU VU vwill-GLiulriiiviao® (UuliCulUiis @ wailil Vaiilsil Ol v alliQi
which satisfy the normalization condition

£[U¢2 dxdy =1,

it follows directly from 7-1(c) that ¢ must satisfy the Euler-Lagrange
equation
V2 + Noop = 0,
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where \ plays the role of undetermined Lagrange multiplier. The iden-
tity with (55) is observed.

Comparison of (60) with (59), with ¢ = 0 on C, shows that each
extremized value of I is one of the eigenvalues of A\. In 9-9 below, this
fact takes on a more precise meaning.

9-6. Membrane with Boundary Held Elastically. The Free Membrane

(a) We consider here the vibrating membrane which possesses all the
characteristics of the membrane described in 9-3, with the exception that
its boundary edge is not held in fixed position along the closed curve C in
the ry plane. Instead, we suppose that the membrane edge is bound
elastically to the curve C in such fashion that each point of the edge is
free to move in a line through C perpendicular to the zy plane. The
nature of the binding agency is such that it pulls each point of the bound-
ary edge toward the point of C through which the point is free to move
with a force proportional to the displacement of the point from the xy
plane. Thus the equilibrium position of the membrane edge is the
curve C.

With the arc length s measured along C from some fixed point on C we
consider the binding force acting upon an arbitrary element of the mem-
brane edge having the length ds in the equilibrium configuration. The
binding force experienced by this element is —p(s)w ds, where the positive
function p(s) measures the strength of the binding along C' and the minus
sign indicates that the force opposes displacement from equilibrium.
The potential energy associated with this force is

p(s)dsfw dw = Fp(s)w? ds, (61)

where the arbitrary constant of integration is chosen so as to make the
potential energy zero in equilibrium. Finally, the total binding potential
energy, obtained by integrating (61) along C, is

Va =4 [ p(o)wrds, (62)

where of course w is a function of s along C.

We suppose that the binding agency is such as to contribute negligibly
to the kinetic energy of the system.

(b) If the integral (48) of 9-3(b) is to apply to the membrane under
discussion here, the potential-energy term must be augmented to include
the binding energy Vi given by (62). That is, the integral which is
extremized by the function w = w(z,y,t) that describes the actual mem-
brane motion is

=% ["{[[lowt — ru? + w)ldzdy — [, purds}at,  (63)
D
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where the extremization is effected with respect to functions w which
describe the actual membrane configurations at ¢ = ¢ and ¢{ = ¢, and
which satisfy the regularity conditions set forth in 9-3(a). There s
nothing in the mechanical problem under consideration which requires the
imposition of any specific condition to be satisfied on the boundary curve C
by the functions w eligible for the extremization.

As a preliminary to the process of extremizing (63) we transform the
line integral of (63) according to Green’s theorem (21) of 2-13 as follows:

We define the functions P = P(z,y,t) and Q = Q(z,y,t)T as

1 ds _ 1 . ds
P-——pw &y Q = 5 W on C, (64)
and otherwise arbitrary—to within continuous twice differentiability—
in the domain D. With (64), we have

/szds—%/(pwzg—;dy-kpwz——dz) /.(de—de)

5 e

according to (21) of 2-13. With (65) we may rewrite (63) as

I=%[:’/D:/[a' — r(w? + w}) _(ax+ Q)]dxdy dt, (66)

an integral carried out over the cylindrical region R of zyt space described
in 9-3(b) just below (48).

Since there is a portion of the boundary B of R—namely, the cylindrical
surface generated by the motion of C in the ¢ direction from ¢ = ¢; to
t = ty—on which the functions w eligible for the minimization are unre-
stricted, we cannot without alteration apply the result of 9-1(a); in that
section it is required that eligible functions w be prescribed everywhere
on B. We may, however, use (7) of 9-1(a), which is achieved without
special assumption concerning the values of the arbitrary function 1, on

) > IR SR Y, (PRRSUEUI IS SEpR [NV VA R S 4 » A Y
D, WE 111USL, 01 COUurse, repiace 2 by t alna w; Dy w 11 \{ ). Luus we le.VtS

[ Gt ihonst on e i) mavarzo, @

f=3 ] i ron - (Z2+9)], (©8)

where

9y
t The derivatives (ds/dy) and (ds/dz) have reference to the curve C.
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according to (66); n is arbitrary to within continuous differentiability and
ﬂ(x;y:il) = ﬂ(x,y,tz) = 0) (69)

according to the requirement of Hamilton’s principle that the eligible
functions w be prescribed at ¢ = ¢; and ¢ = ¢,.

In the final term of (67) we carry out the integration over ¢ first;
integrating by parts, we get

ts af —/]/tzaf
ﬁ[ %ndxdydt— . %ndtdxdy

[({of 17" _ (" 8 () 4na
.’j law Jt-‘h .Ih at\aw} I y

D
_ ni ._a— —ai\
= /j -/tl "5 (6w) dtdx dy, (70)
D
because of (69).

The second and third terms of (67) are transformed by means of (22)
of 2-13 to give

[ ] Glre ) aeava

[ Ta/af\ \1
== Z/ |32 6w=)+6y w, )dedydt

b of dy of dx}
+/;l ]"[GWz—E?—%y_dg ds dt. (71)
With (70) and (71) equation (67) becomes

/ Uf [Z-2(D) -4 (o) = 21(55) | a= v

+j L%%—%—?]ds}dt=0 (72)

for all n satisfying (69). In particular (72) holds for those n which vanish
on C; for such 7, only the triple integral remains, and we may apply the
basic lemma of 3-1(c), extended to multiple integrals, to conclude that

5‘% -2 (6‘3.{) (aw,,) at( ) inD, (13)
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for all . With (73), and with 7 once again arbitrary on C, examination
of (72) in light of 3-1(c) yields the further result

= —— —==0 on C. (74)

(c) The membrane equation (49) is obtained in 9-3(b) by substituting
f = }low?* — r(w] + w))] (75)

into (9) of 9-1(a), with appropriate changes of notation. If we now sub-
stitute (68) into (73), which is tdentical with (9), we must get precisely the
same equation of motion as (49)—namely,

92w

2 = ¢ —-
™V = ¢ 30

(76)
For (68) differs from (75) merely by an expression of the form 3[(dP/dz) +
(8Q/dy)]; according to 9-1(d), with B = 0, the addition of such an expres-
sion to (68) can have no effect on the resulting Euler-Lagrange equation.
The equation (76) describes the motion of the membrane of this section
as well as that of the membrane with fixed boundary edge.

The influence of the final two terms of (68) is expressed when f is sub-
stituted into (74) for the derivation of the boundary condition which
must be satisfied by the function w that describes the membrane motion.
Since we have!

oP

55=Pz+wax,

Q

i)
@ = Qﬂ + wam

(68) becomes
f = glow? — T(wi + wz) — (Pz: + Q) — (Pows + Quwy)],
so that

af _ of _ 1
awz - Twz 2 P-w, awy -— TWy 2 Qw,
or
of _ _ 1 ds of 1 ds
Jw, = W= T g Pw a7 qw, = W + 5 PW o on C, (77)

as we find with the aid of (64). Substitution of (77) into (74) yields

dy dx _
r(w,a—g—wy(ﬂ)-{—pw—o on C,

18ee (13) of 9-1(d), with the accompanying footnote.
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or, with the use of (13) of 2-7(d),
ow
rSo+pw=0 onC; (78)

(dw/dn) is the normal derivative of w taken with respect to the direction
exterior from D.

By way of summary, we have that the function w = w(z,y,t) which
describes the motion of the membrane whose edge is held elastically
satisfies the equation (76) in D and the condition (78) on the boundary.
The positive function p = p(s), introduced in (a) above, is a measure of
the strength of the force distribution which binds the boundary edge.

(d) We attack the equation (76), with the condition (78), in much the
same way as we handle the corresponding problem of the membrane with
fixed boundary edge in 9-4(a): We seek a solution of the form

w = ¢(z,9)q(). (79)
As in 9-4(a), it follows directly that
q = A cos \/At+ Bsin /At (80)
with A and B arbitrary constants, and that ¢ satisfies
V3¢ + Aogp = 0 in D, (81)
with the boundary condition—derived directly from (78) and (79)—
rg—j;+p¢ =0 on C. (82)

The eigenvalues of \ are the values of A\ for which (81) possesses a solu-
tion which satisfies (82); such a solution is an eigenfunction, upon which
we impose the normalization condition

f[ cotdrdy = 1. (83)
D

To prove that \ is positive—a fact upon which the form (80) of ¢(t)
depends—we use (59) of 9-4(b), which is valid for any ¢ that satisfies
(81) and (83). If, further, ¢ satisfies (82), then (59) reads

= [[ @+ ehdvay + [ psrds, (84)
D

which is clearly positive, since 7 > 0 and p > 0.
As in 9-4(c), we can show that the eigenvalue-eigenfunction problem
under discussion may be set up as an isoperimetric problem. It is left
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for exercise 6(b) at the end of this chapter to prove that the functions
which extremize

I=+[[(e2+ éhdzdy + [, pe?ds
D

with respect to sufficiently regular ¢ for which the normalization (83)
holds, but upon which no boundary conditions are imposed, must satisfy
(81) and (82). A fuller significance of this fact is brought out in 9-9
below.

(e) Upon introduction of the binding-force-distribution function p(s)
in (a) above, it is assumed that p is everywhere positive along C. We
may, however, remove this restriction by supposing that p(s) may vanish!
over any portion, or over all, of C. At those points of C at which p(s) = 0
the membrane edge is completely free of external constraint with regard
to its motion perpendicular to the zy plane.? In particular if p(s) =
identically along C, the membrane edge is completely free and we speak
of the free membrane. The physical realization of the free membrane, of
course, is somewhat doubtful, but we consider it here for its mathematical
interest alone.

With p = 0 identically on C the boundary condition for the free-mem-
brane eigenfunctions becomes, according to (82),

9% _ o

I on C, (85)

and from (81) it follows that ¢ = constant is an eigenfunction correspond-
ing to the eigenvalue A = 0. It is easily shown,3 however, that the time-
dependent factor ¢(f) is not periodic when N = 0, so that this eigenvalue
is of no interest from the standpoint of vibrations; we cannot, however,
ignore it completely, as we see below in 9-9.

(f) A membrane may have portions of its boundary edge held fixed to
the equilibrium curve C, while the remaining portions are bound elas-
tically in the manner described in (a) above. A slight modification of the
analysis of (b) shows that the eigenfunctions are required to satisfy ¢ =

thaca nartiang of 7 +4 which +ha adoos hald Bvad oA ,.nhﬁ#..
On tnose poruioms oi U 10 wilicii tne CUgo J.D neila fixea ana to Sauisiy

7(d¢/0n) + p¢ = 0 on the remaining portions of C, with p = 0. The

differential equation satisfied by the eigenfunctions is (81) in any case.
(9) Boundary conditions of the type considered in this chapter—either

¢ = 0 on C, or (82), with p = 0, or a mixture of both—are called homo-

! Nowhere, however, is p(s) negative.
2Tt is always supposed, however, that each point of the edge is constrained to

move only in a straight line through C perpendicular to the zy plane.
3 See end-chapter exercise 10.



154 CALCULUS OF VARIATIONS [§9-8

geneous in that any ¢ which satisfies them may be multiplied by an
arbitrary constant without violating the boundary conditions. Since
the same is true of any function which satisfies the associated differential
equation 7V2¢ + No¢ = 0, the membrane problem as we consider it is a
linear homogeneous problem. It is this fact, of course, which makes
possible the imposition of the convenient normalization condition (83).

9-6. Orthogonality of the Eigenfunctions. Expansion of Arbitrary
Functions

(a) In the Sturm-Liouville eigenvalue-eigenfunction problem—includ-
ing the vibrating-string problem as a special case—which is handled in
Chap. 8, there corresponds to each eigenvalue of the parameter N one
and only one linearly independent! eigenfunction. In dealing with eigen-
value-eigenfunction problems involving two or more independent varia-
bles—such as we have in the membrane problem—we find, however, that
to each eigenvalue of A there may correspond one or more than one linearly
independent eigenfunction. An eigenvalue to which there correspond
two or more such eigenfunctions is called a multiple, or degenerate, eigen-
value; otherwise it is said to be simple, or nondegenerate.

The fact of possible degeneracy requires special attention in the dis-
cussion of the orthogonality of the membrane eigenfunctions in (b) and
(c) below. Specific examples of degeneracy are observed in 9-8 and end-
chapter exercise 13, in which we treat respectively the rectangular and
circular membranes of uniform density.

(b) We prove, first, that the membrane eigenfunctions which corre-
spond to distinct eigenvalues are orthogonal in the domain D with respect
to the positive weight function ¢ = o(x,y). Next, in (¢) below, we show
that the independent membrane eigenfunctions which correspond to the
same degenerate eigenvalue are always capable of being chosen so as to
satisfy the same orthogonality relationship. We prove, that is, that

lf opipdrdy =0  (§ = k), (86)

where ¢; and ¢, are any two linearly independent membrane eigenfunc-
tions which correspond to the same eigenvalue or to distinct eigenvalues.?
We have, according to (55) of 9-4(a), or the identical (81) of 9-5(d), that

™V2i¢; 4+ Nog; = 0, ™Vi¢r + Moy = 0, (87)

1 8ee 2-8(e) for the definitions of linear independence and linear dependence.

? We deal, of course, with eigenfunctions of a particular membrane, for which o,
D (with boundary C), 7, and the binding function p(s) are all given. Moreover, the
boundary conditions are the same for each eigenfunction.
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where \; and \;, are the eigenvalues of A which correspond respectively to
¢; and ¢x. If the membrane boundary edge is held fixed, we have
¢; = ¢ = 0 on C; if the boundary edge is held elastically (or is free,
whereby p = 0), we have

, 291
on
according to (82) of 9-5(d). We suppose that \; £ \:.

We multiply the first of (87) by ¢:» and the second by ¢;, subtract,
then integrate the result over D, to obtain

T‘;—‘ff’+p¢,=0, +p4=0 onC, (88)

O =9 [[eotndody == [[ 520 = aivaiaz dy
JJ
D D

[ /4 ) 4 a¢i\ R /Q0

= ch \(P,’a—/r: - Pk a_h'/(lns, \OU)

by virtue of Green’s formula (24) of 2-13(d). In the case ¢; = ¢» = 0
on C the final member of (89) vanishes; the same fact holds if (88) is
applicable, as we find on substituting from it for the normal derivatives.
In either event the orthogonality (86) follows from (89), since A\; 5 Ax.
(c) We consider the linearly independent eigenfunctions %y, s, . . . , Un
associated with a single degenerate eigenvalue \; there is no further
eigenfunction corresponding to A\, which is linearly independent of the
N functions listed.! Because, as it is pointed out in 9-5(g), the
eigenvalue-eigenfunction problem for the membrane is linearly homo-
geneous, any arbitrary linear combination of ui, us, . . . , uy is also an
eigenfunction which corresponds to the eigenvalue A\.. We now show
that it is always possible to construct a set of N linear combinations of

U1, Ug, . . - , uy which form an orthogonal set in D with respect to the
weight function ¢:
We consider the functions vy, v2, . . . , vy, defined successively in terms

of the given uy, us, . . . , uy, through the relations

v = Uy, V2 = anV1 + Uq, Vs = Qa1 + Gz + Us, ..oy
Um = GmiV1 + Gmavz + * * * + Unm, C ey (90)
vy = ayw1 + aywe2 + 0 ¢+ uw,

with the coefficients anmi (2 = 1,2, . . . ,m — 1;m =23, . . . , N)deter-
mined according to the needs of the orthogonality as follows: We have

]fcvlvz dxdy = anf/av“{ dz dy +//¢v1u2 dz dy,
D ) D

1 That N must always be finite is shown in 9-12(d) below to be a consequence of the
asymptotic formula for the membrane eigenvalues.
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which vanishes, as required, if

rr .
JJ ov1uz dz dy

.—D———_—--
'I/Jo"‘l’dmdy

With », thus determined as orthogonal to v;, we evaluate the coefficients
as and ass so that

gfd’?)lvs dz dy = 0, !Jcﬂ)m dedy =0 (91)

Qg1 =

are satisfied. The first of (91) yields

a3 ff ov? dx dy + jfavlua dr dy = 0,
D D

while the second of (91) gives

aaglfavg dx dy +//<rvgu3 dx dy = 0.
D D

The process is continued; with »,, v;, . . . , ¥s_; thus determined as an
orthogonal set, the (m — 1) coefficients in (90) are evaluated so as to
make v, orthogonal to each of vy, v2, . . . , vm_y. It isleft for exercise 11

at the end of this chapter to show that the required evaluation is

/ / VOUR dx dy

O = — 20— G=12 ...,m—1). (92)
//av% dz dy
D

The process of orthogonalization—the so-called Schmidt process—is com-
pleted with m = N.

Each of the orthogonal set of functions vy, vs, . . . , vm thus deter-
mined may be muitiplied by a suitable constant in order that the normal-
ization condition (83) of 9-5(d) be satisfied by every member of the set.
With the result of (b) above we are therefore justified in assuming that
the totality of eigenfunctions associated with a given membrane problem

—¢1, ¢2, P3, . . .—constitutes an orthonormal set in D with respect to o
as weight function:

ff cdidn dz dy = B (93)
D
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We note that the Schmidt orthogonalization process does not depend
upon the fact that ui, us, . . . , u~r are membrane eigenfunctions, but
merely on the fact that the functions listed are linearly independent in D.
The same process can be carried out for any set, finite or infinite, of
linearly independent functions of any number of variables if the domain—
or interval, in the case of one independent variable—and the positive
weight function are given.

(d) Let ¢1, ¢2, . . ., ém, . . . be the totality of the orthonormal
eigenfunctions associated with a given membrane problem. Let g(z,y)
be an arbitrary continuous function defined in the membrane do-
main D; g is such that D may be divided into a finite number of sub-
domains by a finite set of smooth arcs such that the first partial deriv-
atives g, and g, are continuous in each subdomain. Then, if we write

g(x;y) = z c,,.¢,,.(:v,y), Cm = lf""ﬁmg dx dy; (94)

m=1

the series converges uniformly to g(z,y) in every subdomain of D in which
g(z,y) is continuous. The formula of (94) for the coefficients ¢, follows
directly! from the orthonormality (93).

Further, in every subdomain of D in which g, and g, are continuous, the
series

-] ©

P N (95)
Z./l oz 441 ay
m= m=

converge uniformly to g, and g,, respectively.

(To avoid going beyond the scope of our study, the above results are
stated without proof.)

If the eigenfunctions ¢.(z,y) used in the expansion (94) all vanish on
the boundary C of D, the series for g converges to zero on C. Thus at
those points of C at which g £ 0 the representation breaks down and the
function represented by the series is discontinuous, and the convergence
is nonuniform in the neighborhood. If, however, ¢ = 0 everywhere on
C, no such difficulty is incurred.

If the eigenfunctions ¢n.(z,y) used in the expansion (94) satisfy the
boundary condition 7(8¢m/dn) + pé~ = 0 on C, the series converges to
g(z,y) on C, but the derivative series (95) do not in general converge
respectively to g. and g, on C unless also 7(dg/dn) + pg = 0 on C.
Difficulties such as those mentioned in this and the preceding paragraph
play no role in our study.

1 See exercise 15 at end of chapter.
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9-7. General Solution of the Membrane Equation

(a) Through the validity of the expansion theorem stated in 9-6(d) we
are led to a solution of the membrane equation
0w

VW = o —a?) (96)

which is sufficiently general to embrace at least all cases which are of
physical interest. Leaving the problem of the membrane with boundary
edge held fixed for exercise 12(a) at the end of this chapter, we consider
here the problem of the membrane whose boundary edge is held elastically
to the curve C in the xy plane. We have, accordingly,

~

L pw =0 on C, (s

with p = p(s) a given positive function, by (78) of 9-5(c).

As in the vibrating-string problem handled in 7-5, determination of the
general solution is based upon the prior complete solution of the associated
eigenvalue-eigenfunction problem; that is, we have at our disposal the
totality of the eigenvalues and orthonormal eigenfunctions of the system

™V2hm + Amodpm = 0 in D, (98)

2% pém =0 onC, (99)

an T Pom ’ )

form =1,2,3, . ... (If any given eigenvalue is degenerate, it appears
consecutively in the list Ay, Nz, . . . , Am, . . . a number of times equal

to the number of independent eigenfunctions associated with it. We
suppose that the eigenvalues are numbered in ascending order, so that
A = )\m+1 for all m)

At this point we weaken the restrictions upon the solution w = w(z,y,t)
of (96) which are set forth in 9-3(a). It is not necessary for further pur-
poses to keep the restriction of continuity of the partial derivatives w.
and w, everywhere in D: We allow a finite number of isolated points at
which, and a finite number of smooth arcs across which, finite discon-
tinuities of w, and w, may occur. Since the conditions for expanding
w and w, for any ¢, as infinite series of eigenfunctions, according to9-6(d),
are clearly met, we may write

w(x)yyt) = E cm¢m(x;y)) w(z7yyt) = z dm¢m(x;y)y (100)

m=1 1
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where, according to (94),

Cm = Cnlt) = ‘/‘/.aqsmw dz dy, dn = dn(l) = ffm,,.w de dy. (101)
D D

From (101), with the rule for differentiating an integral, it follows that
dm = Cm; the second of (100) therefore reads

DEYL) = ) Endm(@y) (102)

mm=1

—the term-by-term time derivative of the first of (100). Further, we
have

AN 7 O AT
w, = z Cm 52 w, = z Cm 3y (103)
m=1 m=1]1

According to (63) of 9-5(b) Hamilton’s principle calls for the extremiza-
tion of the integral

I=14% '/:’ {‘/f[mj)2 — 7(w? + wi)ldz dy — /0 pw? ds} dt  (104)
D

by the function w(z,y,t) which describes the actual membrane motion,
with respect to functions w which fit the actual membrane configurations
at{ = t;and ¢t = t,. Into one factor of each term of (104) we substitute
from (102), (103), and (100), as appropriate:

- %,,.21 [:’ [ém[/aqb,,.wdxdy
- c,,.[ //( a¢” a¢"‘) dz dy + f PWPm ds]} dt. (195)

We transform the second integral over D according to Green’s theorem
(23) of 2-13 to obtain

[f wz%-l- adh)d:vdy—f a¢"‘ds //qus,,.dxdy

Thus (105) becomes, since the coefficient of ¢m in (105) is dm = Cm,
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according to (101),

A e s o m)a]) o

m=1

5[ o [rmmna s 5, [

(106)

with the aid of (98), (99), and finally the first of (101).
Thus the extremization of (104) is reduced to the extremization of the

fnal £ af (100 +h maanan +ha infin ot of
inas iorm oOi \LUU} with vapcuu t0 the uuu.uuc S€v OI quu,ubuuca C1, Co,

oy Cmy e e , Which are prescrlbed at t = t1 and ¢ = tz, accordlng to
the chuucxucuw of Hamilton’s puuupw This extr : :

is worked out in 7-5(a), with the result
Cmn = Am c0S \V/Ant + Bnsin A/ Ant (m=123, ...,

where A, and B,, are arbitrary constants. According to (100), therefore,
we have for the geneéral solution of the membrane problem characterized
analytically by (96) and (97)

w(z,yt) = 2 (An ¢08 /At + B sin /2 D édm(2,y).  (107)

m=1

Evaluation of the coefficients Am, B, through the imposition of initial
(t = 0) conditions is left for end-chapter exercise 12(c).

(b) The result (107) justifies the analysis of any given state of vibra-
tion of a membrane as a linear superposition of vibrations, each of which
is characterized by a single frequency. Comparison with (79) and (80)
of 9-5(d) shows that each term of (107) corresponds to one of the single-
frequency modes of vibration which the membrane is capable of executing.

9-8. The Rectangular Membrane of Uniform Density

(a) The problem of determining the eigenvalues and corresponding
eigenfunctions for a given membrane is in general tractable only if the
boundary curve C is so shaped and the density function ¢ so constituted
that the differential equation

V%% 4+ No¢p = 0 (108)
lends iself to a separation of variables. First, we must choose a coor-

dinate system in which the entire boundary curve is describable through
constant values of the coordinate variables. In the case of a rectangle
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of sides a and b, for example, we use the cartesian system whose origin is
at one of the corners and along whose positive axes two sides of the rec-
tangle extend. In this case the boundary curve is describable by the
sequence of constant valuesy =0,z =a,y = b, z = 0. For a circular
membrane of radius ¢, the equation of the boundary is simply r = cin a
system of polar coordinates whose origin is at the center of the circle.

Once a coordinate system is determined to suit the boundary needs,
the next requirement is that the partial differential equation (108)
separate into two ordinary differential equations through substitution
into it of a product function—a function of one of the coordinate variables
times a function of the other. Separation is effected when the equation
is put into a form such that each of its two members depends respectively
on one or the other, alone, of the independent variables. In this event
the two members must equal an undetermined constant, whereby two
ordinary differential equations result.

It may happen that the form of the function ¢ is such as to make a
separation of variables impossible; but even if ¢ is a constant, there is
only a limited number of coordinate systems in which separation may
occur. In the event of inseparability the quest for a precise solution of
the problem is in general hopeless, so that methods of approximation
must be resorted to. Discussion of a method of approximation is found
in 9-13 below.

(b) In this section we illustrate the precise solution of a membrane
eigenvalue-eigenfunction problem with the rectangular membrane of
uniform density. If the rectangle side lengths are a and b, we set up a
cartesian coordinate system so that the membrane is bounded by z = 0,
z=a,y=0,y =>b For the fixed-edge membrane, which we consider
first, the boundary conditions thus read

$(0,9) = ¢(ay) =0,  ¢(z,0) = ¢(z,b) = 0. (109)
Into (108), with ¢ = o, a constant, we substitute the product function
o(z,y) = X(@)Y () (110)

I SRR | IV IR 104t f1TnnN 1
—WIlerepy utne condaivions (ivy) pecome

X(0) = X(a) =0, Y(0) = Y(®) =0. (111)

Since it follows from (110) that V2¢ = X”’Y + XY"’ (where primes indi-
cate differentiation with respect to the appropriate independent variable),
(108) becomes 7(X"'Y 4+ XY"') 4+ AooXY =0, or

X' e YT

xtT =7 (112)
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Since the left-hand member of (112) is a function of z alone while the
right-hand is independent of z, it follows that each member is a constant,
which we denote by 8. Thus (112) results in the two ordinary equations

&*X 1y
S +aX =0, %y—;,+BY=0, (113)

where we introduce the constant & = (Aey/7) — B, so that
A= (a+ B). (114)
To

The permissible values of a and B—and thereby the eigenvalues of A—
are determined directly.

For a < 0 the solutions of the first of (113) are real exponentials,
which cannot be combined so as to vanish both at 2 = 0 and z = a.
Thus we have a = 0, with the solution

X() = Ccos vVaz + D sin \Vaz. (115)
Imposing the first pair of conditions (111), we obtain
X0)=C=0, X(a) =Dsin+aa =0,
whence it follows that /a a = mwr, with m an integer, or

m27l‘2

a?

a =

(m =123, ...); (116)

we ignore the trivial solution which arises if D =0 or « = 0. The
corresponding functions (115) are, for each m,

Xn = Dn sin’—”—;'ﬁ’ m =123, ...). a)

In similar fashion we obtain for the functions ¥ (y) which satisfy the
second set of conditions (111)

Y: = E;i sin lc%y k=123, ...,
with the corresponding values
B ==+ k=123,...). (117)
From (116), (117), and (114) we have for the eigenvalues of A

2 m2 k2 ' .
Amk = % <Ef + 5—2) (mk = 1,23, . . . , independently), (118)
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with the corresponding eigenfunctions

PR |
émp = Fomp sin —— sin '—”—g‘—y; (119)
for m,k =1, 2, 3, . . ., independently. The constants Fnx may be

determined by the requirements of normalization.

(¢) The attack upon the eigenvalue-eigenfunction problem for the free
membrane is handled in much the same way. We seek a solution of the
form (110), but the boundary conditions (111) are here replaced by

X'0) = X'(a) =0, Y'(0) = Y'(b) = 0. (120)
Tnsw 4hnnnndidianl 7047302 — NAan M raadae fandthn nandanala 72472 N
X or, vieconuaivion” \o@/07) = vl LU 1caus, 101 uile 1'ecCLallgle, \ o/ 0L ) = v
onz =0,z = a,and (d¢/3y) = Oony = 0,y = b; (120) follows directly
Amandolo e dha Bucd A (1TON 44 (TTEY wa Ahéain
APPLYINE L€ 1St Ol \14vU) 10 (119), W€ O0Laln

X'(0) =4vaD =0, X'(a)=—+aCsin/aa=0,
whence \/a @ = mr, with m an integer, or

mir?
o = 7 (m = 0,1,2, N .).
Similarly, we find 8 = (k?r2/b?%), so that the eigenvalues of \ are, accord-
ing to (114),

2 o2 2
A = = ({% + %5) (mk = 0,1,2, . . . , independently), (121)

with the corresponding eigenfunctions

Sme = Fomi COS M2 cos kry, (122)
a b

It is significant that we may choose the values m = 0 and k = V in
the free-edge problem, whereas these values must be ignored in the fixed-
edge case. The reason for the difference is made clear on comparison of
the eigenfunctions (119) and (122): Setting m or k equal to zero in (119)
yields the trivial solution ¢ = 0, while setting m, k, or both, equal to
zero in (122) leaves us with a nontrivial solution—a constant in the

extreme case m = k = 0.
(d) It is obvious from (119) and (122) that an eigenvalue exhibits
degeneracy, defined above in 9-6(a), if there exist four integers m, k,
m', k' (m = m', k # k') such that Npx = Apw. It is immediately seen

1See 9-5(¢).
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from the form of (118) and (121) that a membrane for which the ratio
(a/b) is rational possesses an infinite number of degenerate eigenvalues.
The most apparent type of degeneracy arises in the case of the square
membrane, a = b. Mere interchange of (unequal) values of m and %
leads to a new eigenfunction without altering the eigenvalue.

If (a/b)? is irrational, every eigenvalue for the rectangular membrane is
nondegenerate.

9-9. The Minimum Characterization of the Membrane Eigenvalues

(a) We proceed to prove the following theorem concerning the eigen-
values of the vibrating-membrane problem associated with the domain
D, the density function o, the elastic constant 7, and having its boundary
edge either held fixed, or elastically bound,!® with the binding function p,
to the boundary curve C:

We arrange the totality of the eigenvalues in the ascending order
MEZXNS - EMZ - - -, with each degenerate eigenvalue appear-
ing consecutively in the list a number of times equal to the number of
independent eigenfunctions associated with it. The kth eigenvalue Ay is
the minimum of the quantity

I=7[[(+ oh)dzdy + [,pe*ds (123)
D

with respect to those functions ¢ which satisfy the normalization condition

ff 192 1. 3. __ 1 71O AN
jj g aray = 1 (144%)
D

and the (k — 1) orthogonality relations
[[w,,,qs dedy =0 (m=12 ...,k—1), (125)
D

where ¢ (m = 1,2,3, . . .) is the eigenfunction which satisfies

™V2¢hm + Amopm = 0 in D (m=123, ... (126)
and

T%" $pén=0 onC (m=123, ... (127)

Further, the functions ¢ eligible for the minimization must be continuous
everywhere in D and have partial derivatives ¢. and ¢, which are continu-
ous, except possibly for a finite number of isolated points at which, and a

1 “Elastically bound ” includes the case of the free edge, with the binding funection p

identically zero on C. The theorem of this section also includes the mixed case in
which part of the boundary edge is held fixed, part held elastically (or free).
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finite number of smooth arcs across which, finite discontinuities of the

derivatives may occur.

e hhimanas wnth Avad hatindary adoan tha ~dd e nm el wac
J‘.‘OI‘ 'l':[le IIlUluUIa:uU witii 11XeG oounaary cGge uu.v AGaLiionae res

¢ = 0 on C must be imposed on the eligible functions; in this case th
boundary line integral of (123) clearly drops out. Also, the cond1t10n
(127) upon the eigenfunctions ¢. appearing in (125) is replaced by
¢ém = 0 on C. (No boundary restrictions are imposed upon the eligible
functions ¢ if the membrane edge is held elastically.)

The minimum N, of I wunder the stated restrictions ts achieved when
¢ = k.

(b) The proof of the theorem stated in (a) runs along the line of the
corresponding proof of the minimum character of the vibrating-string

ala carrmiad 4+ = o 11ce +ha nfrim ] af tha
Ulgcllvaluﬁb vallilcou UuU ll.l I-‘I\l// Yv€& Us€ uie Uléﬁlllullbblullc UJ. UIJU
system (126) and (127) to expand the eligible functions ¢ according to
dha Aveanninn thanrar ~F AN
LT UAP&AIDIUJ.I vi{oulioiiy Ul U-U\w}

6= ) cntn@y) (on = [[o6nd dody) (128)
me] D
¢. = z Cm a—:f, 6, = 2 em ‘%”yﬁ; (129)
m=1 m=1

(127) is replaced by ¢~ = 0 on C if the condition ¢ = 0 on C is imposed
(the fixed-edge case). According to the parenthetic part of (128) the

PSS ISR [ DR L DAY & 1) V-4 WY U IS BN R
orvilogonalivy CONAlILlOIS \149) LaKe Luie 10orm

CiL=¢C = -+ =t = 0. (130)
Substituting (128) for one factor of (124), we have for the normalization
condition
z Cm [/atbmcﬁ dz dy = 2 cZ =1, (131)
m=1 m=1

with the aid of the parenthetic part of (128).
We substitute the appropriate member of (128), (129) for one factor
of each term of (123) to obtain

I = 2 Cm [ /f<¢z ad’m + ¢y a¢m> dz d’y + / p¢¢m dS]
a¢,,,
= z Cm [—7[]¢V2¢m dx dy + fc ¢( + pqsm) ], (132)
ma=1 D
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with the aid of Green’s theorem (23) of 2-13. From (127)—or, in the
fixed-edge case, since ¢ = 0 on C—it follows that the line integral of
(132) vanishes for each m. In the double integral of (132) we use (126)
and so obtain

L J o

=3 cohn[fotnsdudy = ) cir, (133)
D 1

me1 m=

according to the parenthetic part of (128).
With the aid of (130) and (131) we rewrite (133) as

2
T=%N+ ) cln—) (134)
m=k+1
Qinsn far m S b > Y. +hia raanltd imnliag
ULu\JU) AVL fiv o~ ll/’ nm == l\k, Uillo 1UoulLlL llul}LLGQ
12 (135)

Equality is achieved if—but not necessarily only if—c; = 1 and ¢n = 0
for m # k, whereby the imposed conditions (130) and (131) are fulfilled.
But assignment of this set of coefficients implies ¢ = ¢, according to
(128), so that the final part of the theorem of (a) is proved.

Aside from the trivial alternative cc = —1 the ‘““not necessarily only
if” of the preceding paragraph is added because of the possibility of
degeneracy. If it happens that A = Mey1 = * © © = Aegw, it follows
from (134) that the equality sign prevails in (135) if any one of the
coefficients ck, k41, . . . , Cksn 18 chosen equal to unity while every other
cn 18 set equal to zero.

(¢) The theorem proved in (b) above provides us with a fresh statement
of the membrane eigenvalue-eigenfunction problem:

Given the expression I of (123) and the density function ¢, we consider
the class of functions ¢ defined in D with the regularity properties stated
and which satisfy the normalization condition (124); only if we deal with
the fixed-edge membrane do we exclude from the class those functions
for which ¢ # 0 on C. The class of functions so defined we call K;—the
class of functions eligible for the first minimization of I. The minimum
of I with respect to K, is the lowest eigenvalue \; associated with the
membrane; a function in K; which renders I equal to \; is the associated
eigenfunction ¢;.

We define the class K;—the class of functions ¢ eligible for the second
minimization—by removing from K, all functions ¢ which do not satisfy
the condition (125) for m = 1; that is, K; includes only functions which
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are in K; and which are orthogonal to'¢; in D with respect to o. The
minimum of I with respect to K, is the second eigenvalue X:; a function
in K; which renders I equal to A2 is ¢, the associated eigenfunction.
The process continues indefinitely: The class K;—the class of functions
¢ eligible for the kth minimization of I-—includes all functions in K;_;
(and therefore in K,, K;, . . . , Kx—») which are orthogonal to ¢, ¢s,
., ¢x—1. The minimum of I with respect to K; is the kth eigenvalue
M¢; a function! in K which renders I equal to M\ is the associated eigen-
function ¢x.

9-10. Consequences of the Minimum Characterization of the Membrane
Eigenvalues

As a preliminary to the maximum-minimum characterization of the
membrane eigenvalues presented in 9-11 following, we draw some simple
inferences from the minimum characterization given in 9-9(c); and, of
possibly greater importance, we point out, with regard to the minimum
characterization, a fundamental limitation which is overcome only
through the vastly more powerful maximum-minimum principle. Since
every consequence of the minimum principle can also be derived from
the maximum-minimum, only a few results are treated in this section.

(a) It is useful here and in following sections of this chapter to intro-
duce the concept of a membrane system, which we define as follows:

A membrane system consists of a membrane eigenvalue-eigenfunction
problem in which we are given the domain D (and thus its boundary C),
the tension constant 7, the binding function p, the density function o,
and the class of functions K; which includes those and only those func-
tions ¢ eligible for competition in the first minimization of the quantity
of (123). (The orthogonality conditions (125) are clearly not included in
the determination of a membrane system.) Examples follow:

One membrane system Sx is defined, say, by a rectangular region of
given dimensions, with a definite tension constant and a definite constant
density, a binding function identically zero, and a class K{® of normalized
functions ¢ which satisfy no special conditions other than the standard
regularity conditions stated in (a) above. This system, clearly, is associ-
ated with the rectangular free membrane of constant density considered
above in 9-8(c). If we now take a membrane which has the identical
physical characteristics of the foregoing, with the exception that we hold
its boundary edge fixed in the equilibrium plane, we have to deal with a
second membrane system Sy: rectangular region of given dimensions,

1 We say “a function” rather than ‘“the function’ because of the possibility of
degeneracy [see the closing paragraph of (b)].
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definite tension constant, definite constant density, binding function!
identically zero, K{" including regular normalized functions ¢ which
vanish on rectangle perimeter. A third system Sz may be formed from
the second by removing from the class K{ all functions ¢ for which
¢ # 0 at the intersection of the diagonals of the rectangle. Physically,
the third system is associated with the fixed-boundary membrane of the
second, but with an additional constraint which holds the center point at
rest in the equilibrium plane.

A membrane system S, is defined as narrower than a system Sp if S,
and Sz have in common the first four of the defining characteristics of a
system—namely, D, r, p, and s—and if every function of the class
K{® (the class K, for S4) is included in the class K{® (the class K,
for Sg), but not vice versa. For example, of the systems of the preceding
paragraph, S; is narrower than Sy, Sy is narrower than Sy, and S; is
narrower than Sx. (This is a simple instance of the obvious property of
transitivity for the “narrower” relation: If S4 is narrower than Sz and
Sg is narrower than S¢, then S, is narrower than Sec.)

(i) We prove directly that ¢f S ¢s narrower than Sg, the lowest eigen-
value \* of Si is not less than NP, the lowest eigenvalue of Sp: For any
given ¢ the quantity I of (123), whose minimum is sought, is the same
for both systems. A function ¢{* which minimizes I with respect to
K{® is also in K{?; hence the minimum A® of I with respect to K{® is
less than or equal to its minimum A* with respect to K{*.

Since, according to 9-4(a) and 9-5(d), the successive frequencies of the
single-frequency modes of vibration of which a membrane is capable? are
proportional to the respective square roots of the eigenvalues of A, the
theorem (1) may be reworded: If S, is narrower than Sp, the fundamental
frequency of the membrane associated with S4 is no lower than that of
the membrane associated with Sz. Applied to the three systems Sx, Sy,
Sz defined above, (i) implies that the fundamental frequency of the free
membrane is no higher than that of the same membrane with fixed
boundary, which is no higher than that of the same fixed-boundary mem-
brane having its center point constrained to remain. in the equilibrium
plane. This result is a special case of a more general consequence of (i):

1 To this point the binding function p(s) is not defined for the membrane whose
boundary edge is held fixed in the equilibrium plane. From the physical point of
view we could regard the fixed boundary to be the limiting case of the elastically held
boundary as p— «. It is more convenient for our purposes, however, to define p
as completely arbitrary in the fixed-boundary eigenvalue-eigenfunction problem.
This definition is valid because the line integral of (123), the only quantity in which p
appears, vanishesif ¢ = Oon C. In the case at hand, p = 0 is the most useful choice.

2 The so-called natural vibration frequencies, the lowest of which is called the
fundamental.
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The addition of constraints to a given membrane (such as holding it
fixed at certain points or along certain arcs, etc.) cannot lower its funda-
mental vibration frequency.

Conversely, the removal of constraints from a given membrane cannot
raise its fundamental frequency. An important application of this fact
lies in considering the effect of introducing a slit into a membrane surface.
Analytically, a slit along a given arc admits into the class K, functions
which are discontinuous across the arc, thus giving rise to a system less
narrow than that associated with the unmutilated membrane: The
introduction of a slit cannot increase the fundamental frequency of a
membrane.

(b) We suppose that two membrane systems S, and Sz have in com-
mon the characteristics D, r, o, and K, but the respective binding func-
tions ps and ps are not necessarily equal. We prove the following
theorem:

(ii) If pas = ps, the lowest eigenvalue N{* of S4 is not less than \{?, the
lowest ergenvalue of Ss.

If, in (123) of 9-9(a), we write p = p4, I is written I4; if we write
p = ps, I is written I5. Since ps = ps, it follows that I, = I for any
given function ¢ in K; (common to the two systems). If the minimum
N#® of I, with respect to K, is achieved through ¢ = ¢{*, and if I} is
the value of Iz when ¢ = ¢{*, we have \{¥ = I} = \{?.

In physical terms (ii) implies that the tightening of the agency which
binds the boundary edge elastically (i.e., the increase of p) may raise,
but cannot lower, the fundamental frequency of a given membrane.

(¢) We consider the two membrane systems S, and Sz which have in
common the characteristics D, r and p, but for which the respective
density functions ¢4 and op are not identically equal in D. The mem-
bers of the eligible classes K{*' and K{®, we suppose, are required to
satisfy the same conditions of regularity and the same set of special con-
ditions (such as vanishing at certain points, or along certain arcs, etc.)
which may be imposed. The classes K{* and K{®, clearly, are not in
general identical, because of the difference in the normalization which
springs from the nonidentity of ¢4 and ¢5. Any function ¢4 in K{* can
be converted, however, to membership in K{® simply through being
multiplied by a suitable constant. For if

l[ opds dr dy = c?,

(¢4/c) is clearly a member of K{¥. Similarly, any function ¢z in K{® can
be converted to membership in K{* in the same manner.
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We prove the following theorem concerning two systems satisfying the

velationship stated in the preceding paragraph:
(iii) If o4 £ oz in D, the lowest eigenvalue N{* of S4 is not less than N

the lowest eigenvalue of Sz. It follows from the hypothesis that

¢ = // oxtidzdy = [[oudidnay =1, (136)
D D

(B)
1

where ¢4 is any member of K{* and ¢ is a positive constant, in general
different for different members of K{*, defined by the left-hand equation
of (136). We therefore conclude from (136) and the result above that
for any member ¢4 of K{* there is a corresponding member (¢4/c) of
K{®, with ¢ 2 1. It accordingly follows that, if any member ¢. of
K{* renders I of (123) equal to I, there exists a member (¢./c) of
K{® which renders I equal to Is, where

I =L S L,

according to (136). From this we have that the minimum of I with
respect to K{® is less than or equal to its minimum with respect to K{#,
and theorem (iii) is proved.

The physical impiication of (iii) is that an increase in the density of a
membrane, without other change, may lower, but cannot raise, the funda-
mental vibration frequency.

(d) In the statements of the three theorems of this section no mention
whatever is made concerning any but the lowest eigenvalue of a given
system. What about the higher eigenvalues? We may ask, for example:
If S, is narrower than Sz, what can we say concerning the relative magni-
tudes of the kth eigenvalue A\ of Si and the kth eigenvalue \{® of S,
for k = 2? Does there exist a relation \{® < \?* which holds, accord-
ing to theorem (i), for k = 1? The answer is affirmative, but it is not
given by the minimum principle employed in the proof of theorem (i);
it does, however, follow from the maximum-minimum principle of 9-11
below.

It is not difficult to see why the minimum characterization of the
eigenvalues fails to provide information concerning the relative magni-
tudes of the higher eigenvalues of different systems. Reference to 9-9(c)
reveals the source of the limitation in the following way:

We suppose S4 narrower than Sz so that K{® includes every function
¢ in K. The minimum M\* of I of (123) with respect to K{* is achieved
with ¢ = ¢{*; the minimum M® of I with respect to K} is achieved with

2
¢ = ¢{?, which is not in general the same as ¢{¥. The class K{*, with
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respect to which A\{* is the minimum of I, is formed by removing from
K{* all functions ¢ which do not satisfy

[[e6i0¢ dz dy = 0;
D

the corresponding class Ki® is formed by removing from K{® all funec-
tions ¢ which do not satisfy

/ [06%¢ dz dy = o.
D

From this limited information concerning the formation of K{* and K(?,
we are in no position to know whether every ¢ of K{* is a member of
KP, or vice versa. In fact, neither instance of all-inclusion is generally
exhibited.

Since the proof that \{® = A{* depends upon the fact that every ¢ in
K{® is a member of K{?, lack of corresponding information concerning
K{® and K{® makes it impossible to infer from the minimum principle
a similar relationship between \{¥ and \{¥. It is clear that this limita-
tion extends to the higher eigenvalues A\{¥ and \,?, for k > 2.

9-11. The Maximum-Minimum Characterization of the Membrane
Eigenvalues!

(a) We fix our attention upon a single membrane system S, character-
ized by the domain D (with boundary C), the constant 7, the functions
o(z,y) and p(s), and the class K, of functions ¢ eligible for the first mini-
mization of

I=r[f @+ ohdody + [ perds; (137)
all ¢ in K, satisfy the normalization condition
[[eotdzdy = 1. (138)

We form the class K(Ux) of functions ¢ (kK = 2) by removing from K;
all members which do not satisfy the (k — 1) orthogonality relationships

[[ cupdedy =0 (G=12 ...k—1), (139)

1 The important ideas in this and the following sections apparently originate with
Courant (2). See also Courant-Hilbert, Chap. 6.
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where the functions ui(x,y), us(x,y), . . . , uk—1(x,y) are completely arbi-
trary in D to within continuity, except for a finite number of smooth arcs
across which finite discontinuities may occur. We denote the set of arbi-
trary functions w1, %s, . . . , k-1, in aggregate, by the single symbol Us.

We now prove that the minimum of I with respect to functions ¢ in
K(U:) is less than or equal to the kth eigenvalue \; of the system S;
to do this we merely show that there is at least one ¢ in K(Ux) which
renders I less than or equal to N\¢: The linear combination

¢ = i CmPm (cm =//o’d>m¢ dz dy) (140)
D

m=

of the first k orthonormal eigenfunctions of the system S is a member of

K(U7.) if the coefficients ¢;. ¢, e, csatisfv the (k — 1) conditions
(Ug) II the coe Ci sa the (X 1) conqitions

mcients €3, ¢z, . . ., tisly

imposed by (139),

k
Cm i Pm = .=:7-"7— ’
Y //au-q& dedy =0 (=12 k—1), (141)
D

m=1

as well as the condition

x

2 =1, (142)

which results directly from substituting (140) into (138). It is easily
shown that a system of (kK — 1) linear homogeneous equations, such as
(141), in k unknowns subject to.a normalization condition, such as (142),
always possesses a solution.! "We may assume, therefore, that there is a
function ¢ of the form (140) which is a member of K(Ux).

We substitute (140) into (137) and, in the manner of achieving (133) in
9-9(b), we show that

k k-1

I-= z Ehm = Ne — z 2 (hk = ), (143)

=1 e — 1
H = 4 =1

with the aid of (142). Since A\n < M for m < k, it follows from (143)
that I < N\.. Thus the assertion that the minimum of I with respect to
K(Uy) is less than or equal to \: is proved.

Furthermore, from the statement of the minimum principle in 9-9(c)
it is clear that the minimum of I with respect to K(Us) is precisely M
if the set U consists of the first (k — 1) eigenfunctions ¢i1, ¢2, . . . ,
¢r—1—that is, if w; = ¢; forj = 1,2, ...,k — 1. For, in this event,

1 See exercise 15 at end of chapter.
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K(Uy) is identical with the class K defined in 9-9(c), with respect to
which the minimum of I is \z.

Therefore, if we let I(Ux) denote the minimum of I with respect to
K(Uy), we have I(Ux) = N\, and the maximum of I(Ux) with respect to
all sets Uy ts i, the kth exgenvalue of the system 8. This maximum mini-
mum of I is achieved when Uy is the set of the first (k — 1) eigenfunctions
o1 ¢2 - . ., br—1 Of S.

Thus we may reformulate the membrane eigenvalue-eigenfunction
problem as follows: Given a set Ui of arbitrary functions u,, us, . . .
ux—1, we first minimize I of (137) with respect to those functions ¢ in K,
which further satisfy the (kK — 1) orthogonality relations (139)—with
respect to the functions ¢ in K(Uy), that is. The minimum so achieved,
namely I(Uy), depends in general upon the particular set U; which is
employed. We next proceed to maximize I(Uy) with respect to Uk;
that is, we form the minimum I(U;) for each of all possible choices of
sets Uy, and we select from among these minima the largest. The maxi-
mum of 7(U:) so achieved is the kth eigenvalue \x of the system 8, accord-
ing to the maximum-minimum principle proved directly above.

(It is clear that the maximum-minimum formulation of the membrane
eigenvalue-eigenfunction problem reduces to the minimum formulation
of 9-9(c) when k = 1—that is, in the quest for the lowest eigenvalue A;.
For the set U; is an empty set, containing no functions whatever.)

In the paragraphs following, we derive several consequences of the
maximum-minimum principle, some of which are generalizations of the
theorems proved in 9-10.

(b) We prove:

Theorem (i). If the membrane system S ts narrower! than the system
Ss, the kth eigenvalue N of Sa is no less than N2, the kth eigenvalue of Ss.

By definition every ¢ in K{* is a member of K{¥. With the use of
any given set Uy the formation of K.(Uy) involves removing from K{* a
subset of functions ¢—those which do not satisfy the (k — 1) orthogo-
nality conditions (139). In the formation of Kz(U;) the same subset is
removed from K{#; any additional functions removed from K{* to form
Ks(U;) are not in K* to begin with, and therefore not in K.(Ux).
Thus every function in K.(Uj) is a member of Kp(Uy). It thus follows
that the minimum 7,(Uyx) of I of (137) with respect to K4(Uy) is not less
than I5(U,), the minimum of I with respect to Kz(U). If Uy is the
set—the first (k — 1) eigenfunctions of S;—which maximizes I5(U;), we
have, according to the maximum-minimum principle,

MY = Is(Up) < Lu(Uy) = N°.

Theorem (i) is thus proved.
1 8ee the definition in 9-10(a).



174 CALCULUS OF VARIATIONS [§9-11

We may express (i) in terms of the numbers N4(\) and Ng(\), where
N 4(\) is defined as the number of eigenvalues of S, which are less than
or equal to the number \, and Nz(\) has the same meaning for Ss:

Theorem (i’). If S4 is narrower than S, it follows that Ns(\) < Ns(\).

(¢c) We prove:

Theorem (ii). If the membrane systems S4 and Sz have in common the
characteristics D, 7, o, and K,, but the respective binding functions satisfy
the relation pa = ps, then \® = N\®. Or,

Theorem (ii’). Ni(A\) = Nz(M).

If in (137) above we write p = pa4, I is written I4; if we write p = ps,
I is written Ip. Since ps = ps, it follows that I, = I for any given
function ¢ in K(Ui)—common to both systems—for any U employed.
By the argument of 9-10(b), it also follows that the respective minima of
I with respect to K(Uy) satisfy the relation I,(Ux) = I:(Ux). By the
argument of (b) above it follows that N\ = \® and therefore that
N.i(N\) = Ns(M).

(d) We prove a third direct consequence of the maximum-minimum
principle:

Theorem (iii). The systems S4 and Sz have in common the charac-
teristics D, 7, and p; and the eligible classes K{* and K{® are required
to ~atisfy the same conditions of regularity and the same set of special
conditions which may be imposed. If o4 < o8 tn D, then N = \P.
Or,

Theorem (iii’). Ni(A\) £ Ns(\).

We proceed to form the class of functions K4(Ux) by removing from
K{* all functions ¢ which do not satisfy

l/uu,-:ﬁ dedy=0 (=12 ...,k—1). (144)

With Ui given we form the set Vi such that its members vy, vs, . . .
vr—1 satisfy the relations

OBV; = 0AU; in D (j = 1,2, o e ,k - 1) (145)

With Vi thus established we form the class K5(Vi) by removing from
K{® all functions ¢ which fail to satisfy

me,-d, dedy =0 (=12 ...,k—1), (146)

which is identical with (144) because of (145).

In 9-10(c) it is shown that, if ¢ is any member of K{¥, there is a

corresponding member (¢/c) in K{®, where ¢ is a constant which may
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differ for different ¢, but where always

o
g

Cc

v

1. (147)

If and only if the formation of K4(U:) involves the removal of a given ¢
from K{*, 6 the formation of Ks(V:) involves the removal of the corre-
sponding (¢/c) from K{®, because of the identity of (146) with (144).
We therefore conclude that for each ¢ in K.(U,) there is a corresponding
(¢/c) in K(Vi).

Hence if the minimum I.(Ui) of I with respect K.(Uy) is achieved
when ¢ = ¢4, it follows from (137) that the function (¢4/c) in Kg(V)
renders I equal to

Is = ci,IA(Uk) < I.(Uy), (148)

because of (147). But since I is not less than I5(V}), the minimum of I
with respect to Kz(V), we conclude from (148) that

Is(Vi) £ I1.(Uy). (149)

We now proceed to maximize Iz(Vx) with respect to Vi and suppose that
the maximum A{® is attained when V, = V;—the set of the first (X — 1)
eigenfunctions of Ss. If U} corresponds to V; through (145), it follows
from (149) that

NP = Ip(Vy) = Lu(Uy) =N,

according to the maximum-minimum principle. Theorem (iii) is thus
proved, and (iii’") follows directly.

The physical implications in the theorems (i) to (iii) above are obvious
generalizations of the inferences drawn in 9-10 from the corresponding
theorems (i) to (iii) of that section. Fuller discussion is left for exercise
18 at the end of this chapter.

(¢) We consider the membrane system S which is characterized by
the domain Dp (with boundary C3), the density function o5, the tension
constant r, the binding function p = 0, and the class K{® of functions ¢
which satisfy the standard regularity conditions! and ¢ = 0 on Cs. Spis
associated, that is, with a given fixed-edge membrane.

A second system S, is characterized by the domain D, whose bound-
ary Ca lies entirely in Dp or is, at most, in partial coincidence with Cs;
the density function o4 defined so that ¢4 = o5 in Dy; the same tension
constant 7 as for Sp; the binding function p = 0; and the class K{* of
functions ¢ which satisfy the standard regularity conditions and ¢ = 0

1 See 9-9(a), just following equation (127)
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on C4. Clearly, the membrane associated with S4 may be constructed
from the membrane of Sz by holding the latter fixed along an internal
closed non-self-intersecting curve C, and ignoring whatever of Djp is left
over (see Fig. 9-2).

We characterize a third system
S’, by the domain Dp (with bound-
ary Cp), the density function oz,
the tension constant 7 (same as
above), the binding function p = 0,
and the class K of standardly
regular functions ¢ which satisfy

Fia. 9-2. ¢ =0 o0on Cay ¢ =0 on Cp, ¢ =

¢z = ¢, = 0 throughout the portion

of Dg exterior to C4. It is evident that the sequence of eigenvalues

AN NS, L. of S, is identical with the sequence A(®,

MY oL, MY, ... of Si. For we have from (137) of (a) above, if ¢
is any member of K{4?,

I=r[[ (& + ehdedy = [f (42 + ¢})dz dy;
Dp A

also
1[[0,¢2 dz dy = gmﬂ dz dy,

because ¢ = ¢, = ¢, = 0 between C, and Cs. Since the functions in
K{*" satisfy the same requirements in D. as do the members of K{®,
it follows that the S, and S, eigenvalue-eigenfunction problems are
identical.

Comparison of the characteristics defining Sz and S, shows, according
to the definition in 9-10(a), that S/, is narrower than Sz. From theorem
(i) of (b) above, it therefore follows that A\®’ < A*? = M. We thus
have a proof of:

Theorem (iv). The shrinking of the boundary, without any other change,*
of a fized-edge membrane may increase, but cannot lower, each eigenvalue
MGE=123,...). Or,

Theorem (iv’'). The shrinking may decrease, but cannot increase, the
number N (\) of the fixed-edge-membrane eigenvalues which are less than or
equal to any number \.

1 The ‘“shrinking’’ is effected in the way the system S, is created above, on the
basis of Sg.
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9-12. The Asymptotic Distribution of the Membrane Eigenvalues

In this section we derive, as a consequence of the maximum-minimum
principle, an asymptotic formula for the kth eigenvalue of a vibrating
membrane. The results we achieve are applicable to any membrane of
which the domain D is divisible into a finite number of congruent squares.
Finally, with the aid of theorem (iv) of the preceding section, we extend
our results to include the fixed-edge membrane of arbitrary shape. To
avoid an uninteresting morass of tedious detail, however, we merely state
without proof the corresponding extension to the elastically bound (or
free) membrane of arbitrary shape.

(a) We consider the membrane system S, characterized by the domain
D, the tension constant 7, the binding function p = 0, the density func-
tion o, and the eligible class K{* of standardly regular! functions ¢ which
satisfy ¢ = 0 on the boundary C of D. A second system S4 has the
first four characteristics—D, 7, p, and o—in common with S4, but the
functions ¢ in its eligible class K{4” are required to vanish not only on C
but also along a given network of piecewise smooth arcs which subdivide
D, without gap or overlap, into a finite set of »r subdomains Dy, D,, . . . ,
D, (see Fig. 9-3). Clearly S. is narrower than S,, so that the kth eigen-
value MA” of Su is not less than A, the kth eigenvalue of S4, according
to theorem (i) of 9-11(b). Or by the equivalent theorem (i’) of 9-11(b),

Nu(N) = Na(N), (150)

where the two members of (150) are respectively the numbers of eigen-
values of S. and S less than or equal to a given number A.

We seek a second characterization of the eigenvalue A4” in terms of
the eigenvalues of the r systems Sa,, Sa,, . . . , Sa, defined as follows:
The system S4; (j = 1,2, . . . ,r) is characterized by the domain D; (jth
subdomain of D), the tension constant r (same as for S,, S.), the density
function ¢ which coincides with ¢ of S4 and S. in Dj, arbitrary bind-
ing function p, and the eligible class K{*” of standardly regular functions
¢ which vanish on the boundary C; of D;, We prove now that every
eigenvalue of S4 is an eigenvalue of one of the systems S,; and, conversely,
that every eigenvalue of each S4; is an eigenvalue of Sa:

If M*? is an eigenvalue of S and ¢ is the corresponding eigenfunction,
we have, according to (126) of 9-9(a),

V2 + A\ =0  in D, (151)
and therefore in each D; (j = 1,2, . . . ,r). Since ¢ is not identically

1 See 9-9(a), just following equation (127).
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zero, there is at least one subdomain—say D;—in which it is not identi-
cally zero; and since ¢y is a member of K", ¢ vanishes on the boundary
C: of D;. The function ¢{’, defined as identical with ¢; in D; and identi-
cally zero outside D, is therefore the eigenfunction associated with the
eigenvalue \*? of S4. For, according to (151), we have

V2P + A% ¢ =0  in D;

and ¢’ = 0 on C;. That is, A’ is an eigenvalue (in general not the

kth) of S4,.
If A* is any eigenvalue of S4, and
D, D, ‘ § ™\ ¢* is the corresponding eigenfunc-
D, tion, we have that (\*,¢*) also con-
D D D, & stitutes an eigenvalue-eigenfunction

pair of the system Su, provided we

D, extend the definition of ¢* by means
of ¢* = 0, identically, outside D;.
For we have

1Vi* + N¥ogp* =0 (152)

in D;; and, with the extended defi-
nition of ¢*, equation (152) holds also in D, with ¢* = 0 on C.

If no two systems Su,, Sa; (+ # j) have an eigenvalue in common, we
conclude from the precedmg two paragraphs that the list of ezgenvalues
AN AR, L of Su may be formed by writing down the
aggregate of the ez'genvalues of all the systems Sa,y Say, - . . , Sa, and arrang-
ing them in ascending order. 'We now show that the same statement holds
even if several of the systems S4; have in common any number of eigen-
values: Let s systems of the S, —which, for the sake of simplicity, we sup-
pose to be Sa, Sa, . . . , S84, (s £ r)—have in common any eigenvalue
A\* and let the corresponding eigenfunctionin Sa,be ¢ (5 = 1,2, . . . ,9).
We extend the definition of ¢ by meansof ¢ = 0, identically, outside D;.
According to the preceding paragraph, A\* is also an eigenvalue of S4 cor-

Fi1a. 9-3.

responding to the s eigenfunctions ¢5, ¢5, . . . , ¢ (with the extended
definitions). Since the extended ¢f, ¢5, . . . , ¢ are linearly independ-
ent,! the eigenvalue A\* is at least? s-fold degenerate in S+ and thus appears
consecutively at least s times in the list A{*”, A{4, , N4

We therefore conclude that the italicized statement above holds in all

cases.
If N4,(\) is the number of eigenvalues of S4; (j = 1,2, . . . ,r) less

1 For no two are different from zero at any point of D.
2 “ At least’’ because A\* may be degenerate in any or all of S4;, S4sy « - « » Sa,.
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than or equal to \, and N.()\) is the corresponding number for Sa, the
above result is equivalent to writing

S ATSUIL 22 LAV ALY ERE s Y

Na(A) = Nay(N\) + Nay(XN) + ¢ ¢« 4+ N4 (M) (153)
From (150) it therefore follows that
Na(N) + NayN) + - - - + Na (V) = Na(d), (154)

where N 4(\) applies to the original fixed-edge membrane bounded by C.

(b) Holding in attention the membrane systems Sa, Sa, Sa,, . . . , Sa,
defined in (a) above, we consider also the system Sp characterized by the
same D, 7, o, and p (= 0 identically) as S. but having a class K{¥ of
eligible functions ¢ which satisfy no resirictions in D or on C except for
standard regularity. It is clear that S4 is narrower than Sp and, there-
fore, by theorem (i’) of 9-11(b), that

N.iN) = Ns(N), (155)

where Ns(\) is the number of eigenvalues of S less than or equal to A,
and N.(\) is similarly defined in (a).

We next define the system Sg, characterized by the same D, 7, ¢, and
p as in S4 and Sp but which has the eligible class K{®” of functions ¢
which are permitted to exhibit finite discontinuities across each arc of
the network which subdivides D into the subdomains Dy, D, . . . , Di—
the same set of subdivisions used in the definition of S in (a). (See
Fig. 9-3.)! Clearly, Sp is narrower than Sp, since every ¢ in K{® isa
member of K, while the latter contains discontinuous functions as well.
We therefore have, from theorem (i’) of 9-11(b), that

Nz(\) = Na(N). (156)

Finally, we define the r systems Sz, Sz, . .., Ss—the free-edge
counterparts of Sa, Sa, . .., Sa of (a)—as follows: The system
S, (j =1,2, ... ,) is characterized by the domain D, the tension

constant = (same as for Sz, etc.), the density function ¢ which coincides
with ¢ of Su, etc., in Dj, binding function p = 0, identically, and the
eligible class K{®” of functions ¢ which satisfy standard regularity con-
ditions and no other special requirements. With point-by-point corre-
spondence of details we may use the method of deriving (153) in (a) above
to prove also that

Na(\) = Ns(A\) + Ns,(A\) + - - - 4+ N5(N) (157)

1Tn barely realizable physical terms, Sp: has to do with the free-edge membrane
associated with Sz after it has been sliced into r free-edge membranes in the domains
Dy Dy . .., D,
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—with the single exception that we must replace the boundary condition
¢ = 0 in the proof above with the boundary condition (8¢/dn) = 0 for
the present proof. This fact requires special discussion:

From (127) of 9-9(a) it follows that every eigenfunction ¢ of Ss; must
satisfy (d¢/dn) = 0 on the boundary C; of D, since p = 0 in the definition

of Sz (j = 1,2, . . . ,r). Thus a preliminary requirement for the proof
of (157) is that the eigenfunction ¢i of Sz also satisfy (d¢r/dn) = 0 on
eachof C;,Cy, . . . ,C, foreveryk = 1,2/3, . . .. The proof of this

fact depends essentially upon the “en process’ of extremizing

= [[ (62 + opdz dy

with respect to those functions ¢ in K{®”—which may exhibit finite dis-
continuities across those portions of Cy, Cy, . . . , C, which do not coin-
cide with the boundary C of the whole of D—which satisfy the orthogo-
nality conditions

[[a¢m¢dxdy =0 (m=12 ...,k—1.
D

The proof, which is quite straightforward, is left for end-chapter exercise
20, which is presented with an ample supply of guiding hints.

Wo mav therefore accepnt the validityv of (1 R?\ which we combine with

VU RAAQy VAATLATLAULAT QULVT VAT Vaailiavy Vi (Lo Ai1UAx

(156), (155), and (154) to achieve the 1mportdnt result

r

Y Na() S Na@) S Na@) £ ) Ny, (158)
i=1

i=1
(c) In (118) of 9-8(b) we have, by setting a = b, the explicit formula

2
Ak = (-::r_bz (m? 4 k2) (mk = 1,23, . . ., independently) (159)

for the eigenvalues of a fixed-edge square membrane of side length b and
of uniform density oo. If we write

2 R
R? = T0N (160)

T

with R positive, it follows from (159) that the number N, (\) of eigen-
values of the system less than or equal to A is the number of pairs of
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positive integers (m,k) which satisfy the inequality
m?* 4+ k* = R*  (mk #0). (161)

In the language of analytic geometry N4,(\) is thus the number of lattice
points! lying within and on the first quadrant of the circle

2t +y? = R, (162)

exclusive of points lying on the z and y axes (see Fig. 9-4).
We associate with each lattice
point x = m, y = k for which (161)
is satisfied the unit square of which —
it is the wupper righi-hand corner.
With this, it is clear that N4 (\) is \\ N
the total area of those unit squares ‘\ \
which lie completely within the N,
quarter-circle under consideration. \\
To obtain an upper bound to the \ \
difference A; between N4 (A\) and \ \
(wrR?/4), the quarter-circle area, we

h
N

note that a concentric circle of
radius (B — /2) excludes all the
partial squares whose total area is 7
A;. It therefore follows that A, is (R = 2) ———]
less than the first-quadrant area of Fic. 9-4.

the annular ring between the circles

having the respective radii R and (R— +/2) (see Fig. 9-4); that is,

Ar = }7R? — N4y(\) < 3rR? — (R — V/2)%
=1rv/2 (2R — v/2) < 1 +/27R.

Thus we may write 3
N, = 1rR? — 3 /2 704R,

where 0 < 84 < 1; or, with the aid of (160), we have

_oh_,, fa
N.(\) = 7y 0Ab\/2T (0 < 84 <1). (163)

In similar fashion we obtain an analogous expression for Ng,(\), the
corresponding quantity for the free-edge square membrane of side b and
uniform density oo. The only difference, according to (121) of 9-8(c),
between the fixed- and free-edge cases is that we may admit zero values

1 Alattice point in the zy plane is any point both of whose coordinates are integers—
positive, negative, or zero.
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of mand k. We therefore associate, in Fig. 9-5, each lattice point which

renresents a free-edge eicenvalue with the unit square of which it is the

JUFLUDDLLUU A LIUUTUURL VIigUll ¥V (Wilkyw  Vravil Vasy A1V R eiva T UL v azalo2 -

lower left-hand corner. With this, it is clear that N, () is the total area
of those unit squares which lie completely or partially within the first
quadrant of the circle (162). The difference A, between N, (\) and
(rR2%/4) clearly satisfies the relation

Ar = No(\) — ¥R < in(R + +/2)* — ixR? .
= ir v/2 2R + \/2) < 7R,
if R> (1 +4+/2). Thus we may write

Nz(\) = -sz + 6s7R = "°b My o6b \/“"’ (0 < 6 < 1), (164)

with the aid of (160)
Amnougn 64 and fz cannot be evaluated in buupw form as function

of \, the results (163) and (164)

. are useful in that the unevaluated

final term is, in each case, small

-ﬁ\\ compared with the term (oob?\/477),
S \\ for sufficiently large A\. Both of

\ (163) and (164) are used, in con-

junction with (158) of (b) above,
in deriving the asymptotic results

\ \ below.
\ \ (d) We consider now a mem-
\ \ brane of uniform density ¢, and

tension constant 7, for which the
domain D may be subdivided,
without gap or overlap, into a
R(R.N?)—*'—_)‘ finite number r of congruent

- squares of side length b. Asso-
ciated with this membrane we con-
sider the systems Sa, Ss, Sa, S, (j = 1,2, . . . ,r), which correspond to
the systems defined in (a) and (b) above:

F1c. 9-5.

S4: Entire membrane, boundary edge held fixed
Sz: Entire membrane, boundary edge free
Sa4;: Membrane of jth square of side length b, boundary edge held

fixed (j = 1,2, . . . ,r)
Sz,: Membrane of jth square of side length b, boundary edge free
(G=12, ... ).

The symbols N4(A), Na(\), Na,(A), N5,(A) have the meanings assigned to
them in (a) and (b).
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For each j, we may apply to the system S4, the result (163) of (¢)—

Ni(\) = — 04b \/)“"’ (0 < 64 < 1). (165)

To the system S, we similarly apply (164), for each j:

a'obx

Ns,(\) = + 83b \/""" (0 < 65 < 1). (166)

Since the expressions for both N4,(\) and Np,(\) are independent of
the index 7, summation of each over j fromj = 1toj = r merely involves
multiplication by r. Thus, with (165) and (166), the relations (158) of
(b) above read

("°b Ay \/M) < Nu) S Na() < 7 (""b s oab\/"‘”’)- (167)

We use the fact that rb? is the total area, and therefore

M = aorb2

the total mass, of the membrane to conclude from (167) that

NaO) = g + 6L b\/M" (=1 < 0, < /3) (168)
and
Na(\) = i—% + oA (—1<f<vD.  (169)

For \ large compared with (8x%2b%r/M?) = (87%* /oob?) the second
term of each of (168) and (169) is negligible compared with the first.
For such large N we may therefore write

NA(X) ~ NE M)\;

(170)

or, equivalently,

lim Ya®) _ p NaQ)

A >\ A @ )\ 41l' (171)

.*

We let A\¥ represent the kth eigenvalue of the fixed-edge membrane
(S4) and )\“” the kth eigenvalue of the free-edge membrane (Sp). If?

1 This means that \: (either superscript) is nondegenerate or that in the ascending
sequence of the eigenvalues of the system involved A denotes the final listing of a given
degenerate eigenvalue.
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both MY < Af; and \? < N3, we have, by definition of N4(\) and
NBO‘):

NiQO*) =k, Nz(\P) = k. (172)
Thus the asymptotic results (170) imply

A& ~ AD ~ 47k

(large k). (173)

Asymptotically, that is, the kth eigenvalue of a fixed-edge membrane is equal
to the kth eigenvalue of the corresponding free-edge membrane, with the com-
mon asymptotic value depending only on the total mass M, the tension con-

stant v, and the index k Althouch this result is nroved here onlv for the
, ang Lhe wngexr K, Althougn this result 1s proved here on the

2y 101

membrane of uniform density whose shape is such that it may be sub-
divided into a finite number of congruent squares, it is extended below
so as to justify the italicized statement in its full generality.!

It is to be pointed out that the final member of (173) is not an approxi-
mation to Af¥ or A\{?’ in the sense that the error of approximation can be
made arbitrarily small by taking k sufficiently large. The mode of deri-
vation—in particular, the neglect of terms involving the undetermined
¢, and @, in (168) and (169), respectively—makes it clear that the reverse
is in general true. But although the error increasesewith increasing k,
the relative error approaches zero with increasing k. The approximation
given by (173) is good only in the asymptotic sense; t.e., the ratio of any
pair of members of (173) approaches unity as k¥ — .

We may draw two important conclusions from the results of the pre-
ceding paragraphs. First, the multiplicity of any given (degenerate) eigen-
value s necessarily finite. For it follows from (168) and (169) that below
any given number there lie only a finite number of eigenvalues. Second,
the eigenvalues of a given membrane form an infinite unbounded sequence.
Our ability to prove these facts depends upon the explicit solubility of
the eigenvalue-eigenfunction problems for the uniform square membranes
of fixed and free boundary edges.

The assumptions M® < M#{; and M® < NP, upon which (172) is
founded are unessential to the resuits (173). If At = Ary; < Agyjpr (either
superscript), the number & in the final member of (173) should be replaced
by (k + j). Since, according to the preceding paragraph, j is necessarily
finite, failure to make this replacement incurs a relative error which
approaches zero as k increases indefinitely.

(e) We consider next a membrane of tension constant 7, for which the
domain D may be subdivided, without gap or overlap, into a finite num-
ber r of congruent squares of side length b, but whose density ¢ = o(z,y)

! In end-chapter exercise 20 the general result is extended to the membrane whose
boundary edge is held elastically.
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varies continuously over D. We suppose that the maximum and mini-
mum of ¢ in the jth subdomain D; are given respectively byt o, and Tony,

so that
Om; S0 = oMy in D,' (j = 1,2, e e ,T). (174)

In addition to the (2r 4+ 2) membrane systems defined at the opening of
(d) above we consider also the 2r systems

Sa,;: Membrane of jth square of side length b, boundary edge held fixed,

o replaced by the constant om; (j = 1,2, . . . 1)
Sp,;: Membrane of jth square of side length b, boundary edge free,
o replaced by the constant o, (j = 1,2, . . . ,r).

The symbols Na,;(A\), Ns;(\) have the same meanings with respect to
S, and Sp; as Na,(\) and N,(\) have with respect to Sa, and Ss,, for
each j.
It follows directly from theorem (iii’) of 9-11(d) that
Na;(\) £ Naiy(M) and Ng,(\) £ Ns,(M), (175)

by virtue of (174). Since S, is associated with a fixed-edge square mem-
brane of side b and constant density on; the result (165) of (d) above,
with g, replaced by o, may be taken over to read

\ —
No,(\) = 02;?1)‘ — 64b \/)‘;;"’ (0 <64 <1).

With the first of (175), therefore, we have

DN
4rr

)\a,,.,

2r

— 6,b SN, (0 <6, <1). (176)

With similar application of (166) of (d), with o, replaced by ox, we have,
further,

Ns(\) £ ‘”"b A + 65b \/*"“’ 0 <6s <1). (177)

Because of (176) and (177) the general result (158) of (b) above implies

RN TS

= Ns(\) = - z ou;b? + o,,b\/ 2 Vo, (0 < 84,05 < 1). (178)

I=1

t The use of the subscript M to dencte maximum should not be confused with the
use of the same symbol (but never as subscript) to denote the total mass of the
membrane.
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From the definition of the double integral we have

omb? = cdrdy — =M — & (179)
Py
and
Y oupt = {/ cdzdy + 8 = M + 8, (180)
F=1

where M is the total membrane mass and &, &; are positive numbers
which can be made arbitrarily close to zero by taking b sufficiently small
(or, since rb? is the membrane area, by taking r sufficiently large). Fur-
ther, if we denote the maximum of ¢ in D by ou, We have

Vom =Y Vo 2 Y Vou =r/ou (181)
DRCEPRCED)
With (179), (180), and (181), the inequalities (178) imply
o (M — ) = b 52X < Nu(Y)
A P\O‘M

Ignoring, temporarily, the quantity Ns(\), we infer from (182) that

NN _ M
N AT s

" 4wt

P 4——;7 + 0s7b g—' (0 < 64,05 < 1). (183)

From (183) it follows that

Ny M| 8y, N (184)

where & is the larger of the positive numbers 81, 82, both of which, accord-
ing to (179) and (180), can be made arbitrarily small by taking b suf-
ficiently small.

Letting \ increase indefinitely (with b held fixed), we see that the limit
of the left-hand member of (184) as N — « is less than (§/4xr). But,
since this limit is independent of 8, and since & can be made as close to
zero as we please, it follows that the limit is zero, or

. NN _ _Al_
7\1.{.“3. AN dar (185)
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From (182) we may also derive the result (185), with N 4(\) replaced by
Nz(\), in identical fashion.

Thus (185) and the equivalent statement for Nz(\) bring us to the
result (171) of (d) above. We therefore conclude that all the asymptotic
results enunciated in (d) as springing from (171) are applicable to the
membrane of nonuniform density which is divisible into a finite number
of congruent squares.

(f) With the aid of theorem (iv’) of 9-11(e¢) we can extend the asymp-
totic results achieved above to the fixed-edge membrane of arbitrary
shape. We let S denote the sys-

—; C,e
tem associated with a given fixed- rf ; L_‘\]: |5 !
edge membrane whose domain D is C,.
of arbitrary shape. The system Syu & ‘_'_])]
is characterized by the domain D,

which is divisible into a finite num-
ber of congruent squares and whose
boundary C. lies entirely in D, the
same tension constant as for S,
and a density function which coin-
cides with that of S, over Dy. The
system Su~ is characterized by the
domain D, which is also divisible
into a finite number of congruent

aniaraa onr‘ xxr]'\ncn }'\nnhf]ortr {Y onomn
0\1““‘ v viia YY AAVOC LA AV P A 2D N J \JUJLL!J J AA AN

tension constant as for Si, Sa, and a density function which coincides
with that of S4in D and is arbitrary outside D (see Fig. 9-6). All three
systems are associated with fixed-edge membranes.

If the symbols N4(\), N4(N), Nas(\) have their usual meanings, it fol-
lows from theorem (iv’) of 9-11(e) that

N2\ £ NaO) £ Naw(V),
from which we have, on subtracting (M /4nr) from each member,
Ney M M —M NN _ M

Fi1c. 9-6.

lnfn]v encloses D the same
UL A~ J—"

(DS A1/ 28 8Ly

A 47 4xr = A 4T
" "__
< NA;:()\) M | M M’ (186)

where M’ is the membrane mass in D, and M’ is the mass in D 4.
Because D4 and D, are both divisible into a finite number of congruent
squares, it follows from (¢) above that

. IN2OY MY
lim |—5= — ) = lim

Ny M

A | = O
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We therefore conclude from (186) that

IN.(N) M, _ AM
li - = ) 187
A w | A drr| = dwr (187)

where AM is the larger of the differences |M’' — M|, |M"" — M]|.

If the boundary C of D is made up of a finite number of smooth arcs—
which we assume to be the case—it is always possible to construct
domains D4 and D4~ in such fashion that AM is arbitrarily small. Since
the limit on the left is independent of AM, it is therefore zero. Thus we
are returned to the result (171) of (d) above, whence it follows that the
general asymptotic results expressed in (d) are applicable to the fixed-
edge nonuniform membrane of arbitrary shape. The results are like-
wise applicable to the corresponding free-edge membrane, but we omit
the proof.

9-13. Approximation of the Membrane Eigenvalues

(a) The minimum characterization of the membrane eigenvalues pro-
vides us with a direct (Ritz) method for approximating these eigenvalues
in cases where explicit solution cannot be effected. We limit consider-
ation here to the membrane whose boundary edge is held fixed, with
extension to other cases left for the end-chapter exercises.

According to 9-9 the kth eigenvalue M\ of a given fixed-edge membrane
problem is the minimum of

I

I

fr. . o 5 . .
r [ (8% + #Ddz dy (188)
D

with respect to those sufficiently regular functions ¢ which vanish on C
and satisfy the normalization condition

f[ cotdrdy = 1 (189)
D
and the (k¢ — 1) orthogonality relations
/faqb,,.qbdxdy =0 (m=12, ...,k—1),
D

where ¢, is the minimizing function which renders I equal to An.. We
denote the system, in the language of 9-10(a), associated with this mini-
mization problem by S, with K, the class of functions ¢ eligible for the
first minimization of I.

For an approximation procedure we replace S by a system S’, which
has in common with it the system-defining characteristics D, 7, ¢, p but
for which the class K’ of functions eligible for the first minimization is a
certain subclass of K,. According to the definition given in 9-10(a) the
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system S’ is therefore narrower than S. If ®&1(z,y), ®:(2,y), . . . , Bs(z,y)

are s conveniently given functions continuously differentiable in D, we

LT U VUia ¥V Tiiiiava i AR havll JERVIRRRUAD, L1111 Ula ]l

let the class K’ consist of all functions ¢ which exhibit the form
v =P+ P2+ - 4+ D, (190)

where ¢;, ¢2, . . . , Cs are arbitrary constants consistent with the normali-
zation condition (189), with ¢ replaced by .

We denote by ¢i, ¥2, . . . , ¢, the first s approximate eigenfunctions!
sought and the corresponding approximate eigenvalues by Ay, A, . . .,
A,. In accordance with (190) we write

2 a) (1011
Ly 0o e \1J1)

RL (v = 1
U’ ] \Il’/ P

f
3
|
"~

M
so that the problem of finding each minimizing ., is equivalent to that
of determining the set of values ¢{™, ¢i™, . . ., ¢™ for the coeflicients
¢, €2, . . . , Cs, respectively, in (190), for each m. Since the functions y
eligible for the kth minimization of I must be orthogonal in D to the first
(k — 1) approximate eigenfunctions ¥y, ¥3, . . . , ¥x—1 with respect te
o(z,y), we have, because of (190) and (191),

[[aw,,, dz dy = Z z ey =0  (m=12 ...,k~1), (192)

Ojy = a5 = //‘O'q)iq’] dx dy. (193)
D

Substitution of (190) into the normalization condition (189) gives, fur-

ther, the condition
8 8

z ceoy = 1. (194)
1=1 5=1

Finally, if we define

o [ (3% 0%; | 9%, 0%\ , , N
= - (189)

2T =T \or ex T oy oy ) 4P
D
substitution of (190) for ¢ in (188) gives
I = C,er,;j (196)
PP

for the quantity whose successive minima we seek.
1 See 7-6(b).
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The problem of determining the minimum of (196) with respect to the
8 quantities ¢i, s, . . . , ¢, which satisfy the normalization condition
(194) with the (k — 1) subsidiary conditions (192) is readily seen to be
identical with the corresponding problem worked out in 7-6(c). We may
therefore state directly the following results:

The first s approximate eigenvalues A1, As, . . . , A, of the system S
(the precise eigenvalues of the narrower system S’) are given by the s

roots of the equation in A

—Tu+ Aoy —Tiz+ Asye -+ =Ty + Acdy,
TInFden Theddm v TheEAe oo e
‘ —Ty1 + Agsr —Te +Aose -+ —To + Aoy, l
The coefficients ¢{®, ¢{?, . . . , ¢, which—when k ranges over the values
1, 2, . . ., s—supply, through (191), the corresponding approximate
eigenfunctions ¥, ¥s, . . . , ¥, are obtained by solving the system of s

linear homogeneous equations

8

2 (Aka',-,- - I‘.-,-)c,‘-") =0 ('l = 1,2, .« e ,S)

i=1

in conjunction with the normalization requirement

cPc

) —_
¥ O';j—].

&
) H

for each k. The constants g;; are computed by means of their definition
(193); the I';; are computed from (195).

From theorem (i) of 9-11(b) it follows directly that N\ < A for all &,
since S’ is by definition narrower than S; that is, the approximation of
each eigenvalue of the original system is an approzimation from above.

(b) If the boundary curve C of D may be described by the equation
u(z,y) = 0, a simple choice for the functions ®; (j = 1,2, . . . ,s) intro-
duced in (a) above is the following:

P, = u, ®, = uz, ®; = uy, &, = ur?, ®; = uxy, dg = uy?,
and, in general,

$ = uzr~ye, withj=43p(+1)+ @+ 1),
wherej=1,2, ...,s8¢=0,1,...,p;

p=12...,%8 +1-3).
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(Thus the choice of s is restricted to values for which (8s + 1) is the
square of an integer.) We employ this choice of the functions &; to
approximate the three lowest eigenvalues associated with the circular
membrane of uniform density, with s = 3.

We suppose that the membrane density is the constant ¢y, with the
radius equal to R. For the function u(z,y) which vanishes on the bound-
ary, we choose

=R — /2t + o2
With s = 3 we have, according to the preceding paragraph,
®, = R — _\/x2+y2’ $, = x(R - Vx2+y2)) <I>3 = y(R - ‘\/Q;T-_F—??)

With the introduction of polar coordinates (x = r cos 8, ¥y = r sin ) so
that (193) and (195) become respectively

R [2x
Gij = 0 = 09 L ]; ;P do dr

9P, 6<I>, 9%; 9%,

we compute directly that

Ty = =rR?, Tp = T35 = gnrR4,
Te=Ta=Tis=Ta =Ty =T=0

and

&
=]
£

dg11 = '&‘n'o’oR", g22 = 033 = 'e'l'oﬂrO'oRs,
012 = 021 = 013 = 031 = 023 = 032 = 0.

With these results the determinantal equation (197) assumes the par-
ticularly simple form
(—mrR? 4+ }mooR4A)(—3nTR* 4+ JomaoREA)2 = 0,

whence we obtain for the first three approximate eigenvalues of the uni-
form circular membrane

1@~

or 157
M=cp M=b=T%
The precise results® are
_ BT = Jhr |
M=JRY  MT M=o

where jo1 = 2.40, j1, = 3.83, to two decimal places.
1 See exercise 13 at the end of this chapter.
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Although the foregoing illustration is relatively free from the compu-
tational difficulties one generally encounters, it should supply an adequate
guide to the application of the method to cases which involve greater

complications.
EXERCISES

1. (a) Starting with equation (7), and without the aid of Green’s theorem, derive (8)
by carrying out a suitable integration by parts in each of the last three integrand terms.
(b) Generalize the procedure of part (a) to derive the general Euler-Lagrange
equation (10).
2. The equations
z =12 cos Q — y sin Q,

y =2’ s8in Q + y’ cos Q, (198)

define the transformation from a plane cartesian zy coordinate system to a second
cartesian z'y’ system having the same origin, where @ (a constant) is the angle through
which the axes of the former system must be rotated counterclockwise to bring them
into coincidence with the axes of the latter.
(a) Use (22), reduced to two independent variables, with f = 3w?, to derive the
relation
Wy = Wz €082 Q 4 wyyr 8in? @ — 2w, sin @ cos Q.

(b) Derive analogous expressions for w,, and w., with the aid of (22).

(¢) Use the results of parts (a) and (b) to show that the expression w..w,, — w},
is unaltered by a rotation of the coordinate axes.

(d) Show that the laplacian w., + w,, is unaltered by a rotation of coordinate axes.

3. Show that the solution of the system (20) for w.,, w.,, w:, i8 always possible if
the jacobian of the transformation is nonvanishing, as required.

A (a)Y GGiven the transfarmation fraom cartesian ta narahnlaidal naardinae
@ (&) S1ven (ne Lransiormation IrGinl carvesian ¢ paradCiolGa: Coeoraing

= pq cos ¢, Yy = pgsin ¢, z = }(p* — ¢%),

show that
1 [ 1
PP+ ¢t lpap y Ak

Hint: Show that (30) is fulfilled and that h, = hy = v/p? + ¢% h¢ = pg. Then
use (40).
Describe the three families of surfaces p = constant, ¢ = constant, ¢ = constant.
(b) Given the transformation from plane cartesian to plane elliptic coordinates

(p,9)

Viw = (pwy) + (qwq)] + Weé-.

_ Vg y=\/(p—c’)(c’—q) , v oo

C O=g=sct=p), (199)
where c is a positive constant, show that
Y — a
R L Tl R a (GE=D NV ey )

p—4q pP—4a

Describe the families of curves p = constant, ¢ = constant, as defined by (199).
6. By solving the equations of transformation to spherical coordinates

z = r sin 0 cos ¢, y = rsin 6 sin ¢, z =rcos @
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for r, 6, ¢, show that r represents the distance from (z,,2) to the origin, 6 the angle
between the positive z axis and the line drawn to (z,y,2) from the origin, ¢ the angle

between the zz plane {positive z) and the half-plane bcu“ded by the z axis and con-

taining (z,y,2). Thus describe the families of surfaces r = constant, 8 = constant,
¢ = constant.

8. (a) Work out the details of the assertion made in 9-4(c).

(b) Prove the assertion made in the final paragraph of 9-5(d).

7. A membrane having all the characteristics of the membrane described in 9-3 is
subjected, additionally, to a nonconservative transverse force per unit area given by
the expression F(z,y,t). (That is, an element of area dz dy experiences the externally
applied force F(z,y,t)dz dy perpendicular to the zy plane.)

(a) Use the extended Hamilton’s principle of 6-7 to show that the equation of
motion of the membrane so influenced is

w . i PPN
o—a = VW + Fzy). (200)
{b) Extend the method of 9-7 to show that the solution of (200), with w = 0 on
C, is
-]
w= ) c®sie),
7=1
where
7V2; + Ajogp; = 0in D, ¢; =0on C,
and
dc;
g T M = F(z,y,t)¢idz dy.
D

(Each ¢; is normalized in D with respect to ¢.)
8. Given the inhomogeneous boundary condition w = g(z,y) on C for the membrane
equation

show that we may write w = u(z,y,t) + v(z,y) where v = 0 and v = g(z,y) on C,
V% = 0 and oti = vv2u in D. Thus we reduce a membrane problem with an inhomo-
geneous boundary condition to one having a homogeneous boundary condition, plus a
solution of the two-dimensional Laplace’s equation with boundary values prescribed.
(The latter part of the problem is discussed in Chap. 12.)

9. Suppose that the tension constant r, introduced in 9-3(b), is replaced by the
continuously differentiable positive function r = 7(z,y).

(a) Derive the differential equation of motion (corresponding to (49)) for such a
membrane.

(b) Derive the equation satisfied by ¢ if w = ¢(x,y)q(?) is a solution of this equa-
tion of motion.

(c) Prove that the eigenfunctions of the equation derived in part (b) form an
orthogonal set in D with respect to the weight function ¢ if they are required to satisfy
on C any of the homogeneous boundary conditions discussed in this chapter—namely,
¢ =0,7(3¢/9n) + pé = 0, or a mixture.

10. In 9-5(e) it is pointed out that A = 0 is an eigenvalue of the free-edge membrane.
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Return to 9-4(a) to show that the time-dependent factor corresponding to the associ-
ated eigenfunction (a constant) isq = A + Bt, where A and B are arbitrary constants.

ii. (a) Derive the result (92) of 9-6(c).

(b) Use the Schmidt process to show that a set of three linear combinations of
1,z,y which form an orthogonal set with respect to the weight function ¢ = 1 in the
domain0 2z =s1,0=sy=slisvy=1Lva=2—3%vs=y — 3}

(c) Show that the Schmidt orthogonalization process is in general not unique in
its determination of the N orthogonal linear combinations.

(d) Prove that aset ¢1, ¢2, . . . , on of orthogonal functions is linearly independent.

12. (a) Modify the analysis of 9-7 to show that the results achieved are equally
valid in the case of the fixed-edge membrane (w = 0 on C).

(b) Show that in the case of the free-edge membrane the term (4, -+ Bot) must be
added to the right-hand member of (107) of 9-7(a) (see exercise 10 above).

(c) Given that w(z,y,0) = g(z,y) and w(z,y,0) = h(z,y), show that the coefficients
in (107) have the values

1 ff . 1 f

Am = odmg dz dy, B, =
JJ

r " 2 2 k
cémh dz dy.

Vil

Give the values of Ao and B, in the case mentioned in part (b).

18. We consider, throughout this exercise, a circular membrane of radius B. We
use the polar coordinates (r,8) with origin at the center of the circle, so that r = Ris
the equation of the membrane boundary.

(a) Use (43) of 9-2(e) to show that the equation

V2% + Aog =0 (201)

is separable (in the sense of 9-8(a)) if and only if ¢ is independent of 6.

(b) We must require that ¢ = ¢(r,8) be a single-valued function of position in D,
so that ¢(r,0 + 2r) = ¢(r,0). Show that, if ¢ = o(r), equation (201) has solutions of
the form H,(r) sin n@ and H,(r) cos nf, wheren =0,1,2, . . ..

(¢) If ¢ = o0, & constant, show that

H.(r) = Jn (r @),

where J,(2) is the nth-order Bessel function of the first kind, provided we impose the
condition that ¢ be finite everywhere in D. HinT: Compare the r-dependent differen-
tial equation with (41) of 8-3(c).

(d) If we impose the boundary condition ¢ = 0 forr = R, show that theeigenvalues
are given by the scheme

2
Ak = nk (n=012 ...;k=123,. ., independently),
Rzo'o

where j.: is the kth positive zero of J.(z). Thus show that the two (unnormal-
ized) eigenfunctions which correspond to the eigenvalue M (n = 1,2,3, . . .) are
Ja(rjnr/R) cos n8 and J.(rjur/R) sin n6. How many eigenfunctions are associated
with each of the eigenvalues \ox?

(e) Show that the eigenfunctions associated with A.; vanish on the circles whose
radii are given by (jni/jm)R, for ¢ =1, 2, . . ., k — 1. (These are the so-called
nodal circles.)
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() Show that the vibration frequency associated with the eigenvalue Az is (1/27)
'\/1' / ago (jnk/ R)

14. Use the orthonormality of the eigenfunctions to derive the expression for ¢.
given in (94) of 9-6(d).
16. Show that (¥ — 1) linear homogeneous equations among the quantities ¢, ¢,

. , ck—subject to the condition

—always possess at least one solution. HinT: Consider the system of k linear homo-~
geneous equations consisting of the original (k -- 1) equations and any one of these
repeated once. Evaluate the determinant of this system (see 2-8(b)).

16. List the physical consequences of theorems (i), (ii), (iii) of 9-11 which are direct
generalizations of the physical consequences drawn in the text from theorems (i), (ii),
(iii) of 9-10.

17. Prove the following extension of theorem (iii) of 9-11(d):

If the maximum of o4 is less than the minimum of o5 in D, then \M{# > \{®’. HinT:
First show, from the differential equation, that the kth eigenvalue of a constant-s sys-
tem is inversely proportional to o.

18. It is required to extremize the integral

1 = [[76uda dy
D

with respect to functions which are continuous, with their first derivatives, in D—
except for a finite number of smooth arcs which subdivide D, without gap or overlap,
into a finite number of subdomains; across these arcs, the eligible functions ¢ may
exhibit finite discontinuities. Let the subdomains be denoted by D,, D., . . . , D,

and the respective boundaries by Ci, C, . . . , C:.
(e) Show that the “en process” of 9-5(b)—with the time integral suppressed, and
with extension to take care of the allowable discontinuities—leads to the result

X 8 of dy _ of dz }_
_21 { _,D//" [a‘&; (am) + 3 (6¢y ] dz dy + [c.- K [a¢, ds 3, ds] dsp = 0.
1= 03

Hint: Apply Green’s theorem (22) of 2-13 to each subdomain D; separately.

(b) Show that the permissibility of discontinuities across each C; of the eligible
functions ¢ allows us to choose n arbitrarily in the line integral along each C;. Hence,
conclude that

04),%—55;%_0 ODC;‘ (?:=1,2,...,7').

But every point of the boundary C of D is a point of at least one of the C;; thus we
have the result that the boundary condition satisfied by the extremizing ¢ is the same
at each subdivision boundary as it is at the exterior boundary of the whole domain.

(c) Generalize the final result of part (b) to include cases in which ¢ is required to
satisfy normalization and orthogonality conditions in D. Establish the assertion
made in 9-12(b) that any eigenfunction ¢r of Sp—which satisfies (d¢r/dn) = 0 on
C—must satisfy the same relation on each of Cy, C, . . ., C:.
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19. In 9-12(c) show that (68 + % /2 84) < (2/r), and therefore that 8z < (2/r),
04 < (2 /2/r). HinT: First show that Np,(\) £ N4, (\) + 2R — 1).

on Wea oangider thraa mnmkrnnn avaetama S Q’ Q” nrk\nk 1n17n“rn the same nhvaical
aave VYU UULLBIUTL vil1TT 11104 M1Qiil 5y BuUiils i3, 11201 222 VO0LVTE viiC Sl y;AJ Sitaa

membrane; but S involves the boundary edge fixed, 8’ the boundary edge hel
elagtically, and S’ the boundary edge free.

(a) If A, 7\,',, 7\;,' represent the kth eigenvalues of the respective systems, prove that
N =N S A

(b) Use the result of part (a) to extend the asymptotic results of 9-12 to the case of
the membrane with boundary held elsstically.

21. (a) Use the orthogonality property to prove that a given membrane system can
possess at most one eigenfunction which does not vanish in the interior of D.

(b) If a membrane eigenfunction changes sign anywhere in D, continuity requires
that it must do so either across an arc which has its end points on the boundary or
across some closed curve in D. A curve across which an eigenfunction changes sign

allad a nadal Lim
18 Caiida & noaae vune.

(c) Prove that the eigenfunction associated with the lowest eigenvalue of a fixed-
edge membrane system S can have no nodal lines in the interior of D.

Proor: Assume the contrary: Suppose that the nodal line divides D into two or
more subdomains in each of which the eigenfunction ¢, has one sign, with a reversal
of sign between adjacent subdomains; let D* be one of these subdomains. Show that
the function ¢*, defined as equal to ¢; in D*, is an eigenfunction of the system S*
associated with D* (boundary edge fixed, same o, 7 as for S) which corresponds with
the lowest (see (iv) of 9-11(e)) eigenvalue A; of S*, equal to the lowest eigenvalue of S.
Let D’ be any subdomain of D such that D’ contains D* as a subdomain. Prove, with
the aid of theorem (iv) of 9-11(e), that the lowest eigenvalue of the system S’ associ-
ated with D’ (boundary edge fixed, same o, 7 as for S) is also A:; let ¢ be the correspond-
ing eigenfunction. Show that the function which is equal to ¢ in D’ and is identically
zero outside D’ is an eigenfunctlon of 8 associated with the lowest eigenvalue A,.

Construct a sequence D), 15 Dzs ce s D of subdomains of the type D’, where D'i—i
is a subdomain of D’ G=23,...,m—1). Thus show that it is possnble to con-
struct m lLnearly independent eigenfunctions ¢V, ¢@, . . ., ¢™—with ¢() identi-

cally zero outside D;-——of the system S which all correspond to the single eigenvalue A;.
Since m can be chosen arbitrarily, this result contradicts the conclusion of 9-12(d)
that the multiplicity of any given eigenvalue is necessarily finite.

(d) Show that the lowest eigenvalue of a fixed-edge membrane is nondegenerate.

(e) Illustrate parts (c¢) and (d) by means of the rectangular and circular fixed-edge
membranes of uniform density.

22. (@) Return to Chap. 8 and derive, in the manner of 9-11, a maximum-minimum
characterization of the Sturm-Liouville eigenvalues.

(b) On the basis of part (a) prove that an increase of the function r = 7(z) cannot

dooreaas the nth Qtiiwm T3 +illa aicanvaluia ). ¢ that an ineoraasa of & = () cannot
GECreast ne 7in SIurm-ii1ouviue Sgenvaiue A,, 'nal an ineéreéase 0i ¢ = o) ¢annod

increase An.

(c) Prove the result analogous to (158) of 9-12(b) for the Sturm-Liouville eigen-
values, where the interval z; < z < z. is subdivided into r sections in the fixed- and
free-end-point cases.

(d) On the basis of parts (b) and (c) derive the asymptotic formula

n2r?

RO
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in the case u = 0. HiNT: Use the fact ’fhat A = [nr%/o(z2 — 21)?] if ¢ and r are
both constant, and compare 9-12(e)—with the use of the quantities (¢/7)m; and
(¢/7) s, in place of (em;/T) and (ea;/7), respectively; part (b) above is required.
@ /23/ jApply the final remark of 9-13(a) to the approximation of the vibrating-string
eigenvalues developed in 7-6(c). HinT: Use exercise 22(a) above.

24. What change in the procedure of 9-13(a) is required if it is to be applicable to
the free-edge membrane?

26. Extend the work of the foregoing chapter to the three-dimensional analogue of
the vibrating membrane; that is, consider the case in which

1= f[[eirazayas, V=i [[f @2+ 0} + wddzay e
R R

where T and V are respectively the kinetic and potential energies of the given system
which occupies the region R of three-dimensional space. Here ¢ = o(z,4,2) may be
interpreted initially as mass per unit volume, r as an elastic constant; w may be con-
gidered to measure some sort of displacement from equilibrium. We consider two
cases: w = 0 on the boundary B of R, and w completely unspecified on B.

Work out the details of the following outline of procedure:

(a) Use Hamilton’s principle to derive the differential equation

2w

Vi = 0’*52;)

(202)
where V2w is here the three-dimensional laplacian. Show that the eigenfunctions of
the problem satisfy

V2 + Ao =0 in R,

with either ¢ = 0 on B or (3¢/dn) = 0 on B.

(b) Assuming the validity of an expansion theorem analogous to that given in
9-9(d), prove a minimum, then a maximum-minimum, characterization of the eigen-
values of the system.

(¢) If (v/¢) = c?, a constant, solve the eigenvalue-eigenfunction problem for the
cube of side length b in the case ¢ = 0 on B. Show that the eigenvalues are given by

cir? , .
Amki = _T)": (m? 4+ k? + 7% (m,k,] =123, .. -)°

Show that for the case (8¢/9n) = 0 on B (the free-boundary case) the eigenvalues
are given by the same formula, except that m, &, j may each take on the value zero
(cf. 9-8(b,c)).

(d) Let N4,(\) be the number of eigenvalues less than or equal to A in the fixed-
boundary case in part (¢) and let Ng,(A\) be the corresponding quantity for the cube
with boundary free. In the manner of 9-12(c) derive the expressions

3 2
NaQ) = é;rb—zgsxi - %\/'3'0,4% (0 < 64 < 1),

3 2
Ne(\) = é'b—z‘g)\g + \/503% (0 < 63 < 1).

2

(¢) Use these last results, together with the maximum-minimum principle of part (b)
above, to derive the asymptotic formula (for the fixed-boundary case)
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w
NQ) ~ W Xi

for the number of eigenvalues less than or equal to A, where W is the volume of the
region R; it is required that the eigenfunctions vanish on the boundary Bof R. (The
proof requires merely a repetition of the steps carried out in the two-dimensional
investigation of 9-12. All the intermediate results which are required can be derived
from the maximum-minimum principle for the eigenvalues in the three-dimensional
problem.)

(f) Cawvity (black-body) radiation. Show, as an adjunct to part (b) above, that w is
capable of varying periodically in time with frequency » = (1/2r)4/X, if A is an
eigenvalue of the problem;such values of » are termed ‘‘natural vibration frequencies,”’
as in the case of the membrane. Thus show that if n(v) is the number of natural
frequencies less than or equal to », we have, in the fixed-boundary case,

A

7
kx4

W ,,8, (203)

n(v) ~

where W ig again the volume of R,

This last result is of tremendous importance in the theory of thermal radiation in a
cavity—so-called black-body radiation. In the theory of this radiation, which is
described by the differential equation (202) of part (a) above, it is required to deter-
mine the asymptotic distribution of radiation frequencies. In physics texts the
derivation is usually carried out for the cubical region and is followed by a statement
of its provable validity—with b3 replaced by the volume W—for volumes of arbitrary
shape. The proof is embodied in this exercise. (For application to cavity radiation
the right-hand member of (203) must be multiplied by the factor 2 because of the
two possible polarization directions which are associated with each electromagnetic
vibration. Here ¢ is the velocity of light.)

The result (203) is also applied to the theory of vibrations of a crystalline solid.



CHAPTER 10
THEORY OF ELASTICITY

In the ensuing chapter we consider some phases of the mathematical
theory of elasticity in its relatienship to the calculus of variations. The
first part of the chapter is devoted mainly to deriving the basic equations
of elasticity theory as direct consequences of the extended Hamilton’s
principle (6-7). The latter portions focus attention on the problems of
the vibrating rod and the vibrating plate.

While this chapter should be of importance mainly to those individuais
who possess some background in the theory of elasticity, its subject
matter is meant to be sufficiently self-contained to be of interest to
persons not specifically studied in the field but who have mastered the
content of the preceding chapters of this book. The introductory dis-
cussion of the basic notions involved is necessarily held to minimal com-
pactness, however.

Throughout we limit consideration to the usual linear theory—t.e., to
the study of deformations so small that the generally useful Hooke’s law
(10-1(d)) is applicable.

10-1. Stress and Strain

(a) We consider a deformable solid body under the influence of two
sets of force distribution: (i) so-called body forces, which in general act
through the entire extent R of the body—whereby the force exerted upon
any volume element in the neighborhood of a given point is proportional
to the volume of the element; and (ii) so-called surface forces, which act
only at the boundary surface B of the body—whereby the force exerted
upon any element of surface area in the neighborhood of a given surface
point is proportional to the area of the element.

The three cartesian (z;,z2,23) components of the body-force density are
denoted by F,, F,, F;, respectively, so that the total body force acting
upon the given solid in the x; direction is accordingly

/Z Frdzydzydzs (k= 1,2,3),
where the integration is carried out over the entire region R occupied by

the body. In general F,, F,, F; are functions of position in R.
199
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The three cartesian components of the surface-force density are respec-
tively denoted by T,, T, T, so that the total z; component of the sur-
face force acting upon the given solid is

/ TodS (k= 1,2,3),
B

where the integration is carried out over the entire boundary surface B
of the body. In general T, T, T are functions of position on B.

The most usual example of a body-force distribution is the influence of
a gravitational field. Surface forces are in operation whenever a body is
subject to contact with external agencies at its surface.

(b) As the result of the application of body and surface forces to a
deformable solid body there occur, in general—in addition to the acceler-
ations considered in the study of rigid mechanics—displacements of the
particles of the body relative to one another; 7.e., a state of strain exists
within the body. If the body is elastic, the imposition of a state of strain
calls into operation forces which behave in such fashion as to resist the
deformation and so tend to restore the body to its unstrained state—z.e.,
to the state which would obtain in the absence of all body and surface
forces.

The elastic forces which tend to oppose deformation are described in
terms of a system of stresses defined in the following way: At any given
point of the body we draw an arbitrary plane element of area normal to
a direction denoted by n; we consider the elastic force per unit area
exerted across the element by the material on the positive (with respect
to the n direction arbitrarily chosen) side of the element upon the mate-
rial on the opposite side. The three cartesian components of this force
per unit area—the so-called siress vector—are denoted respectively by
Tw1, Trs, Trs. In general the values of these components depend upon
the orientation of the element of area as well as the point of the body
under consideration. In particular, if we choose the n direction to coin-
cide with the cartesian zj direction (kK = 1,2,3), the components of the
stress vector are denoted by

Try, Tre, Trs (k = 1,2,3). ¢))

The nine quantities appearing in (1) are called the elements of the
stress tensor evaluated at the point under consideration. They are
assumed to be continuous, single-valued, continuously twice-differenti-
able functions of position within and on the boundary surface of the body.
From the definition of the stress tensor it is clear that the ‘“diagonal”
elements 711, T, T3s represent pure tensions or pressures normal to
plane elements parallel to the cartesian coordinate planes—tensions if
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positive, pressures if negative. An ‘‘off-diagonal” element T%; (j = k)
represents a shearing stress in the z; direction and acting across a plane
element normal to the z, direction.

Elementary considerations! lead to the symmetry of the stress tensor—
namely,

Twi = Ti (k,j = 1,2,3 independently),

so that only six of the nine elements T’ are independent. Further,? the
stress vector across any elementary plane area of arbitrary normal direc-
tion n is related to the stress tensor at the point under consideration by
the set of three equations

P s e z

L'y = 11 CO8 (n,i) + Tor cos (n72) + T'sx cos (n;3) (k = 1:273)a (2)
where cos (n,j) is the cosine of the angle
positive direction of the normal n.

(¢) In the analysis of strain in a given solid body R we fix our attention
upon a single point of R, whose cartesian coordinates in the unstrained
state are z1, Zs, Z3, and the close neighborhood of this point. We suppose
that in the strained state the cartesian coordinates of the same point have
become (x1 + u1), (x2 + u2), (X3 + us), witht wx = we(21,22,23). We con-
sider also a close neighboring point whose coordinates before strain are
r), x5, x4 and whose coordinates under strain are (z; + uy), (x5 + uy),
(2% + up), with uj, = wx(xy,75,7;). Thus the components of relative dis-
placement of the two points in passing from the unstrained to the strained
state are

u;c — U = uk(x'l,x;,x',,) - uk(x1,$2,$3) (k = 1:2}3)

The definition of “close neighborhood” is such that the partial deriva-
tives (du1/9z1), etc., which appear in the analysis following may be con-
sidered as constant over the neighborhood and that only terms linear in
(z;, — z) need be kept in the expressions giving the relative displace-
ments (u), — ux).

Wa davalan tha dienlasamanta 2/ —= a . (
LA A Y] uvalUy vViivo ulsylabvi‘.].cuuc wk - wk\

\
/

o2

M’ M’ ml a
W1y 2yvy) A

neglect of quadratic and higher terms:

1 See Sokolnikoff, pp. 41-43.

2 Sokolnikoff, p. 39. An independent proof is called for in exercise 5 at the end of
this chapter.

T In general up = wui(21,72,23,t) where ¢ is the time variable. Since the analysis
immediately following applies to a single instant of time, we ignore the fact that
each u, may vary with time.

? See 2-10.
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u;c=uk+g—:;f( 1)+ (xz— 2)+auk(xa—-’€s)
(k=123), 3)

since ur(1,Z2,23) = ux, by definition. A useful rearrangement of the
result (3) is

' _ 1 (0w | dua Qup | Oua) s _

U — U = 2 axl + axk> ( Xy xl) + ( '_'_) (x2 x2)
oux ous _ ouy

(’a}; + é;> (¢ — o2) + 2 (az )

auk 6u3)

a

K/

- 3) ’ (4)

for k = 1, 2, 3. With the definitions

S V£ ) S
o = e = 3 (ax,- 6a:k> (,k = 1,2,3, independently) 5)

_ L(om _ ous) =1(6_1@_6_m =1(6_u2_% ©
@1 = 2 axz axs,’ w2 2 03:3 axx ! ws 2 63:1 0x2
the three equations (4) for the components of relative displacement may
be rewritten

up — ur = en(x) — z1) + ey — z2) + ews(y — o)

— w3(ry — T3) + wa(xy — ),
Uy — U2 = 621(33'1 — ) + 622(33’2 — ;) + 623(33; — 3)

+ w3(] — 11) — wi(zy — 25), (7)
U — U = 631(33'1‘ — 1) + 032(33’2 — Z3) + eaa(x; — Z3)

— wa(Z) — 1) + wi(xy — ).

The quantities defined by (5) and (6) are assumed so small compared
with unity that squares and products—for example, w}, e120;, etc.—may
be neglected in the linear theory to which we restrict our attention.

It is easily demonstrated! by means of the equations (7) that the change
which the distance between two neighboring points (x1,25,x3) and
(x},25,25) undergoes as the result of strain is independent of the quantities
w1, ws, w3, but depends only on the quantities e;z—provided we ignore
squares and products of these quantities, as stipulated in the preceding
paragraph. For this reason we should expect elastic forces—i.e., stresses
—to develop only as a result of those relative displacements embodied in

1 See exercise 1 at end of chapter.
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the terms of (7) which involve the quantities e;x. The quantities ey,
defined by (5), are called the elements of the strain tensor evaluated at
(x1,22,23). According to (5) the strain tensor is symmetric—that is,
ejx = ex;—s0 that in general only six of its nine elements are independent.
These elements e are assumed to be twice continuously differentiable
functions of position in R and on B.

(d) The main body of the mathematical theory of elasticity rests upon
the assumption of a linear homogeneous relation between the elements of
the stress tensor on the one hand and the elements of the strain tensor
on the other. This type of relationship, known as Hooke’s law, is gener-
ally applicable, provided the strain elements involved lie below certain
values characteristic of the material under consideration. The most
general form of Hooke’s law is embodied in the six (since e = ex; and
T = Txj) equations

Tjk = Cﬁeu + ngezz + Cf«;’;eas + C’igeu + C’;;eza + C’Q’iesx
(3,k = 1,2,3, independently), (8)

where the quantities Ci* are elastic constants of the material to which
the law is applied.

If we limit our study to bodies which are elastically isotropic—i.e.,
whose elastic properties at any given point are independent of direction—
the number of independent elastic constants is reduced from 36 to 2, and
the Hooke’s law equations (8) read

Tjk = Asjk(ell + €32 + 333) + 2Beik (.77k = 1)2;3y independent1Y)7 (9)

where A and B are experimentally determined positive elastic constants
of the material, assumed homogeneous as well as isotropic. (As in earlier
chapters, 6;z is the Kronecker delta—zero for j # k, unity for j = k.)
In the following sections of this chapter, wherever a relation between
stress and strain is required, we assume the validity of (9)—Hooke’s law
for a homogeneous isotropic elastic solid.

Solving the six equations (9) for the strain elements, we obtain

1 144 . . ,
ex = | [Ter — o(Ty; + Ti)l, ex; = B Twj (E#j#k>1), (10)

where the quantities

B(3A + 2B) A

P74+ "Ta+m )

are elastic constants known respectively as Young’s modulus and Poisson’s
ratto. The physical significance of E s»? - may be ascertained by sup-
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posing a long rod to be under tension in the z, direction, the line of its
axis, only, so that T = T3 = 0. From (10), with k£ = 1, we obtain
en = (T11/E), so that E is the stress per unit strain, both parallel to a
given direction in the situation described. With k£ = 2, then k£ = 3, in
(10) we obtain ez; = e33 = —(¢/E)T11; that is, the strain of contraction
in any direction transverse to the lone direction of tensile stress is ¢ times
the strain of extension in the direction of the stress.

Since A and B are positive, it follows from the second of (11) that
0 < ¢ < % for all substances.

(e) It follows from the definition (5) of the strain-tensor elements ey
that these quantities cannot be completely arbitrary as functions of posi-
tion within a body if they are to be continuously twice differentiable as
required—i.e., if the components ui, us, u3 are to be continuously three-
times differentiable. Because the order of mixed partial differentiation
is immaterial, it follows! from (5) that

d%r, _ 0 des; | Oen 6ek,~) o )
0x; ax,' B a;( + ax, + ax, (2 =9 b 7 ’L) (12)
and
0 2ejk 0 26,‘,‘ d 26}, k .
G50z ~am T om U7 (13)

The sets of equations (12) and (13) are known as ‘‘equations of compati-
bility.”” It may be shown? that they are sufficient, as well as necessary,
conditions for the existence of functions u,, us, us suitable for describing
the displacements of the points of an elastic solid in a state of strain.

10-2. General Equations of Motion and Equilibrium

(a) In order to arrive at the equations of motion—and of equilibrium
as a special case—of an elastic solid, we make use of the extended Hamil-
ton’s principle enunciated in 6-7. Playing the role of the generalized-
force components are the body- and surface-force distributions, defined
in 10-1(a), which act upon the solid as influences of external agencies.
The generalized coordinates are the components of displacement u;, uy, u,.
We proceed to obtain expressions for the elastic potential and kmetlc
energies of a solid in a given state of deformation.

As stated in 10-1(c), only terms involving the elements of strain e in
the expressions (7) for the relative displacement of two close neighboring
points of the body give rise to stresses in the body. For this reason any
function representing the potential energy of deformation must depend

! See exercise 3 at end of chapter.
? Sokolnikoff, pp. 24-28.
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only on the elements e;: of the strain tensor. In considering the existence
of such a function one must take into account the fact that the deforma-
tion of an elastic solid is accompanied by the development of heat energy
within the solid. There are, however, two limiting cases in which this
fact presents no difficulty and in which the existence of the strain poten-
tial-energy function may be established: (i) a state of vibration so rapid
that the time of a single cycle is too small for heat to flow out of the body
(adiabatic) and (ii) a deformation which occurs so slowly that the tem-
perature of the body remains uniform and equal to the temperature of
the surroundings (isothermal). The achievement of any equilibrium
state, for example, falls within the latter category. We assume in all
that follows that either of the two situations obtains, so that we may
define the strain potential energy per unit volume?

— (- PPN PUBRPS LY POV 1A\
Yy — ¥r \©11,622,£33,012,023,031,621,632,013) . \L1%)

(A specific form for the function W is derived in 10-3(b) below.) Thus
the total potential energy of deformation is given by

V= [/fW dz, dzy dzs.
R

If p is the density (mass per unit volume) of the body, the kinetic
energy of a volume element dz, dzx, dzs is p(uF + 4} + u3)dz, dz, dzs, 50
that the total elastic kinetic energy of the solid is given by

T = %gfpkz U dzy dzs dzs.

Since the components of the body- and surface-force distributions are
assumed to depend only upon the variables x,, z,, z3, t and not upon the
displacements u,, %, u;, we may employ the form (60) of 6-7 for the
integral to be extremized according to the extended Hamilton’s principle.

8
Since we deal with a continuous distribution of mass, the sum 5‘ Gqx in

k=1
(60) of 6-7 must be replaced by the sum of the volume and surface

integrals
3 3
‘/Z/ kzl Fkuk d.’121 dxz dxs + é:/- kzl Tkuk dS

1 Although es1 = e12, 32 = e3, €13 = €31, inclusion of the final trio of arguments ot
the function W is useful below.
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Thus the integral which is extremized, according to the extended
Hamilton’s principle, by the functions i, us, u; describing the actual
motion of an elastic solid body is

I= f{fRf[[%p i @ —W +21Fkuk] dz, dis dos

- 3
+ 1[ | k; Tyus dS} dt. (15)

The extremization is carried out, according to 6-7, with respect to suf-
ficiently regular functions u,, us, u; which describe the actual elastic con-

figurations at £ = ¢; and { = {;,. Moreover, there may be portions B’ of
gurations at { {; and { L.

LiLAS

the boundary surface B at which the ehglble functlons U1, U2, Us MAy be
required to possess prescribed values. For an elasticity problem is gener-
ally posed as a boundary-value problem wherein at each point of the
boundary surface either the three components of the surface-force dis-
tribution or the three components of the displacement are given. At
those portions B’ of B at which the components of the surface-force dis-
tribution are given, no restriction is made upon the surface values of the
functions eligible for the extremization; in fact, one result of the extremi-
zation process is the derivation of boundary conditions which must be
satisfied on B’'.

() To effect the extremization of (]5) we replace each u in the

R, ) . PRy 1 ey PRSU.) P PP iy

‘i‘neglauu Ul J. vy bllc VlIC-palalllcuor wuuuy Ul bUIllpavllbUll lullbblUIl§
Up = ux + eme (k=1,2,3) and so form the integral I(e). Here the
ur = Ur(Z1,T2,23,t) are assumed to be the actual extremizing functions,
while the 7 = m(21,22,73,t) are arbitrary to within continuous differenti-
ability and restrictions based on the following considerations: Since,
according to the requirements of the extended Hamilton’s principle, u;,
Us, Uz are prescribed at ¢ = ¢; and ¢ = t;, we must require gy = 7, = 73 =
att = tyand ¢ = t,. Moreover, the three 7, must vanish over those por-
tions B’ of the boundary surface B upon which the displacement com-
ponents are prescribed. (The values of the 7, may be chosen arbitrarily
over those portions B’ of B at which the components of the surface-force
distribution are prescribed.)
Further, we introduce the notation

o1 aUx |, aU; 1 [ 0ux Ine |, Inj
En = —2_(8x,- + a::;) (63:, t ) Te (096, azx)’

by the definition of U,, U,, U; above. We therefore have the result

ank _ 1 ank g’!]i
3 2 (ax, R (16)
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Thus when we replace (41,u2,u3) by (U1, Us,U;) in the function W of (14)
—i.e., when we replace each e; by the corresponding E;—we obtain

3 3
O an; ﬂv_ %
2 2 aE]k <6x, ax,) 2 z ank axj’ (17)
=1 k=1 =1 k=1
sincet Ep = Ej;.

The integral I(e), formed as described above, is clearly ar extremum
when ¢ = 0, so that we have

I'(0) = 0. (18)
With the definitions

3 3 3
2 2 Fkuk, = 2 Tkuk, (19)
k= k=

introduced for the sake of brevity, we proceed to form the derivative
I'(e), then set ¢ = 0 (which means: replace Ui by u, Ejx by ex). Since
(8Ux/8€) = nx and (0Ur/d¢) = nx, we have, with the aid of (17),

3
I'0) = ﬁ UJ/E [(—% m + a%f ' z gz: g’”‘] dz, dz, dzs
k=1
+/fz—nkdsl =0, (20)
because of (18).

Integrating by parts with respect to t, we obtain, since each n, = 0 at
t=t1andt=t2’

//‘[ "‘"kdxldxzdxsdt-—///[mcat< >dx1dx2d:c3dt 1)

According to Green’s theorem (29) of 2-14(b) we have, further,

3
S o5
B =
- // Nk z %/V cos (n,7)dS, (22)

j=1

lOl

t See exercise 4 at end of chapter.
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where cos (n,j) is the cosine of the angle between the z; dircction and the
outward normal to B, as a function of position on B.
With the results (21) and (22) equation (20) becomes

/ Uf/ E [517 Rz (a‘:{) * i ai, (3?;)] dz, dz, dzs
IS X P

BII

where the surface integral over B is replaced by the corresponding inte-
gral over B’, because #; = 9, = 3 = 0 on B’, the remainder of B.
Since the 7 are arbitrary in R and on B’/ it follows from an obvious
generalization of the basic ilemma of 3-1(c) that!

3

of af d (oW . =

du,  at (auk> + z 6‘”9 (36,k) =0 m B (k=125 @)
=1

and

ag oW ”
99 _ - = = 1,2,3).
u, 2 B3 cos (n,j) =0 on B (k =1,2,3) (24)
i=1
Qi nn o | wa avhitrarney +haas roagiilia hald £4n 211 2 TAT34h 4o AL
LILUT («1 auu 02 arc ar Uu:n;uy L1ITDC TSULLD 11VIU 1Vl all (. YY iull LT Uucll-
nitions (19) of f and g, equations (23) and (24) read respectively

Fy + z o ( ae,k) = pi in R (k = 1,2,3) (25)

and

T, = z %Z cos (nj) onB"  (k=123). 26)
\ 3

With the aid of the boundary condition we show in (d) below that

0 . .

% = T (4,k = 1,2,3, independently), (27)
the jk element of the stress tensor defined in 10-1(b) above. With the
validity of (27) therefore assumed at this point the equations of elastic

1'The argument is essentially an extension of that which follows directly after
equation (54) in 3-8(a) or that which follows equation (72) in 9-5(b).
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motion (25) read

A2,
0

a;;” inR  (k=123), (28

F + 6T1k + 3T2k + 3T3/‘c
=p
k 9x 0xs 6:1:3

while the boundary conditions (26) become
Ty = Ti cos (n,1) + Ta cos (n,2) + T cos (n,3) on B”, (29)

for (k = 1,2,3). On the remainder B’ of B it is assumed that u., us, us
are prescribed. It may happen that B’ (or B’’) coincides with B; that is,
u1, U2, u3 may be prescribed everywhere (or nowhere) on B, in which
event (29) holds nowhere (or everywhere) on B.

(¢) The equations of equilibrium, of which we make some use in suc-
ceeding sections, may be derived from the equations of motion (28) by
setting the acceleration components (9%u/dt?) equal to zerofork = 1,2, 3:

0T 11 0T o 0T 3

Fet o+t % Yo, =0 nE (k=123. (30

The boundary conditions (29), in conjunction with the discussion which
follows (29), remain valid for the equilibrium case.

The solution of the equilibrium equations (30) subject to given bound-
ary conditions is uniquely determined, provided the equations of com-
patibility (12) and (13) of 10-1(e) are also satisfied by the e related to
the T through the Hooke’s law relations (10) of 10-1(d).

In the work of the present chapter no use is made of the equations of
motion (28) as they stand; we employ, instead, a special method for
handling the dynamical problems (vibrating rod, vibrating plate) which
come under our consideration. In both cases the special method is
developed with the aid of results obtained in the study of problems
described by the equations of equilibrium (30). Fuller discussion of the
method, in its general aspects, is found in 10-3(a) below.

(d) To derive the relation (27) of (b) above we consider the arbitrary
elastic solid R* whose boundary surface B* is everywhere interior to the

boundary B of a given solid R, of which R* is clearly an interior portion.
Since R* is cnmplpte]y surrounded by, and is everywhnrp contiocuons

AR LE SLiADLRAANTL v 2220 Lliluingwiils

with, portions of R, we cannot prescribe the displacement components
on B*; instead, it follows from (26) of (b) that

3
T, = 2 O cos (m)  (k =123) 31)
Cik
Jj=1

everywhere on B* where T, T, T'; are the components of surface-force
density exerted upon R* by the coatiguous portions of R.
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From the definition of the stress vector in 10-1(b) it follows that T%
at any point of B* is identical with the z; component T.. of the stress
vector computed with respect to an element of area of B* at the point;
the positive normal direction n is taken as outward from R*. For T is
by definition the. z, component of the force per unit area applied to R*
across B*; but the force applied to R* across B* is exerted by the con-
tiguous portion of R on the positive (outer) side of B*. We therefore
have from the definition given in 10-1(b) that the z; component of the
applied force per unit area is precisely T.; that is, Tx = T, and thus,
according to (31),

”l“é

3
A\ o _ - .
Z/ cos (n,j) onB* (k=123). (32)

=1

Since B* may be formed in any desired manner within the body R,
we may choose B* so that it passes through any poin? of R (exclusive of
the boundary B) with arbitrary orientation at the point. In particular
we pass B* through an arbitrary point P so that its (outward) normal
direction coincides with the positive z, direction. In this case we have
cos (n,p) = 1 and cos (n,j) = 0if j # p; thus (32) reads

Tw="" P (k=123). (33)
ae,,k

Since we may successively choose p = 1,2,3, and since both members of
(33) are defined independently of the auxiliary surface B*, the relation
(27) of (b) is established for all interior points of E. The continuity of
the quantities involved furnishes the validity of (27) on the boundary
surface B, as well.

10-3. General Aspects of the Approach to Certain Dynamical Problems

(a) In a first study of the transverse vibrations of a thin bar or of a
thin plate we bypass the general dynamical equations (28) of 10-2(b).

The reason for doing this lies in the nature of the approximations we can
afford to make in such vibrational nroblems. The general equations (952\

AV UV ALIQAT aiX 2Sllvas AVIEVAVAIRL A VAT, = 220 pvaalina b R A

describe every minute detail of dlsplacement as {unctions of time a,nd
position within a vibrating body, thereby providing (if we are able to
solve the equations!) a description far more detailed than is generally
required for the bar or plate. We can well afford, for example, to ignore
the distortion of the bar cross sections during vibrational motion if the
cross-sectional dimensions are negligible compared with the bar’s length
and—which is of no small significance—especially when refusal to con-
sider such distortion leads to equations which are reasonably tractable
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and which describe the essential features of the vibration with a high
degree of accuracy. The transverse vibrations of a thin plate, for exam-
ple, are generally accompanied by elastic waves which travel in the plane
of the plate but which, if the plate is sufficiently thin, may be ignored;
the essential feature of the motion resides in the successive shapes into
which the plane of the plate is distorted during the motion.

In order to solve the dynamical problem involving a specific type of
motion of a given elastic body we first solve an equilibrium problem
which corresponds to the dynamical problem in the following sense: The
equilibrium strain configuration at any point must be representative of

the essential features of the instantaneous strain configuration at any
point of the body during vibration. Actually, solution of the equilibrium

problem needs to be carrled only far enough to provide a calculation of

the strain pnfpnhnl_nnnrgv densitv as a function of the pnmhnn and dis-

ARSIV Y

placement variables in terms of which the essential features of the
dynamical motion are to be described. Once an expression for the total
potential energy is available, together with the corresponding expression
for the kinetic energy, Hamilton’s principle may be applied in order to
derive the pertinent equations of motion and boundary conditions.

The specific manner in which simplifying approximations (which ignore
all but the essential features of the motion under study) are introduced
is illustrated below in our studies of the vibrating bar and plate. We
merely state here the underlying principle by means of which the most
importauu apprommauons are effected: We make the VEry reasonable
(and successful!) assumption that the strain potential-energy density at any
point depends only on the essential features of the instantaneous configuration
of strain at the point and not upon the specific agencies which induce the
strain. The usefulness of this assumption is greatest, clearly, in those
cases in which the features of the strain configuration which are essential
to the problem at hand are easily distinguished from the unessential fea-
tures; the latter are thus readily ignored. (The validity of our assump-
tion, admittedly, is extremely weak in the close neighborhood of points
of application of a straining agency, but this fact is unimportant if cer-
tain linear dimensions of the vibrating body are large compared with the
distances over which straining agencies are applied. The limitation does
not concern us in our study of long, thin rods and thin plates.)?

(b) From Hooke’s law (10-1(d)) and the result

ow

5o = T (j,k = 1,2,3, independently) (34)
¢

1Qur assumption is very closely linked with the celebrated principle of Saint-
Venant. See, for example, Sokolnikoff, pp. 95, 99.
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derived in 10-2(d) we may establish the general form of the strain-energy
function W. Since the stress elements T';; are linear homogeneous func-
tions of the strain elements e;x, according to (9) of 10-1(d), it follows from
(34) that W contains no terms in the e; of higher order than quadratic
and no terms which are linear in the e;. Moreover, in requiring that
W vanish in the unstrained state, we set the arbitrary additive constant
equal to zero. Thus we conclude that W is a homogeneous quadratic func-
tion of the strain elements e; (j,k = 1,2,3, independently), so that we
may apply Euler’s theorem (2-5) to obtain

3 3
o=y W, (35)
e

QW

€k
With (34) equation (35) thus becomes the explicit formula
3 3
W =1 2 z T;xejx- (36)
i=1k=1

A form of (36) more useful for purposes below is obtained by substi-
tuting for the ¢;; from the Hooke’s law equations (10) of 10-1(d):

1+4+o¢
E

- % (T1T22 + T22Tss + TasTu). (37)

W= on (T + Th + T3) + (Th + T + T)

10-4. Bending of a Cylindrical Bar by Couples

(a) We consider a homogeneous isotropic bar of unstrained cylindrical
2, shape with plane end faces perpen-
dicular to the generators of the
cylinder. Any plane section of the

% bar parallel to the end faces we
- \| .. call a cross section. A cartesian
\/L Ve ® coordinate system is set up so that
e | one end face lies in the z:z; plane

I L ! . .
Fic. 10-1 while the other is in the plane

z3 =L > 0 (see Fig. 10-1). The
origin is so located that the x; axis passes through the centroid of every
cross section; 7.e., we have for each cross section

_I/)[m dz, dze = g‘xz dx,idx, =0 (zs = constant), (38)
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where the integrals extend over the domain D of the cross section. The
orientation of the z; and z» axes is such that each is parallel to one of
the two principal axes of inertia of every cross section; ¢.e., we have for
each cross section’

f f T1xg dzy dze = 0 (x3 = constant). (39)
D

(b) We proceed to investigate the elastic-displacement configuration of
the bar when the system of stresses

Ty =Tew=To= Ty =Tsun =0, T33 = Pz, (40)

prevails; P is a given constant, positive or negative. (If P > 0, the
stress distribution clearly describes tension in the zsdirection for z; > 0,
pressure in the z; direction for z; < 0; there are no pressures or tensions
in the z;, or z. directions and no shearing stresses anywhere. Thus the
portion of the bar lying on one side of the plane z, = 0 is stretched, while
the remaining portion is compressed. The stress system obviously arises
as the result of the bar’s being bent in the z,r; plane.) We completely
neglect body forces? (F';, = F; = F; = 0), so that direct substitution into
(30) of 10-2(c) verifies that the distribution (40) is consistent with elastic
equilibrium.

To ascertain the surface-force distribution required to give rise to (40)
we note first that on the lateral (cylindrical) surface of the boundary we
have cos (n,3) = 0, so that, according to (29) of 10-2(b),

Ty = Ty cos (n,1) + Toecos (n,2) =0 (k= 1,2,3),

because of (40). That is, the lateral surface is completely free of external
agencies. Next, on the face z; = L we have

cos (n,1) = cos (n,2) = 0, cos (n,3) = 1,
so that the general boundary conditions (29) read
T:=Tun =0, T = T3 =0, Ts = Ts3 = Pz, (z; = L), (41)
because of (40). Similarly, on the face z; = 0 we have
T'=—-Tu=0, Ty=—=T5 =0, Ty=—Ts3=—Pzy (z:=0); (42)

! The principal axes of inertia of an area are defined as a pair of perpendicular lines
in the plane of the area which intersect at the centroid and whose orientation is such
that the integral in (39) vanishes; z; and z; are coordinates measured from the respec-
tive lines. The appropriate orientation can always be found, but it is not necessarily
unique; any pair of perpendicular diameters, for example, are principal axes of a circle.

3 The influence of gravity is generally negligible.



214 CALCULUS OF VARIATIONS [§10-4

the change of sign results from the fact that cos (n,3) = —1 on the face
X3 = 0.

The total external force on the face x; = Lis zero; for since Ty = T2, = 0,
the force on z3; = L is obtained by integrating the component T'; of
surface-force density over this end face. But, with T; given by (41),
we have

[fm dz: dzy = P/ zodride =0 (25 = L),
D D

according to (38) as applied to the end cross section. Similarly, with the
aild of (42) we find that the total force on the end face z; = 0 is also zero.

The total effects of the surface-force distributions (41) and (42) are
best described in terms of their bending moments about the coordinate
axes. By definition the three components M, M4, M; of the moment of
a given surface-force distribution 7'y, Ts, T'; are given by

i, = / (Tszs — Tows)dS, M, = /f (Trzs — Taz1)dS,
B B

M, = /f (Tsx: — Tyz2)dS, (43)
B

where the integrals extend over the surface B at which the surface-force
distribution is applied. Thus the moment components of the distribu-
tion (41) on the end face z; = L are

M, =P [ / 2dzydes = P, (2 = L), (44)
D
where
Jl = x§ dx1 d.’l)2 (45)
i

is by definition the area moment of inertia of the face x; = L with respect
to its principal axis parallel to the z, axis;

7I{ D[[MMJ

VL9 = —1 jj.bz 1ux1d$2=0
D

’

because of (39); and M; = 0.

It therefore follows that the total effect of the distribution (41) upon
the bar face z; = L is that of a bending moment of magnitude PJ,
directed along the z; axis. Moreover, since the moment of the surface-
force distribution on x; = L is unchanged! by any translation of the

1 The proof is left for end-chapter exercise 6.
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z1 axis parallel to itself, the bending moment is termed a couple about
the z; axis; the magnitude of the couple! is PJ;. Similarly, we find that
the surface-force distribution (42) on the end cross section z3 = 0 gives
rise to an equal but oppositely directed couple —PJ; about the z; axis.

We note that the quantity J,, given by (45), is purely geometrical in
character and is a constant which is the same for every cross section
(x; = constant) of the bar.

(¢) Using the Hooke’s law equations (10) of 10-1(d), we derive from
(40) the strain-tensor elements

. P P
€k = 0 (] 7 k), €11 = €39 = — ZE_ T2, €33 = -—E—, L, (46)

which describe the state of strain within the bar under consideration.
Through direct substitution into (12) and (13) we varify that the strain
elements (46) satisfy the equations of compatibility and are therefore
suitable for the description of a physically feasible state of strain.

We now proceed to demonstrate that the bar in which the strain dis-
tribution is given by (46) is one which has undergone bending in the
zox3 plane. Specifically, we show that every line parallel to the length
of the bar in its unstrained state—t.e., every line described by the equa-
tions z; = constant, z, = constant—is in the strained state a parabolic
arc lying in a plane parallel to the z.x; plane.

First, to prove that any line z; = constant, £, = constant becomes a
plane curve parallel to the z,z; plane, we must show that u, is a constant
with respect to z; for given constant values of x; and z,. That is, the
displacement u; in the r; direction must be the same for every point of
the line in question. Second, if we prove that u, is, for given constant
values of z; and 3, a quadratic function of x;, we thereby show that any
line z; = constant, r, = constant becomes a parabolic arc in a plane
parallel to the z,z; plane; i.e., we have merely to show that (8%us/dz?) is
independent of xs.

With the definition (5) of 10-1(c) of the strain elements in terms of
the displacement derivatives the relations (46) read

6u1 Uz auz U3 6u3 UL

52 T 55y = 55 T am = 5y oz = O )
dur _ du; _ oP dus _ P
- am - T E™ G E 48)

1 The reference here to the concepts of moment and couple is actually unessential
to the continuity of this chapter. The reference merely aims to supply a physical
picture of the basis for the stress distribution (40) for the reader who is already
acquainted with the concepts.
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From (47), (48), and the reversibility of partial differentiation it directly
follows that

9 (du d (du ad oP
() =) - (- Fm) -0 ®
d (ou 9 (du 9 [ou a (P
() - - () - - () - -G -0 @
i("i) - 1(@_) - 1(61) - _ i(éz)
aivg 6:::3 axa' axg axa %1 61)1 6133
_ 9 (6u3) _a <6u3> _ a <6u1>
T 0z \0%2) 02 \dz1) 02 \9%s)’

v —\) = 0. (51)

With the results (49), (50), and (51) we conclude that (du1/dz;) is a con-
stant independent of z;, z;, ;. By arranging the orientation! of the
strained bar in such fashion that (du./dz;) = 0 at a single point, we
therefore have that

du 0 in R.

6:03
Or, along any line z, = constant, z; = constant, we have u; = constant;
this proves the assertion of the preceding paragraph that any line parallel
to the length of the bar in the unstrained state becomes a curve lying in a
plane parallel to the z.xs plane as the result of strain.

That this plane curve is a parabola follows directly from (47) and (48),

for
uy _ 8 (ow) _ _ 0 (ows) _ _ o a_u_s)=_1_’. 52)
ax§ 023 6273 0z3 \0Z2 o 0z, 6x3 E

We thus have that . is a quadratic function of zs.

(@) In accordance with the method outlined in 10-3(a) we proceed to
compute an expression for the strain potential energy of the bent bar
which depends only on the strain configuration and not upon the agency
which gives rise to the strain. Substituting (40) of (b) above into (37)
of 10-3(b), we obtain for the strain potential energy per unit volume

P2

W = oo (53)

1 The general solution of the six equations (47), (48) contains six arbitrary constants
which may be evaluated by specifying the position and orientation of the strained
bar as a whole. See exercise 7 at end of chapter.
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To obtain a quantity which is of direct use in 10-5(b) below we integrate
(53) over an arbitrary cross section D (z; = constant) of the bar to
obtain the potential energy per unit length of the bar

2 2
WL “—‘//Wdilh dxg = %[/%g d:cld:cz = %—é—l) (54)
D

D

where J;, defined by (45) of (b) above, is the area moment of inertia of
the cross section with respect to its principal axis parallel to the z, axis.

Finally, to eliminate the dependence of W on the constant P in favor
of a quantity which describes the local bending configuration of the bar,
we substitute from (52) into (54) to obtain

62?1/2\2.
"\ 9z
We employ the result (55) in 10-5 below in the study of transverse vibra-
tions of a bar; discussion of the validity of its use is reserved for that
section. (The product EJ, is called the flexural rigidity of the bar with
respect to bending in the z,z; plane.)

A fuller discussion of the bending of a bar can be found in the litera-
ture.! Further development of the foregoing results is left for the end-
chapter exercises.

(55

St

Wy =LEs
2

To derive the equations of motion and boundary conditions for the
transverse vibrations of a bar we appeal, as in the case of the vibrating
string and the vibrating membrane, to Hamilton’s principle (6-2) as
applied to a system involving a continuous distribution of mass. It is
our first task, then, to obtain expressions for the kinetic and potential
energies of the bar.

(a) We consider a cylindrical bar, or rod, free from (net) longitudinal
pressure or tension, the linear dimensions of whose cross section are small
compared with its length. As in 10-4, we ignore the influence of body
forces. The only external influences to which the bar is subjected are
constraints which may be applied to one end, both ends, or neither. We
consider chiefly two types of constraint: (i) The “hinge,” whereby the
effect is merely to hold in fixed position the end of the bar to which it is
applied; the orientation of the bar at this end is not influenced by this
type of constraint. (ii) The “clamp,” whereby the effect is not only to
hold the end in fixed position but is also to fix the orientation of the bar

1 See, for example, Sokolnikoff, Chap. 4.
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at the end to which it is applied. We suppose that the vibration is
parallel to a principal plane of the bar—i.e., to a plane which contains
one set of parallel principal axes of every cross section of the bar.?

In considering the transverse, or flexural, vibrations of the rod, we
ignore the possible distortion of the cross sections and suppose that each
element of volume contained between two closely neighboring cross sec-
tions moves as a rigid entity. The validity of this simplification rests
upon the assumption of small cross-section dimensions made in the pre-
ceding paragraph. If the cross section is small, the contribution to the
bar’s potential and kinetic energies owing to its distortion may be neg-
lected. It is this neglect which enables us to use the formula (55) of
10-4(d) for W, the potential energy per unit length of the bar: The
potential energy is assumed to depend only on the configuration of bend-
ing in the plane of vibration.

In accordance with the assumption that each cross-sectional element
of volume moves as a rigid entity, we may employ a single variable to
describe the shape of the bar as a function of the longitudinal distance
from one end and of the time variable . For this we employ v = u(z,t)
to denote the transverse displacement of a point of the central line? rela-
tive to its equilibrium position; here z is the distance of the point from
the end designated by z = 0; the other end of the bar is at z = L.

(b) If we denote by v the constant mass per unit length of the rod,
the translational kinetic energy of the volume element of thickness dz
at z is $u%y dr, so that the total kinetic energy is

T =}y [, ude. (56)

In employing the expression (55) of 10-4(d)—which, in the notation
of the present section, reads
W.=sEJ (ﬂ‘)z
LT\ 9x?
—for the strain potential energy per unit length of the bar, we have for
the total potential energy?

V =3B, [ ulde. (67
With (56) and (57) the Hamilton’s integral (7) of 6-2(a) becomes
I=14 ﬁ " L Y (yar — BJwl)dz di. (58)

1 8ee footnote 1, p. 213, for the definition of principal axes of a cross section.
2 The central line is the locus of cross-section centroids.
3 As in preceding chapters, we employ subscripts to indicate partial differentiation.
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According to Hamilton’s principle (6-2) the extremum of I with respect
to functions u(z,t) which describe the actual bar configurations at ¢t = &
and ¢ = ¢, is supplied by the particular »(z,t) which describes the bar
configuration for all ¢.

Possible end-point conditions which must be satisfied by the functions
eligible for the extremization of (58) depend upon the physical constraints
which may be placed upon the ends of the bar. We consider the follow-
ing possibilities:

(i) Free end: If either end of the bar is free, no constraint is made
upon the displacement « or the slope u, of the bar at that end. Accord-
ingly, both u and u.,, evaluated at a free end, are completely arbitrary if
u is an eligible function.

(ii) “Hinged” end: Here the constraint is such as to prescribe the
value of u, whereas u. is arbitrary for the eligible functions .

(iii) “Clamped”’ end: Here displacement and orientation (slope) are
both prescribed, so that the eligible functions % must be selected from
among those which have particular given values of both u and u, at the
end in question.

Any one of the conditions (i) to (iii) may prevail at either end of a
given bar, independently of which of the three applies at the other end.

For the process of extremizing (58) we form the integral I(¢) by
replacing % in the integrand of (58) by the one-parameter family of
comparison functions U = u(z,t) 4+ en(z,f), where u(z,f) is assumed to be
the actual extremizing funection and n('r f\ i8 nr}'nh'm'v with the mmpnhn'q

that n(z,t1) = n(z,t2) = 0—a requlrement of Hamllton s principle. Fur-
ther, » may be subject to end-point conditions, depending on which of
the conditions (1) to (iii) listed above happens to be imposed. Briefly,
we have at a

(") Free end: n arbitrary

(ii") Hinged end: n = 0, 5, arbitrary

(iii") Clamped end: n = 0, 5, = 0.

Clearly, I(e) is an extremum for ¢ = 0, so that

I'0) = 0. (59)

Noting that (3U/d¢) = # and (3U../d¢) = .., we form the integral
I'(¢), then set ¢ = 0 by replacing U by 4, U.: by %... Thus, with (59),

we obtain
oy = f / ( auz ,) dz dt = 0, (60)

where, for abbreviation, we write

f=%(yu? — EJw,). (61)
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Since n = 0 at t = ¢, and ¢ = {5, integration by parts gives

't L ﬁl' [t
of _ f
/h/ 2 idzdt = /t/ " (a )dzdt (62)

Also, we have through twice-performed integration by parts
L L L
of _ | of _ of
L auzz nxz dx - [auzz nz:lo ]; ax <6u,,> x
_[of o8 (of - of
= [6u,, (ER e <aun>]0 + /0 " 322 \ u_. dz. (63)

With (62) and (63) equation (60) becomes

[ - 2 (GO

Jtn {LOUzz 0z \9uzz/ Jo

- AL [at (:D o2 <aif>] dz} d =0, (64

for arbitrary choice of the function n(x,f) consistent with restrictions
placed above. Since (64) must hold for those n which, together with 7.,
vanish at £ = 0 and z = L, it follows from a simple extension! of the
basic lemma of 3-1(c) that

ANk ( af) B . <

3t <6u 3r? \0u../ 0 O=z=L). (65)
Moreover, if 7 and 7, are arbitrary at both £ = 0 and z = L, it follows?
that the coefficients of 7(0,t), n(L,t), 7-(0,t), n.(L,t) all vanish separately.
By writing, accordingly,

of _ af \ _ _

Ful " 0, "o (au,) =0 (x = 0,L), (66)

we take into account the possibility that either or both of 5, 7, may be

required to vanish at either or both of x = 0, £ = L—in which event the
corresponding coefficient in (64) need not vanish.

Substituting (61) into (65), we obtain the differential equation of
motion of the vibrating bar under consideration:

62u

T 9

1 See exercise 10 at the end of this chapter.

* The proof is left for the reader. See, for example, the argument leading to the

result (76) of 3-10(a); the argument must be slightly modified and extended for the
present case.

+ E’Jl =0 O=zr=1L). (67)
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The end-point conditions (66) read

g2 93
—1=0, zn=0 (z=0L) (68)

(¢) The most important examples of constraint of the end of a vibrating
bar consist of hinging which renders the end-point displacement equal
to zero, and clamping which renders both the end-point displacement
and the end-point slope equal to zero; we confine our attention to these
types of constraint. With the aid of (68) we list the boundary conditions
which apply to these constraints as well as to the case of a free end of
the bar:

3
— =0, o = 0 (free end). (69)

(ii) Hinged end: Since 7, is arbitrary, (68) implies that its coefficient
vanishes. Since, also, the displacement of the end is maintained at zero,
we have

0% .
el u=0 (hinged end). (70)

(iii) Clamped end: Here, both displacement and slope are maintained

at zero, so that

b

% =0, u=0 (clamped end). (71)

10-6. The Eigenvalue-Eigenfunction Problem for the Vibrating Bar

(a) We begin the attack upon the vibrating-bar equation (67), subject
to any of the boundary conditions (69), (70), (71) applied independently
at £ = 0 and z = L, in the manner in which we handle the vibrating-
membrane equation in 9-4(a); that is, we seek solutions of the form

u = ¢(x)q(), (72)

where ¢(z) satisfies one from each of the two groups of end-point con-
ditions which follow:

(i) ¢"(0) = ¢"'(0) = 0 (free) (i) ¢"(L) = ¢""(L) = 0;
(i) ¢(0) = ¢”(0) =0  (hinged) (i") (L) = ¢" (L) =0; (73)
(i) ¢(0) = ¢ (0) =0 (clamped) (@iii") ¢(L) = ¢' (L) =0.

(For example, if the end z = 0 is clamped while z = L is free, ¢(z) satis-
fies both (iii) and (i’).) For convenience we suppose that ¢ is normalized
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so that

rL . 0 v - Ve 3V B\
J, ¢#°de =1 (74)

Substituting (72) into (67), we obtain, on dividing through by v¢q,

EJl ¢/III q'
=19 - 1 75
Yy ¢ q (75)
Since the left-hand member of (75) is independent of ¢ and the right-hand
is independent of z, the two members must be equal to a constant, which

we denote by A. Thus(75) implies the two ordinary differential equations

EJ.,¢"" — y ¢ =0 (76)
and
d+ M = 0. (77)

In (b) below it is shown that A > 0 (with the excepted possibility of

A = 0 if the bar is free at both ends or free at one end and hinged at

the other), so that the general solution of the time-dependent equation
(77) is B B

g = A cos /Nt + Bsin /)N, (78)

where A and B are arbitrary constants.

(b) The determination of the permissible values of A—and thus,
according to (78), the list of natural vibration frequencies of the bar—
is an eigenvalue-eigenfunction problem of the type encountered in the
three chapters preceding. That is, any value of A for which there exists
a function ¢ which satisfies (76) and (74), together with the appropriate
set of end-point conditions from among (73), is an eigenvalue of \; the
solution ¢ is the corresponding eigenfunction.

Explicit solution of the eigenvalue-eigenfunction problem for the bar is
left for the end-chapter exercises, but we prove here that there can be no
negative eigenvalues of A—a fact used in arriving at (78):

With the assumption that ¢ satisfies (74) and (76), we multiply the
latter by ¢ and integrate from x = 0 to x = L to obtain

p] L
x = BN / ™ (79)
Y Jo
After two successive integrations by parts (79) becomes
EJ L
A= —7‘ ‘[¢¢”’ i ﬁ (qb”)ﬂdx;. (80)

If, further, ¢ satisfies any set of end-point conditions from among (73)—



§10-6] THEORY OF ELASTICITY 223

one from among each of the two groups—the integrated part of (80) isseen
to vanish; it therefore follows that A = 0, since E, J1, v are all positive.?

(¢) The sequence of eigenfunctions ¢i, ¢ .. ., ¢ . . . for the
vibrating bar form an orthogonal set in 0 < z < L with respect to a
constant weight function. That is, if ¢; and ¢ are two different eigen-
functions of the problem, we have

[ otndz =0 (=), (81)

To prove (81) we multiply the equations satisfied by the two eigen-
functions—namely, according to (76),

EJ.¢]". = y\idj, EJ:1¢" = Yo (82)

—Dby ¢r and ¢;, respectively. Subtracting the results and integrating
P 4
S v

=T we o

+ain
44y WE UDLALLIL

L L (i ({3
YA\ — i) _/;, ¢; ppdr = EJlﬁ, (¢7" dn — &5 ¢ )dz
= EJ:[¢] ¢x — didy + Sidr — &) dile, (83)

as we find on twice integrating by parts each term of the integral on the
right. But if ¢; and ¢« satisfy the same set of end-point conditions from
among (73)—as they must, since they are assumed to be eigenfunctions
of the same problem—it is clear that the final member of (83) is zero.
Thus, since \; # A\ if j 5 k—a fact proved in exercise 14 at the end of this
chapter—the orthogonality (81) follows directly.

A second proof of the orthogonality is based upon the fact that tke
eigenvalue-eigenfunction problem for the vibrating bar is equivalent to

an isoperimetric problem. Namely, an extremum of the integral

@2 da (84)

with respect to functions ¢ which satisfy the normalization condition
L
2 —_
j‘; ¢ldr =1

is effected by a function ¢ which satisfies the differential equation (76).
To verify this fact we use the result of exercise 9, Chap. 4; namely, if
we introduce (y/EJ;)\ as undetermined Lagrange multiplier, the extrem-
ization process leads us directly to (76). Further, if at a given end point
(x = 0 or z = L) no a priort restrictions are placed upon the functions ¢
eligible for the extremization of (84), the extremizing functions must

1 Proof that A = 0 can hold only in the cases of a bar with both ends free or one end
free and the other hinged is left for exercise 13(c) at the end of this chapter.
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satisfy ¢’ = ¢’”’ = 0 at that end; ¢.e., the free-end conditions (i) or (i’)
of (73) must be satisfied. Similarly, we see that the appropriate end-
point conditions for a hinged or clamped end must likewise be satisfied
by the extremizing functions. For example, at a hinged end, the func-
tions eligible for the extremization must satisfy ¢ = 0, while ¢’ is arbi-
trary; according to exercise 9, Chap. 4, we obtain the additional condition
¢’" = 0 at the hinged end for the extremizing functions—in accord with
(i) or (i) of (73).

For the orthogonality proof we use the result (73) of exercise 9, Chap. 4.
Namely, we have

L
A
[“( """ — 22 én)dz =0, (85)
Jo \ BJy )
mhnrn b 1e anv avtremizine funeti nnfh X fhn corre nondine aicenvaluie
vhere ¢ is any extremizing function corresponding eigenvalue
and 7 is arbitrary, except that it must satisfy any a priori end-point

restrictions which may be placed upon the eligible functions ¢. In (85)
we may therefore write ¢ = ¢;, A = A\j, n = ¢ and then rewrite the same
result with the indices j and k interchanged (j ¢ k). Subtracting the
two results thus obtained, we get

L
AR L biti dz = 0,
whence the orthogonality! (81) follows, inasmuch as A\; # A.

10-7. Bending of a Rectangular Plate by Couples

The problem of the transverse vibration of a thin plate is most easily
approached through consideration of the bending of a rectangular plate
by couples applied at its edge surfaces. Just as the problem of the bar
bent by couples (10-5) leads to an expression for the strain potential-
energy function applicable to the theory of the vibrating thin rod (10-6),
80 also does the study of the rectangular plate bent by couples lead to a
suitable potential-energy function for the vibrating thin plate. In both
cases the connection between the static problem and the corresponding
vibration problem is developed on the basis of the general principle
enunciated in 10-3(a).

(a) We consider a rectangular plate of uniform thickness 2h situated,
in its unstrained state, with its middle plane in z; = 0; thus the faces of
the unstrained plate lie in the planes 3 = = h, respectively. The bound-

! The main advantage of the second proof is that no explicit mention of the boundary
(end-point) conditions is required—an advantage of great significance in the demon-

stration (10-9(b) below) that the vibrating-plate eigenfunctions form an orthogonal
set.
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ary-edge surfaces lie in the planes z, =0, 21 = Ly, 22 = 0, 25 = L,,
respectively (see Fig. 10-2). We neglect the influence of body forces.
With proper regard for the altered orientation of coordinate axes, refer-
ence to (40) of 10-4(b) reveals that a state of stress in which
Ty = Poxs (P2 = constant), (86)

with T11 = Tas = T12 = T = T3 = 0, describes the bending of the
plate as if it were a bar extending in the z. direction. As described in

10-4(¢) every line z, = constant, z,
z3 = constant (in the unstrained
state) is strained into parabolic
shape in a plane parallel to the z.x3 /

nlaneo Accordine to 10-4(b) the

P‘wll\/. PR AVAVAY S Y “ll‘& A4 -~ _ \v/ VAL /
bending results from a pair of equal / o ///v”
huit Onnesitel}r dirantad cgur\les \8 /

about the z; axis. / \W
Z2

Further, we superimpose upon — i
the bending of the plate described N 2
. . Fie. 10-2.
in the preceding paragraph an ad-
ditional bending which arises from a pair of equal but oppositely directed
couples about the z, axis. That is, we withdraw the condition 7'y; = 0
and replace it with

T = Pixs (P; = constant). (87)

We proceed to investigate the-condition of the strained plate under the
system of stresses given by (86), (87), and

Tss = Tio = Tas = Tsr = 0. (88)

Substitution of (86), (87), (88) into (30) of 10-2(c)—with F,, F,, F,
set equal to zero, since we ignore the influence of body forces—verifes
directly that the given stress distribution is consistent with static
equilibrium.

(b) To ascertain the surface-force distribution which gives rise to the
stress distribution (86), (87), (88) we employ (29) of 10-2(b), from which,
together with (88), it follows that the plate is completely free of surface
forces on the faces x3 = +h. Further, we have from (86), (87), (88),
and (29) that

T, = T = P1x3, T, =T; = onr; = Ll,
Te = Ta = P, T:=T;=0 on zy = Ly, (89)
T,= —Tu = —'P1x3, Ty =T; = onzr; = 0, *

Ty = —Ty = —szvg, T, = T: =0 01'1392=0,

since cos (n,1) = 1, cos (n,2) = cos (n,3) = 0 on z; = L, etc.
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The total force on the face z; = L, is given by
fh fL fh [L
./—h /0 T1 dxz d:l)g = P1 ./—h /0 X3 dxz dxg = 0,

according to the first line of (89). Similar computations reveal that the
total force on each of the three remaining edge faces is likewise zero.
From the definitions given in (43) of 10-4(b) we find the effect of the
surface-force distribution on z; = L; (first line of (89)) to be a bending
moment

k L2 h L
My= [, [7 Twwsderdes = Py [, [ 23 dea doy = 3PALok3

about the z; axis, with an equal but oppositely directed moment arising
from the surface-force distribution on the face z; = 0 (third line of (89)).
In similar fashion we may show! that the surface-force distributions on
z2 = L2 and z» = 0 are respectively describable in terms of equal but
opposite bending moments of magnitude £P,L;h® about the z;, axis.
(It is left for exercise 17(b) at the end of this chapter to show that each
of the four moments is a couple, as defined in 10-4(b).)

(¢) Using the Hooke’s law equations (10) of 10-1(d), we derive from
(86), (87), (88) the strain-tensor elements

e =00 #k), en

]

% (Pl - UPz)a?g,
) . (90)
€29 = % (P2 — oP1)zs, e33 = — % (P1 + Pj)zs.

Substitution of (90) into (12) and (13) of 10-1(e) verifies that these strain
elements satisfy the compatibility equations and are therefore suitable
for the description of a physically feasible state of strain.

In the manner of 10-4(¢)—with the details left for end-chapter exercise
18—we can show with the aid of (90) and the definitions (5) of 10-1(c)
that every unstrained line z; = constant. z; = constant is bent into para-
bolic shape (in a plane z; = constant) for which

Bfus

1
—&E:_E(PZ_GPI). (91)

Also, the lines 2 = constant, z; = constant become parabolas (in planes
23 = constant) for which

62u3
ox?

1
= — 5 (Pr— oPy). (92)

1 8ee exercise 17(a) at end of chapter.
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Further, we obtain the result

Pus _ g (93)
0x1 0x2 ’

from which we ascertain, by definition, that the planes of principal curva-
ture of any plane z; = constant are respectively parallel to the z;z; and
xor3 planes. This fact comes in for special consideration in the deriva-
tion in (d) below of the strain potential-energy function applicable to the
study of the vibrating thin plate.

(d) In accordance with the method outlined in 10-3(¢) we proceed to
compute an expression for the strain potential energy of the bent plate
which depends only on the strain configuration and not upon the agencies
which give rise to the strain. Since we wish to apply the result to the
vibration of thin plates of arbitrary shape, we must obtain an expression
for the strain potential energy which is independent of the orientation
of the x; and z; axes. Even in the case of a rectangular vibrating plate
we cannot be sure that the planes of principal curvature will at every
point be respectively parallel to the z:x3 and z.x; planes—a fact upon
which the results (91), (92), (93) of (¢) above depend.

Substituting (86), (87), and (88) into (37) of 10-3(b), we obtain for the
strain potential energy per unit volume

W = Q-IE (P? + P} — 2¢P.Py)al.

Integrating over the thickness of the plate—irom z; = —h to z; = h,
that is—we obtain the strain potential energy per unit area of plate
surface

h 3
W, = /—-h W dzs = 3% (P} + P: — 20P\P»). (94)

Solving (91) and (92) of (¢) above for P, and P,, we obtain

_ hE %z . O%us\’ 0%us <62u3
Wi=sa—o [(axg t o) ~20 -G )Gz ) 99
through substitution of the results into (94).

In order to free the result (95) from the specificity inherent in the
circumstance (93) of (¢) above we replace the coordinates z1, z; by a
pair of cartesian coordinates z, y related to x; and z, through the equations

Z; =z cos Q — y sin Q, 22 = z sin Q + y cos Q. (96)

@, considered arbitrary, is the angle through which the z; and z, axes
must be rotated about the x; axis to be brought into coincidence with
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the new z and y axes, respectively. Using the results of exercise 2(a,b),
Chap. 9, we have

~o @ n

g“Usg _ 62u3 o“Us

6%&3
dx:  0x? + dy?

2
ox?

d%us 0*us %ug \° _ 0%z d'us [ O%us 2

9x? 92 0x1 9T dz? 9yt dz dy/ ’
where both results are independent of the angle Q. Thus, because of
(93), we may rewrite (95) as

1 ot | 9w\’ d%u 9% o \’
wa=g0o|(Gi+ 5) 20 -0 | F - () | o
—with u written for u; and D, for [2h3E/3(1 — ¢%)]—and so obtain an
expression for the strain potential energy per unit plate area which is
independent of the orientation of the coordinate axes lying in the middle
plane of the plate. The constant D, is called the flexural rigidity of the

plate.
We employ the result (97) in the section which follows directly.

+

and

10-8. Transverse Vibrations of a Thin Plate

(a) In considering the transverse vibrations of a thin plate, it is con-
venient—as well as consistent with all of the simplifying assumptions
generally made in a first approach to the phenomenon—to suppose the
entire mass of the plate to be concentrated in the plane midway between
the parallel plane faces of the plate. We suppose that in its equilibrium
position the plate covers the domain D with boundary curve C in the
zy plane. The deviation from equilibrium during vibration is described
by the function v = u(x,y,t), where u is the transverse displacement of a
point located (in equilibrium) at (z,y). Thus, if the constant mass per
unit area of the plate is u, the total kinetic energy of the plate is given by

T = }u [ [  dx dy. (98)

-

the assumption introduced in 10-3(a) that the strain potential-energy
density at a point depends only on the strain configuration at the point.
With this assumption we may thus employ the expression (97) of 10-7(d)
for the potential energy per unit plate area, so that the total potential
energy is given by

V = 3D [[ [(70)? — 201 — o) (uesttyy — w3)dzdy,  (99)
D
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where V2u is written for (u.. + u,) and the subscripts indicate partial

differentiation.
With (98) and (99) we have for the hamiltonian integral (7) of 6-2(a)

1= ["[[{uid = D(v*0)? = 201 = o) (Uesttyy — )} dz dy dt;  (100)
D

according to Hamilton’s principle (6-2(a)), (100) is extremized with respect
to those functions u(z,y,t) which describe the actual plate configuration
at t = t; and ¢t = {, by the particular function u(z,y,t) which describes
the actual configuration for all &. Owing to possible physical constraints
placed upon the plate at its boundary edge C' the functions u eligible for
the extremization of I may be required to satisfy certain conditions on C;
explicit consideration of such conditions is carried out in (e) below.

(b) To effect the extremization of (100) we form the integral I(e) by
replacing u in the integrand of (100) by the one-parameter family of
comparison functions

U = u(z,y,t) + en(z,y,?), (101)

where u(z,y,t) is the actual extremizing function and »(z,y,t) is arbitrary
to within twice continuous differentiability and the requirement (accord-
ing to Hamilton’s principle) that n(z,y,t,) = »(z,y,tz) = 0. Further, both
n and/or its normal derivative (dn/dn) = 7, (taken with respect to the
outward normal to C') may be subject to boundary conditions consistent

. . . . . . .
with rogtrictinane an 7 imnasad 1n1nan tha fiinmetione Q]‘f\‘l}\lo far tha aviram_
VWAULL AUDVLIVUIVILID Vil UV LUPUDUU UPPVLL VLU 1 RLIUVIVLID TLIgI VAT 1UL VIAT VA uI Uls™

ization of I; these are discussed in (e¢) below. It is clear that I(e) is an
extremum for e = 0, so that
o) =0. (102)
Writing
U Uzzy Uy, Uzy) = F{pu? — Do[(VU)? — 2(1 — o) (Uazlyy — u:y)]}’ (103)
according to. (100), and using (101) to compute
AUss Uy, ULy _ aU

=7 : 7 - = 1, -
ae zz) ae Vi ae fzyy ae

7

we form I’(e¢) and then set ¢ = 0 (replacing U by u, according to (101))
to obtain

) “[f(of ., @ 3 3
I'0) = [I //(%177+au{z’?zz+—f’7w+—f"72y>dxd?/dt =0, (104)
D

Uy OUay

according to (102).
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Through integration by parts over ¢ we get
3 7/ af\

jh jj 77 dedydt = — ./n j/ ey \—(;—'i) dz dy dt,

since 7 = 0 for { = ¢{; and ¢t = t;. To transform the final three terms of
(104) we employ the forms of Green’s theorem given in (25), (26), and
(27) of 2-13(e), respectively:

of . 9% ( of of @
// ez T dz dy = // 7 oz <8uu> dzdy + /; [n’ e Oz aun %,
D

of _[f
_/!;fé ﬂyydxdy [ﬂno( -|

» f\d dy — /;[nya(:‘{w ai(af\ dz,

\QUyy/ |

U 5 iv T G2 Ay = U "3 3 \aux,,) dedy + 3 j . au,,, (g dy — 7. dz)

S IAIEICAEES (C LTS

Further, we have direct use for the result

ot [ of of 9 [ of
5 (au> T oy (au> t oz oy (6u)

4 4 4
_D [6 U 04u du

o\ g T 2 grap T W] = ~DvHVR) = = Do,

as we find! on direct computation from (103). From (103) we also obtain

aF\ _ .
at <6u> - K

With the results of the preceding paragraph we may rewrite (104) as

/‘2 { [/ 7(—pi — Doviu)dz dy

Y \+a—” Y] - s

1 LS IS
Je UV y \auyy/ 2 \9usz,/ | T auyy 2 7 Ougy)
+ f ‘"’ un 12 "” au,y [ <au,z> 2 oy <aux_,>]} dy} a = 0;

(106)

the explicit expressions for the integrands of the line integrals along C
are obtained from (103) in (d) below. Since (106) must hold for arbi-

! The expression V*u is merely an abbreviation for

o? 9?
Vi(Viu) = 32t (Uzz + uyy) + a_y* (Usz + Uyy).
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trary 7, it must, in particular, hold for those n for whichn =5, =9, = 0
on C. For such #, (106) reduces to the integral over D (in turn inte-
grated from ¢t = ¢; to ¢ = {,); an obvious extension of the basic lemma of
3-1(c) yields the result

0%

as necessary for the fulfillment of (106). The fourth-order partial differ-
ential equation (107) is thus, accord-

ing to Hamilton’s principle, the c
equation of motion of a vibrating
thin plate. D
Derivation of the various sets of (@pr¥y)
boundary ccnditions for the vibrat- \ A,

treatment of these integralsisgreatly
facilitated by the transformations
carried out in (c¢) following.

(c) While the use of the cartesian coordinates z and y may be con-
tinued with profit in a problem involving a rectangular plate, it is essen-
tial for more general purposes to introduce as coordinate variables the
arc length s of the boundary curve C of D and the distance n measured
from C along the normal to C. Given a point (z,y), we determine its
(n,s) coordinates by drawing the shortest normal to C through (z,y); the
intersection of this normal with C determines the s coordinate of the
point, while the n coordinate is the distance from (z,y) to C along the
normal (positive if (z,y) is exterior to D, negative if interior). (See Fig.
10-3.) Clearly, it is necessary that through each point (z,y) there be a
uniquely determined shortest normal to. C, which is the case if (z,y) is
not separated from C by the evolute of C (locus of centers of curvature).
Since our purpose here is merely to transform the line integrals along C
of (106), this condition of nonseparation may be considered fulfilled inas-
much as we employ the (n,s) system in the evaluation of quantities on
C only—that is, for n = 0.1

If we represent C in the parametric form z = zo(s), ¥ = yo.(s) and let
a = a(s) be the angle made by the tangent to C with the positive z direc-
tion,? we derive from Fig. 10-3 the transformation equations

! At a corner of C the normal direction is undefined. We assume that C consists
of a finite number of smooth arcs and therefore possesses at most a finite number of
corners.

? We measure o counterclockwise from the positive z axis to the posilive direction
(direction of increasing ) of the tangent. With this definition « is surely a continuous
function of 8 (0 = a < 2x), except, possibly, at a finite number of corners.

ing plate depends upon the integrals (N
over C which appear in (106). The \//°<
z
/

F1e. 10-3.
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z = zo(s) + n sin a(s),

Yy = yo(s) — n cos a(s). (108)
With the use of the elementary relationships
B0 cosa,  W—sing 92 g, (109)
where K is the curvature of C; we obtain from (108) the partial derivatives
ax _ . Y _ _
o = S @ 3 = COS
a2 3 (110)
a—s=(1+nK)COSa, a—§l=(1+nK)sina.
Thus the jacobian® of the transformation (108) is
- WP VNAY
o\%,y) _
ns) 1+ nK. (111)

We further obtain from (110) the equations of transformation of first
partial derivatives

Un = U SID @ — U, COS a us = (1 + nK)(u, cos a + uy, sin a).
Solving these equations for %, and u,, we get

cos & - —u o T+ sina
TFnk W= TWectBeThLiT R

(We have occasion below to employ the relations (112) with u replaced
by the function 5; the replacement is valid because (112) hold for any
differentiable function u.)

To transform second partial derivatives to the (n,s) coordinate system
we employ the result of 9-2(b), with the identification n = ry, s = r; and
the suppression of the third independent variable r;. With the use of
(112) we successively substitute

Us = Un SID @ + U (112)

. 1, 1 . cosa |*
@) f——2—u2—2{unsmoz+u,1—+TK}:

A2
“

. _1 ,_1 I_ sin a

(ii) f—zu,—2{ uncosa+u,——1+nK};

1 _1 . COS & _ sin «
(111) f—-—2—u,uy—2{un sma—{-u,m}{ Un COSQ+U:———1+"K}

into (22) of 9-2(b), with the jacobian—denoted by D in 9-2(b)—given by
(1 4+ nK), according to (111). The results of these substitutions are

18ee 2-8(f). Also see exercise 20 at the end of the present chapter for a discussion
of the required nonvanishing property of this jacobian.
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respectively
A -2 ahzm_l..n 70082-2— ,J—‘)nl M
\+) [2 273 Wwnn P11l &k 7 Wgs ( nK)2 | &wgn 1 + nK
cos? a 2K sin a cos @ , nK’ cos? «
+ Kun g~ “[ T+nk? TOF nK)s]’

. _ 2 sinffa sin a cos a
(i) Uy = Unn COS%2 @ + Use 0+ nk)? 2Usn TInk

113
+ Ku sin? a + 2K sin o cos @ _ nK’ sin® a] (113)
"T+nK " |7 A+ nK)? (1 + nK)*]
_ . sin a cos a sin? @ — cos? a
(1) Uy = —Unp SIN @ COS & + Uss 0 F nk) + Usn I+ nk
sinwcosa , ~ [K(cos?a —sin’@) nK’'sin a cos |
tR—T g T [ T F nk)? T + nk) J

where K’ = (dK/ds) = (d%a/ds?). In all that follows, our use of the
results (113) is restricted to the boundary curve C—that is, for the special
casen = 0.

(d) In applying the results of (¢) to the transformation of the line inte-
grals of (106), we first note that along C we have n = 0, dn = 0, so that,
according to the second line of (110),

dr = ds cos e, dy = ds sin « (along C). (114)

Further, we have on direct (although somewhat lengthy) computation
farrrn f1nQ) \Vx‘rifl\ +tha atd Af (114N 4‘-}1’\

41V111 \.I.UU 13 ViA viAU Qi Vi \-l.l. }’ 1l v

[%/ (aif> + 33 (g)] 4w = [a (aif> t ooy (aifﬂ &4
Dy

= [sm a —a— (Uzz + Uyy) — COS a 5% (Uzz + u,,y)] ds
—— | a 2, .
= D, [an % u)] ds; (115)
the final form of (115) springs from the fact that
8 9z o ,dya _ . 9 3
a—n—é——a—x—}——na—-—sma—é;:—cosa@;

according to the first line of (110).
Setting n = 0 and replacing u by » in (112), we obtain

Nz = Masina+ g, c08a, M = —n.cosa+msina (along C). (116)

Another lengthy computation, with the aid of (116), (114), and (103),
brings us to the result
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-( L+ g af)dx+< o 43 "fy)dy

Uay, 2™ Bu,
= —Do{n,.[v%t — (1 — 0)(uzz cO8? & + 2ugy 8in @ cos a + Uy, sin? a)]

+ (1 — o)n, [tz (sin® @ — cos? a) + (Uzz — Uyy) sin a cos a]}ds
= —Do{na[V2u — ( — 0)(%ss + Kun)] + (1 —0)ns(sn — Kus)lds, (117)

where the final form is achieved through the transformations (113) with
n set equal to zero.

Still another aid to the transformation of the line integrals of (106) is
the integration by parts

)
!
|
S~
Q
-
4
[~
—~
1S
o«
]
.
r
&
%
~
£
(V)
~~
[oy
fvy
~

The integrated term vanishes because C is a closed curve, and it is assumed
that each factor of [n(u,» — Ku,)] is a single-valued continuous function
of position along C.! (At a corner—point of discontinuous normal direc-
tion—of C the required continuity of (u,» — Ku,) involves special con-
sideration; in the case of the rectangular plate with boundary edge free
(10-10(e) below) such consideration leads to a new boundary condition.)?

With the results (115), (117), and (118), in conjunction with (107),
we may write (106) of (b) above as

R [% (V%) + (1 = 0) 5 (tan — Kuo]

Ju JC 1\
4+ 7al(1 — 0)(wes + Kun) — v2u]’ dsdt = 0. (119)

The interpretation of this result becomes meaningful only on the basis of
discussion of the various types of physical constraints which may be
imposed at the boundary edge of the plate; this discussion follows directly:

(¢) The most important types of physical constraint which may be
imposed along C are (i) clamping, (ii) simple support, (iii) complete
freedom.

(1) At a clamped edge not only is C constrained to remain in the equi-
librium (z = 0) plane, but, in addition, the normal derivative u, of the
transverse displacement is held to zero at the boundary. Thus the func-
tions u eligible for the extremization of (100) of (a) above must satisfy

1 Although the subscript s of #, indicates partial (n held constant) differentiation
with respect to s, the fact that n = 0 along C reduces partial differentiation with
respect to 8 to ordinary differentiation in this case.

3 See also exercise 21 at the end of this chapter for a proof that (u,» — Ku,) cannot
be discontinuous along C even if the restriction to continuity is not made a prior: in
the free-edge problem.
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u = u, = 0 along C. It therefore follows that
= n, = 0 along C (clamped edge). (120)
(i1) At a simply supported edge the only constraint is the holding of C
fixed in the equilibrium plane; no condition is imposed upon the normal
derivative of the transverse displacement. The functions « eligible for

the extremization of (100) must therefore satisfy v = 0 (with u, arbi-
trary) along C; that is,

n = 0, 7. arbitrary along C (simply supported edge). (121)

(iii) At a free edge there are no physical constraints, so that the eligible
functions u are required to satisfy no special conditions. Thus we have
both of

n, N, arbitrary along C (free edge). (122)

Because of (120) equation (119) reduces to a triviality in the case of
the clamped-edge plate (1). The boundary conditions, therefore, are
those which are imposed from the outset—namely

u = 0, un = 0 along C (clamped edge). (123)

With (121) taken into account (119) directly implies that the coef-
ficient of 7, vanishes® along C. Together with the condition imposed at
the outset this result gives us for the simply supported plate (ii)

u =0, 1 — 0)(uss + Kun) — Vu =0 along C. (124)

The second condition may be simplified as follows: From the first two
identities of (113), with n = 0, it follows that

VU = Upz + Uyy = Unn + Use + Kun along C. (125)

But since w = 0 along C, it follows that u, and therefore u,, must
vanish on C. In view of (125), (124) thus reads

u =0, Kotun + Unn = 0 along C (simply supported edge). (126)
Because of (122) the relation (119) 1mp11es the separate vanishing of

4+l o mnscamnndizra AaAn -. b ~F +1 A ~AF +bh o funna LAsinAdane
the Iespecuive Coe b w 01 7 a;uu. Mn 111 the case of tne iree UUuuu.cuy

edge (iii):
o (V30) + (1 =~ 0) o (s — Ku) = 0
(1 — 0)(ues + Kttn) — V2u =0

We may, of course, deal with a plate whose boundary conditions are
mixed—whereby, that is, one of the three sets of conditions above may
1 See 3-1(¢c).

along C (free edge). (127)
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apply to certain portions of C' while one or both of the other two sets

mav qnn]v to the remainine nartione
may apply o tiie remaining poruions.

10-9. The Eigenvalue-Eigenfunction Problem for the Vibrating Plate

(@) As in the case of the vibrating-membrane problem (9-4(a)), the
first step in the solution of the vibrating-plate equation (107) of 10-8(b),
in conjunction with any one of the sets of homogeneous boundary con-
ditions (123), (126), or (127), is to seek a solution of the form

u = ¢(z,y)q(®). (128)
Substituting (128) into (107), we obtain, on division by Doég,
Vi¢ _ _r4g
ralie Do g (129)

Since the left-hand member of (129) is independent of ¢ and the right-
hand member depends upon ¢ alone, it follows that the two members are
equal to a constant, which—in view of the proof in (b) below that this
constant cannot be negative—we denote by 8¢ We therefore conclude
that (129) implies two separate differential equations,

Vig — B¢ =0 (130)
and
G+ w’q =0, (131)
where we write
w? = 22, (132)
L

The general solution of the time-dependent equation (131) is
g = A cos wt + B sin wt, (133)

where A and B are arbitrary constants.

Since the sets of boundary conditions (123), (126), and (127) of 10-8(e)
are all homogeneous, substitution of (128) involves cancellation of the
time-dependent factor ¢(t) and thus directly yields the three sets of
boundary conditions for ¢(x,y):

) ¢ =0, %g; = 0 along C (clamped edge),

. 3¢ 3% .

i) ¢ =0, Ko an T I 0 along C (simply supported edge),
(e on (V'O + (1 —0) 5 3s (a an Ka_s> B along C

a— a)< + Ka¢) Vi = 0 (free edge).
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Inasmuch as the equations which must be satisfied by ¢—namely, (130)
and one set from among (134)—are homogeneous, we can without loss of
generality impose the convenient normalization condition

/f ot dz dy = 1. (135)
D

The problem of solving the fourth-order partial differential equation
(130) in conjunction with any one (or combination) of the sets of bound-
ary conditions (134) constitutes an eigenvalue-eigenfunction problem of
the type encountered in connection with the vibrating string, membrane,
and rod. Any value of 8 for which there exists a function ¢, normalized
according to (135), which satisfies (130) and the single required set of
boundary conditions from among (134) is an eigemvalue of 8; ¢ is the
corresponding eigenfunction. There may, in some cases, exist several
linearly independent eigenfunctions corresponding to a single eigenvalue
of 8; that is, the eigenvalues of the vibrating plate may exhibit degeneracy.

According to (128), (133), and (132), it is clear that each eigenfunction
¢ describes a mode of single-frequency vibration which the given plate
(under given boundary conditions) is capable of executing. The fre-
quency (w/2x) of each mode is related to the corresponding eigenvalue
of B8 through (132). The degeneracy of a given eigenvalue implies the
existence of more than one independent mode of vibration associated
with the given frequency.

(b) We may characterize the eigenvalue-eigenfunction problem for the
vibrating plate as an isoperimetric problem:

The extrema of

1= [[1a%) - 201 — 0)($ests — 63,)1de dy
D

with respect to functions ¢ which are four-times differentiable in D, which
satisfy the normalization condition

2

and which, in the case of the

(i) Clamped plate, satisfy ¢ = (d¢/9n) = 0 on C,

(ii) Simply supported plate, satisfy ¢ = 0 on C,
are supplied by the eigenfunctions of (130) taken in conjunction with
the appropriate set of boundary conditions from among (134).

The proof of the above characterization is left for exercise 24 at the
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end of this chapter. At an early stage of this proof we achieve the result

[j’ (V6) (A%) — (1 = o) ($estuy + Sutes — 2baytu) — Neildz dy = 0,
(137)

where ¢ is an extremizing function and # is arbitrary to within twice
differentiability and, in the case of the

(i) Clamped plate, 5 = (d9/dn) = 0 on C,
(i1) Simply supported plate, = 0 on C;

the constant \, originally introduced as a Lagrange undetermined multi-
plier, is at a later step in the proof shown to be identical with the param-
eter 84 which appears in (130). That is,

A = Bt (138)

Because of the arbitrary character of the function 1 we may set n = ¢
in (137) to obtain, after solving for A,

= [[ 17%6)? = 201 = 0)(buethy — 92z dy,  (139)
D

with the aid of (136). The integrand of (139) may be rewritten as

Fzo + 200u20yy + ¢y, + 2(1 — o),
= (¢ + 0¢)” + (L — o”)¢y, + 2(1 — 0)¢z, 2 0,

sincet 0 <o < 4. It therefore follows from (139) that A = 0 and,
through (138), that the substitution of 8* for the common value of the
two members of (129) in (a) above is justified.

We may also use the result (137) to establish the orthogonality of the
plate eigenfunctions: If ¢ and ¢® are eigenfunctions associated respec-
tively with a pair of distinct eigenvalues of 84—which, in accordance with

(138), we denote by \; and \;—we replace ¢ by ¢@ and therefore A\ by
. In (1Q7\ alano nnfh tha erihatitiition A\(") ‘Fnr the arl‘nf‘rnrv'f . We

l‘ 4ix \‘-U L lella ¥Y AVik Viiv pDuivovivuvivii AL Vid A WAVAWNL y 4

effect a second substitution of the same type into (137) by reversing the
indices j§ and k in the initial substitution. Subtracting the two special
cases of (137) so obtained, we achieve the result

t See 10-1(d), final paragraph.

i In those cases (clamped or simply supported plate) in which % is required to
satisfy special conditions (5 = 5, = 0, or » = 0) on C, the eigenfunctions ¢* and
¢ must satisfy these same conditions, so that the substitution n = ¢® or 5 = ¢?
into (137) is justified.
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O =) [[ 696 dsay =0
D

Since \; # \i, the integral must vanish, and the orthogonality follows.

In the case of degeneracy—the existence of more than one linearly
independent eigenfunction corresponding to a single eigenvalue of g—
the orthogonalization process delineated in 9-6(c) is applicable. With
the result of the preceding paragraph, therefore, we conclude

[ 608w dray =0 (=),
D

for the plate eigenfunctions ¢®, ¢®, . . ., ¢®, . ., . associated with
any one of the three types of boundary conditions considered here.

(¢) The isoperimetric characterization of the vibrating-plate eigen-
value-eigenfunction problem may be sharpened into a minimum charac-
terization which reads as follows:

We arrange the totality of eigenvalues of 84 associated with the plate
problem, for any one of the three types of boundary situations considered
above (clamped, simply supported, or free edge), in the ascending order
Bi<pi=< ... =pBt< ... ;eachdegenerate eigenvalue appears con-
secutively in the list a number of times equal to the number of inde-
pendent eigenfunctions associated with it. The kth etgenvalue B; is the
minimum of the integral

I=[[1(76)? = 2(1 — )($usthwy — #2)ldzdy  (140)
D

with respect to those functions ¢ which satisfy the normalization condition

[f $*drdy = 1 (141)
D 3

and the (k — 1) orthogonality relations

J[ ¢modzay=0 (m=12...%k-0,
D

where ¢™ (m = 1,23, . . .) ts the eigenfunction which satisfies
Vigpm — B;‘n¢,(rn) =0

and the appropriate set of boundary conditions from among (134). Fur-
ther, the functions ¢ eligible for the minimization of I must be, together
with their first partial derivatives ¢, and ¢,, continuous everywhere in D;
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the higher order partial derivatives may exhibit finite discontinuities at
an isolated number of points or across a finite number of smooth ares in D.

For the plate with boundary edge clamped the additional restrictions

= (d¢/dn) = 0 on C must be imposed on the eligible functions; for the
plate whose edge is simply supported the eligible functions are restricted
to those which satisfy ¢ = 0 on C. No special boundary restrictions are
imposed upon the eligible functions ¢ if the edge of the plate is completely
free.

The minimum B; of I under the stated restrictions is achieved when
¢ = ¢o®.

A proof of the above characterization of the plate eigenvalues runs
along the lines of the corresponding proof of the minimum characteri-
zation of the vibrating-membrane eigenvalues which appears in 9-9(b).
It thus depends upon the validity of an expansion theorem for the plate
eigenfunctions analogous to the expansion theorem for the membrane
eigenfunctions stated (without proof) in 9-6(d). Explicit statement of
the required expansion theorem is found in exercise 25 at the end of this
chapter; proof of the minimum characterization of the plate eigenvalue-
eigenfunction problem is reserved for the same exercise.

(d) Finally, it is possible to characterize the eigenvalue-eigenfunction
problem for the vibrating plate in terms of a maximum-minimum princi-
ple which corresponds to the maximum-minimum characterization of the
membrane eigenvalues demonstrated in 9-11(a). Explicit statement of

the nrincinle for the plate. together with the nroof, is reserved for exercise

T PAALLVAPAT AVUL UMD pPIiUDy VVRUULLTL AVdL ViAT i ULy 4D ATUDTL VU AVL TATL VAST

26 at the end of this chapter.

10-10. The Rectangular Plate. Ritz Method of Approximation

As compared with the success in solving the vibrating-membrane prob-
lem in several cases, there are relatively few examples of the eigenvalue-
eigenfunction problem for the vibrating plate which have been solved
rigorously. The problem of the circular plate, considered in end-chapter
exercise 29, is the one case in which a complete solution has been achieved
for each of the three types of boundary situations (clamped, simply sup-
ported, free) introduced in 10-8 above. For the rectangular shape, how-
ever, only the problem of the simply supported plate has been completely
solved. Partly responsible for the lack of solutions for the free- and
clamped-rectangular-plate problems is the easily verified fact that the
partial differential equation (130) of 10-9(a)—the equation satisfied by
the plate eigenfunctions—is not separable! in rectangular coordinates.

In the absence of a method for obtaining a precise analytical solution,

1 The meaning of separability in this sense is given in 9-8(a), second paragraph.
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W. Ritz! was the first to employ the minimum property enunciated in
10-9(c) as an aid to approximating the eigenvalues and eigenfunctions
of the free-edge-rectangular-plate problem. (It is for this reason that
any method of eigenvalue-eigenfunction approximation based upon the
direct minimization of integrals—such as those employed in 7-6, 9-13,
11-5, as well as below in the present section—is generally termed a ‘“‘Ritz
method.”)? Because of the ready accessibility of Ritz’s monumental work
—Dbut especially because of the almost overwhelming amount of detailed
computation involved—we limit ourselves to merely a few remarks con-
cerning the problem of the rectangular plate with boundary edge free;
these are found in (¢) below. The main portion of this section 1s devoted
to the Ritz method as applied to the square plate with boundary edge
clamped.

(@) By settingu = g = ¢andf = (¢z:¢,, — ¢2,) in the trio of Green’s-
theorem results (105) of 10-8(b), we transform the integral (140) of 10-9(c)
as follows:

I =[[ (V26)? dz dy
D
= (1= 0) [, [($ebwy = busd)dy + ($s60y — $y6.dz). (142)

Further, we employ the relations (112) and (113) of 10-8(c)—with the
function u replaced by ¢ and with n = 0 (along C)—together with (114)

af 10273\ +4 hring (149) inta tha farm
O1l 1U-O\&, L0 OTIIE (174, 11iv0 ui€ 10

I =/[(V2¢)2dx dy - (1 - ‘7) L [¢‘n(¢ss + K¢n) + ¢s(K¢a - ‘bsn)]df
D

=//(V2¢)2dx dy - (1 - U) /C' [¢n(¢ss "\L K¢n) - d"‘g‘g (K¢a - ¢m)] ds;
D

(143)

the final form is reached through an integration by parts.?

In the case of a clamped plate the functions ¢ eligible for the minimi-
zation of (140) of 10-9(c), which is the original form of (143), must satisfy
¢ = ¢» = 0on C. Thus, in this case, the line integral of (143) vanishes,
so that the integral whose successive minima, in the sense of 10-9(c), are

the eigenvalues of the clamped-plate problem is simply

! Annalen der Physik, Bd. 28, p. 737, 1909; or Gesamelte Werke Walther Ritz, p. 265,
Paris, 1911.

2 Such a method is frequently called a ‘‘Rayleigh-Ritz method.”
? See discussion directly following (118) of 10-8(d), with accompanying footnote.
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I =[] (V?¢)?dzx dy. (144)
i

(b) The method we employ for the approximation of the successive
eigenvalues of a given clamped-plate problem is completely analogous
to the method developed in 9-13 for approximating the eigenvalues of a
given membrane problem. Thus we replace the class of functions ¢
eligible for the minimization of (144) by the subclass of functions ¥ which
exhibit the form

vy =cd + P+ - - -+, (145)

where ®,(z,y), ®:(z,y), . . . , B:(z,y) are s given functions, continuously
differentiable in D;e¢y, ¢2, . . . , Cs are arbitrary constants consistent with
the required normalization condition (141) of 10-9(c) with ¢ replaced by .
The functions &, ®;, . . . , &, satisfy the clamped-plate requirement of
vanishing, together with the normal derivative of each, on the boundary
curve C.

We denote by ¢4, ¢2, . . ., ¢, the first s approximate eigenfunctions?
sought, and the corresponding approximate eigenvalues (of the parameter
B%) by Ay, Ag, . . ., A,. In accordance with (145) we write

8
o= ) P8 (m=12, ... .9, (146)
i=1
an + "\ v\rnh]nm F G“AI“N nnn}\ m\‘n!m;n;’nn‘ , ‘Q ﬂﬂ““ n]nn"' “'I\ f‘\n{'
[SA VS Uu v Ul \J HL AJAUAAL UL 1L J-lu.lLL vavil lulll‘ullﬂllls Y \.iul iLvilV VU viivv
of determining the set of values ¢{™, ¢{™, . . ., ¢™ for the coefficients
1, C2, . . . , Cs, Tespectively, in (145), for each m. Smce the functions ¢
eligible for the kth minimization of (144) must be orthogonal in D to the
first (k — 1) approximate eigenfunctions ¥, ¥s, . . . , ¥x—1, We have,

because of (145) and (146),

J[¥hm dz dy = Z 2 ooy =0 (m=12 ...,k—1), (147)
D

1=1j=1

where we define

o = 0y = f/ 8.8, dz dy. (148)
D

Substitution of (145) for ¢ in the normalization condition (141) gives,
further, the requirement
CiCioy; = 1. (14:9)

t=1j5=1

18ee 7-6 (b).
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Finally, if we define

-— - O w0

rr AN & a2y
Ty = Ty = || Vi@,V dz dy, (150)
D

substitution of (145) into (144) gives

I = 2“: i cicilyj (151)

i=1j=1

for the quantity whose successive minima we seek.

Comparison of the foregoing paragraph with 9-13(a) reveals that the
problem of minimizing (151) with respect to the set of ¢i, ¢, . . . , ¢,
which satisfy the subsidiary conditions (147) and (149) is identical with
the minimization of (196) of the earlier section under the restrictions
(192) and (194) of that section. For this reason we may repeat, in
essence, the paragraph of 9-13(a) which follows the equations referred to:

The first s approximate eigenvalues Ay, Az, . . . , A, of the clamped-
plate problem are given by the s roots of the equation in A

—Tnu+ Aoy —Tie+ Aoz - -+ —T1 + Aoy

— A -T A coer —Ty, A

T et St B GED)

—Tg + Aosy — T2+ Aoge = -+ —Te + Ao
The coefficients ¢{®, ¢, . . . , ¢®, which—when k ranges over the values
1, 2, . .., s—supply, through (146), the corresponding approximate
elgenfunctlons V1, ¥2, . . ., ¥, are obtained by solving the system of s

linear homogeneous equations

8

2 (Aroyg — Ti)e® =0 (G =12 ...,

i=1

in conjunction with the normalization requirement

8 8
T\T\(mm)
2 ) ey =1,

for each k. The constants ¢;; are computed by means of their definition
(148); the T;; are computed from (150).

As in the case of the approximate membrane eigenvalues obtained in
9-13(a), each approximate plate eigenvalue is an approximation from
above; that is, 8y < A4, for all k. This fact is a direct consequence of
the maximum-minimum characterization of the plate eigenvalues stated,
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but not proved,* in 10-9(d). The larger we choose the value of s, clearly,
the greater is the accuracy, in general, of each approximate eigenvalue.

(¢) We apply the method outlined in (b) above in order to approximate
the eigenvalues (of the parameter 8¢) associated with the clamped square
plate of side a. For the sake of simplicity of the computation involved
we confine our attention to the degree of approximation achieved by the
value s = 3. (In order to keep in focus the wider generality of the
method, however, we do not specify the value of s until the very point
at which it is quite necessary to particularize to the value s = 3.)

An almost obvious choice? for the set of functions ®,(z,y), ®.(z,y),

, ®,(z,y)—in linear terms of which we seek to express the approxi-

mate eigenfunctions ¢, ¥s, . . ., ¥,—is the set of products of eigen-
functions of the clamped-vibrating-bar problem; namely, if w,(z) is the
gth of the orthonormal eigenfunctions for the clamped bar of length a
along the z direction—so that w.(y) is the rth such eigenfunction for the
clamped bar of length a along the y direction—we employ the products
wy(z)w,(y) in the following fashion:

®, = wi(z)wi(y), P, = wi(z)w:(y), ®; = wa(x)wi(y),
and, in general,

& = w@w,(y) [[=%g+r—2)(¢+r—1+4q, (153)

where
i=1,2 ..., r=1,2...,38+1-1);
¢g=1,2 ...,3+/8 +1+1) —r

(Thus we restrict the choice of s to values for which (8s + 1) is the square
of an integer.) Since w,(z) and w/,(z) both vanish for z = 0 and z = aq,
and since w,(y) and w.(y) both vanish? for y = 0 and y = a, it follows
that the products of the form (153) satisfy the required conditions of
vanishing, together with their normal derivatives, on the boundary* of
the square plate of side a.

If we write p} for (v/EJ1)\,
10-6(¢) that the orthonormal clam

Vaddeu wvail UL uviilia0i L

it is clear from (82) of
ctions w, satisfy the

Y A Vg Suind il

dlﬂerentxal equation

Ll
dgt

1 See, however, end-chapter exercise 26.

2 See end-chapter exercise 32 for still another choice.

? These properties of w,(z) and w,(y) spring from the fact that they are eigenfunc-
tions of the clamped-bar problem (see (73), line (iii), of 10-6(a)).

¢ See the final sentence of the opening paragraph of (b) above.

= piw, (=123, ..., (¢ =zory), (154)



§10-10] THEORY OF ELASTICITY 245

together with the end-point conditions

1 7N 7

wq(0) = wela) = 0, w,(0) = w,(a) = 0. (155)

The explicit form of w,(£) is given in (162) below.
In accordance with the parenthetic portion of (153) we write

t=30@ +7" —-2)( +7r -1+, (156)

where ¢’ and 7’ run through the same sets of values as do ¢ and r, respec-
tively. Thus, with (153), we obtain from (148)

5 = 05 = [ wi@we@de [ 0.@)weW)dy = dogbm,

because of the orthonormality of the bar eigenfunctions. It further fol-
lows, since 7 = j if and only if both ¢ = ¢’ and r = &', that

oii = 0y = b (157)
Since it follows from (153) that
Vid; = w(@)w,(y) + w(z)w, (),
we have from (150), with the aid of (156),
Tu=Ty= )" [)" 0y @wy) +wo @)l ()0 (e () +we @l )z dy
= 8w L Wy (@)W (x)de + dq¢ ﬁ) w; (y)wy (y)dy
+ [ W@ [ w @)y

+ [ iy @de [l (ywe@)dy
= B"Iqul + 6qq1H"' + quqL,-,-l + qu'L"”', (158)
where we define

Huw = [ 0h(@ui(©dt,  Lom = [, wa®ulp(dds;  (159)

the Kronecker deltas appearing in the second line of (158) arise from the
orthonormality of the functions w.(£). If we twice integrate by parts

each of the integrals appearing in (159) we find, on using (155), that

Hmm' =/ ii‘il‘;mwm’(s)dz'y L""”' =/ w:,:(E)wm'(E)df; (160)
o dé& 0

that 18, Lym = Lmym. Also, with the aid of (154), we obtain

Hpmr = Pin ﬁ)a W ()W (£)dE = DS
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With the last two results (158) reads

T, — T, — & & (.4 1 4\ 1 oT T
Lji = L4j = OrpOgqo\Pyr T Pg) T &ligqdiry

= 51‘1‘(1)3 + p:) + 2L,¢Lr, (161)

since ¢ = j if and only if both ¢ = ¢’ and r = +/. It thus remains to
evaluate the quantities L. defined in (159); for this we require an explicit
expression for w,(£).

The orthonormal clamped-bar eigenfunctions, which satisfy (154) and
(155), are given explicitly by!

o) (o)

1
an (& _— —_ _ 7 nna? — g
TaY T Vel sindpea sinh 1p,a gt
leoer (-2 wom (5 2] \
COS pg KE '2) cosn Py \E - 5) -, 1 , 162)
3 — > sin? = qr
COS 3P0 cosh 3p,a 2

forq =1,2,3, ... ; (ap,) is the ¢qth positive root of the transcendental

equation
tan? (3ap) = tanh? (3ap) (163)

or of the equivalent equation cosh (ap) = sec (ap).
For the purposes of the computation carried out below we require that
the quantities Lym = L. be evaluated only for m, m’ = 1,2, independ-

Tild -

ently. These cases are fully covered by the following results
Lpm =0 if (m + m’) odd, (164)

2 1 9 o 1
<c_z> Pm cOt 5 aDm Pz cot 5 aPm (m even),

Loym = (165)

2 1 e o1
<a> P tan 5 aPm — Pm tan 5 0Pm (m odd),

the computations of which are left for exercise 16 at the end of this
chapter. (Both (164) and (165) may be obtained directly from (162)
and (160) as follows: (164) results from the fact that wl,(£)w..(£) is an
odd function with respect to ¢ = 4a if (m + m’) is odd. Direct inte-
gration yields (165) on use of the fact, which follows from (163), that
tan 3ap, = (—1)™ tanh $apn.)

(d) At this point we specify the value s = 3; that is, ¢« and j take on,
independently, the values 1, 2, 3. By means of the parenthetic part of
(153) and (156) we establish the following tabulation of correspondences:

1 See end-chapter exercise 15. This result may, of course, be verified by direct
gubstitution into (154) and (155).
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i=1:r=q=1; j=2:r=2 ¢q=1; j=38:r=1 ¢q=2;
2 = 1‘ ’r, ] I‘l, — 1' ’; = Q' 'r’ —d () n’ [~ 1 n = 3 m’ — 1 n’ —_— ‘)
v Lo d 9 ) v “~- < 9 Ly v D Ly 4 ~

From (161), with the aid of (164), we thus obtain

I'n = 2p} + 2L}, Ty2 = (p{ + p3) + 2LuLs = Tas,
T2 = To = Ty = T'sy = 2Ly = 0, Ty = T3 = 2L}, = 0.

With these results taken in conjunction with (157) of (¢) above, the
determinantal equation (152) of (b) above (with s = 3) assumes the
particularly simple form

(A — 2p;f — 2L}) (A — pt — pt — 2Ly,L,)2 = 0. (166)
The numerical values of (ap:) and (ap,) are given by!
ap, = 4.7300408,  ap, = 7.8532046,
to seven decimal places. Use of these figures gives (with somewhat less
accuracy), according to (165),

a2Lu = —1231, aszz = '—'4605
Thus (166) becomes

2
(A _ 13(34) (A _ 543:8) _o
a a
so that we achieve the following approximations to the three lowest eigen-

values (of the parameter 8¢) of the clamped square plate:

13;(4)4’ A, — 4, — 5438 (167)

A1=

Without further analysis we cannot, of course, estimate the degree of
accuracy of the approximations (167). It is beyond the scope of our
study, unfortunately, to consider a method which has been developed?
for approximating from below the eigenvalues for the clamped square
plate. This method gives the results

1295
al

_ 4910

- (168)

A= 2R A=A

1 8ee Rayleigh, Vol. I, pp. 277, 278.

2 A, Weinstein, Mémorial des sciences mathématiques, Vol. 88, “Etudes des spectres
des équations aux dérivées partielles de la théoric des plaques ¢élastiques,” Gauthier-
Villars, Paris, 1937. The figures quoted in (168) are derived from Weinstein’s
Mémorial volume, in which he has given the results of computations for a = = (pp.
54, 56).
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as approximations from below to the first three eigenvalues of 84 From
(167) and (168) we therefore conclude

129 1304 4910 5438

4
at S at’ a? = B a

A

(169)

According to (132) of 10-9(a) we have w; = (Do/u)B; (k = 1,2,3, . . .),

where (wi/2r) is the frequency of the plate’s kth natural mode of vibra-

tion, u is the mass per unit area,

v and D, is the flexural rigidity (de-

t"" fined just following (97) of 10-7(d)).

Thus we have for an approximation

to the fundamental frequency of
the clamped square plate

n n
a
z according to (167); according to
‘"’ the result (169) this approximation
F1e. 10-4. has an accuracy of better than 0.4

per cent. Approximate computa-

tions of the second and third natural frequencies may be similarly com-
nutad from (1R7)

PUUTL 1aViaL \2UI J

() In accord with the opening remarks of the present section (page
241) consideration of the rectangular vibrating plate with boundary edge
free is limited here to an enunciation of the boundary conditions which
are satisfied by the eigenfunctions of the problem. We note, first, that
the curvature K, introduced in (109) of 10-8(c), is zero along the four
edges of the plate. Further, if the rectangular domain D is given by
0<z=<a 0=y sb we have the following set of relations between
the coordinates z, ¥, and the n, s variables introduced in 10-8(c): If we
measure the arc length s from the origin—that is, if s = 0 at z = 0,

y = 0—it is clear from Fig. 10-4 that
along y = 0, s =1z, n = —y;
along =z = a, s =a++y, n=z—a, (170)
along y = b, s =2a+b—z, n=y—b;
along z = 0, s =2a+2b -y, n = —z.

With the aid of (170), and K = 0, we apply the general boundary con-
ditions (134,iii) of 10-9(a) to the rectangular plate:
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o [ 3%
(v29) + (1 =9 52\ 5703, —0) -
v Salongy=0,y=b;

Slo

3¢
(I—U)E-x—z—vz¢=0

9 o (0% _

%o

alongz = 0, z = a.

Since V2¢ = ¢.» + ¢, the second of the two pairs of bracketed equa-
tions may be replaced by ¢,y + 0¢.. = 0 and ¢.. + ooy, = 0, respectively.

An additional boundary condition arises from the required continuity
of the mixed partial derivative ¢,., pointed out in 10-8(d) above.! From
(170) we perceive that ¢,, assumes the successive forms — ¢.y, ¢ys, — Pzy,
¢y on the four sides of the rectangle as we traverse C' counterclockwise
from the origin. Since the order of partial differentiation is immaterial,

we therefore conclude ¢,y = — ¢, or
by = 0, at the four corners.?
EXERCISES

1. Let (z1,22,25) and (z,,2;,7;) be two neighboring points of an unstrained solid, in
the sense of 10-1(c); after strain the points are located respectively at z; + u; and
z; +u; (i =1,2,3). Use (7) to show that the change of the distance between the
points which results from the strain is independent of the quantities w;, ws, ws—pro-

en —nlind Smeramns o mwndisad o o

vided we negiecv squaics and products such as wf, wiws, €12wg, €tC. (Thus w1, W2 W3
are called components of rotation.) HiINT: The change involved is

3 3
= \/ z (s +w) — (25 +u)l* — \/ }: (@ — )%,

i=1 i=1

but we may here approximate [(z: + u:) — (z; + u})]? by
(2 — 1) + 2(zi — z,) (s — uj).

From (7) it follows that z (s — ‘)(u. U; ) is independent of wi, wa, ws.

i=1

2. Use (7) to prove that a diagonal element e of the strain tensor represents an
extension per unit length in the z; direction. Show also that an off-diagonal element

1 The quantity (u., — Ku.) is originally required to be continuous along C. Here,
however, K = 0, and u.. differs from ¢., merely through a factor which depends
upon the time ¢ alone, as in (128) of 10-9(a).

2 A brief account of the controversial histery of the boundary conditions appli-
cable to the plate with free edge may be found in Rayleigh, Vol. I, pp. 369-371. It
is interesting to note that not even Rayleigh’s derivation and statement (Vol. I, pp.
3562-367) of these conditions are completely correct.
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eix (j # k) represents a shear in the z;z; plane, whereby lines parallel respectively to
the z; and z; axes in the unstrained state are each rotated through an angle e;: in oppo-
site senses, so that in the strained state the angles between the lines are (3= + Ze;i).
Hint: In each proof, set equal to zero wi, w2, ws and all strain elements, except for the
one on which attention is focused.

8. (a) Employ the definitions (5) to verify the equations of compatibility (12) and
(13).

(b) Show that (12) and (13) represent exactly six independent relations for all
possible choices of 7,7,k, so that there are six equations of compatibility in all. (By
“all possible choices’ is meant the inclusion of combinations of 7, j, k¥ which violate
the parenthetic inequalities of (12) and (13).)

4. Prove the equality of the second and third members of (17). HinT: Consider
the second member as the sum of two double sums and reverse the indices of sum-
mation in the second of these; use the fact that (3W/3E ) = (W /3Ek;).

b. Obtain an independent proof of the elementary relation (2) on the basis of the
results (32) and (33) derived—without the use of (2)—in 10-2(d).

8, (a) Show that the component of bending moment (arising from a given surface-

force distribution) about the line z; = x;, T3 = x; (arbitrary line parallel to z; axis, if
z, and z; are arbitrary constants) is given, according to the definition (43), by

M, = [[746es = 2) = Tatar — <hlas.
B

Hint: Translate the z, axis so as to coincide with z, = 3, 23 = ;.

(b) Use the result of part (a) to prove the assertion made in 10-4(b) to the effect that
the surface-force distribution (41) on z; = L gives rise to a bending moment PJ, taken
about any axis parallel to the original z axis; J, is defined by (45). Hint: Use (38)
of 10-4(a).

(¢) Similarly prove that the distribution (42) on zz = 0 gives rise to an equal, but
oppositely directed, moment along any such axis. (It is thus shown that the bar of
10-4 is bent by equal and opposite couples applied at the two end faces, as stated in the

text.)
7. (a) From (49), (50), and (51) it follows that
duq _
o Ca. (171)

(In this exercise C,, Cs, Cs, by, b, bs are used to denote arbitrary constants.) In the
manner of achieving (49), (50), (51) use (47) and (48) to derive that

9 (dw) . _E i(a_u_l)=:9_ .‘911)=0
adx, a2 E 3z \ 022 dxs \ 022

and therefore that

ou _ _oP, _
(-9?:; - E Z) Cs. (172)
Derive, with the aid of (171), (172), and (48), that
U = - gg z1%2 + Cazs — Cizz + by, 173)
() Use (47) and (48) to derive
Sus _ _ P _ o (174)

%3 = E
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From (47) and (172) show also that
s _P

3~ B + Cs. (175)

With the aid of (174), (175), and (48) derive the result

P P
up = %Z’ (# — o)) ~ 5=} + Com — Czs + b (176)
(¢) From (171), (174), and (47) derive
ous _ _ o ou _P
i C., 9z o + C,,
and therefore, with the aid of (48), that
Us = %,xzxa + Cizz — Cazy + bs. 77

(d) Substitute the solutions (173), (176), (177) back into the differential equations
(47), (48) and so verify that the constants C;, Cs, Cs, by, bz, bs are mutually independent.

8. (a) Prove that the cross sections z; = constant of the bar of 10-4 remain plane
in the strained state described in that section. HiINT: Use either (47), (48), or the
results of exercise 7 to prove that (9%u;/dz3) = (9%us/dz%) = 0.

(b) For the same bar prove that any line z; = constant, z; = constant is strained
into a parabolic shape whose curvature is oppositely directed from that of the strained
shape of a line z; = constant, z; = constant. HiNT: Use either (47), (48), or the
results of exercise 7 to prove that (9%u./9z2) = (¢P/E); complete by using part («¢) and
comparing with (52).

9. Derive, for the bar of 10-4, the relation

- ar
U2 vy

3232 EJ),,

where M, is given by (44) and J, is defined in (45). (This result, known as the Ber-
noulli-Euler equation, is the usual starting point of the ‘‘engineering theory” of the
bending of thin rods: M, is interpreted as the total bending moment exerted by the
portion of the bar to the right of (z; larger) a given cross section upon the portion of
the bar which lies to the left of (z;: smaller) the cross section. The axis with respect
to which M, is computed (see exercise 6(a)) passes through the centroid of the cross
section and is parallel to the z;, axis. Thus—unlike the case of the bar of 10-4—M,
may be a function of z;.)

10. State and prove the extension to the basic lemma, of 3-1 required for the deriva-
tion of (65) and (66) of 10-5(b)

) KiiQ (UL, U1 iV-o\w

11. Derive the differential equation of motion for the vibrating rod of 10-5 if, in
addition to (56), we take into account the kinetic-energy term

L.,
$pJ ul dr
0
which arises from the rotational motion of the various cross-sectional volume elements;
here p is the mass per unit volume of the rod. ANSWER:

*u % o*u
o8 AN N
ot T Yo T P G am
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12. Derive the equation of motion for the vibrating rod (neglecting the rotational
kinetic energy introduced in exercise 11) for the case in which both (EJ.) and v are

functions of z. (Assume the validity of (58).) ANSWER:

%
Jz? (EJ1 ax") T ar 0.

18. (a) Prove that ¢ = M(z) + N(z) is the solution of (76), with p* written for
(¥\/EJ,), where

L —pM =0, TN =0 (178)
and, further (if p = 0),
=lo4l89),  yolf,_Llde)
(+5@) ¥=3(e-pa) )
Thus derive the general solution of (76):
¢ = A cosh pz + B sinh pz 4 C cos pz + D sin pz, (180)

where A, B, C, D are arbitrary constants.

®) Prove that, if M(0) = M (L) = 0, then M must vanish identicallyin0 < z < L.
Thus use (179) and the second of (178) to prove that the eigenfunctions of the hinged
vibrating bar are identical with those of the uniform vibrating string whose ends are
fixed (see exercise 9(a), Chap. 7). Hint: For the hinged bar, M(0) = M(L) = 0, so
that ¢ = N.

Show, however, that the ratios of successive vibration frequencies of the hinged bar
are different from the corresponding ratios for the string of equal length.

\C) Solve \16} with A = 0 and show that no such solution is an agemuuw on except
in each of the two cases

(i) ¢"(0) = ¢III(0) = ¢H(L) = ¢I/I(L) =0 (bOth ends free),
(i) ¢”(0) = ¢'""(0) = o(L) = ¢"(L) =0 (one end free, the other hinged).

Show that case (i) violates the general rule (exercise 14 below) of no more than one
linearly independent eigenfunction per bar eigenvalue. Use the Schmidt process of
9-6(c) to obtain a pair of orthonormal eigenfunctions corresponding to the eigenvalue
A = 0 for the bar free at both ends. ANsWER (not unique):

¢1=L1% ¢, =2 V3L 3L — 2).

The eigenvalue A = 0 is of no interest in the study of vibration.
14. (@) Fill in the details of the proof of the following theorem:
If p 13 an eigenvalue of the differential equation

ds
=% (181)

with the end-point conditions
#(0) = ¢'(0) = ¢(L) = ¢'(L) =0, (182)

there exists only one linearly independent eigenfunction ¢(x) satisfying both (181) and
(182).
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Suppose that there are two linearly independent functions ¢:1(z) and ¢s(z) which
satisfy (181) and (182). Consider also

Y1(z) = sinh pz, Ya(z) = sin pz,

which satisfy the differential equation (181) but not all of (182). We notice
¥1(0) = ¢2(0) = 0. (183)
We have that there exist constants A,, 4., By, Bs, not all zero, such that
A1¢1(7) + A2¢:(z) + Bi(2) + Baya(z) = 0, (184)

identically; for the wronskian (see 2-8(e))

1 é2 Y1 ¢ I
= ¢’l, (brzl ¢}/ ‘///21
¢l ¢2 ‘l/l 2

¢; ¢;II ‘p;l/ ‘p;ll
may be shown to vanish identically. (Form the derivative (dw/dz) by using the rule
(2-8(d)) for differentiating a determinant, and use the fact that each of ¢1, ¢3, Y1, ¥2
satisfies (181): (dw/dz) = 0, so that w = constant. But w = 0 at z = 0 because of
(183) and (182) as satisfied by ¢, and ¢..) _

Since (184) holds identically, we have, because ¢; and ¢. satisfy (182),

B (0) + Bw,(0) =0, By (L) + Bayy(L) = 0.

But this implies, it is easily shown, either cos pL = cosh pL—an impossibility for
p # 0 (why?)—or

Ww =

B1 = B2 = 0.
Thus, from (184), there exist A; and A, not both zero, such that,
A1¢1(x) + Aspa(z) =0,

identically; that is, ¢, and ¢, are not linearly independent.
(b) Prove the theorem corresponding to that of part (a) for the eigenfunctions of
(181) with each of the following sets of end-point conditions:

@) ¢”(0) = ¢"'(0) = ¢""(L) = ¢'"(L) =0  (p =0)
(ii) $0) =¢"0) =o¢L) =¢"(L) =0
(iii) ¢"(0) = ¢""(0) = (L) =¢"(L) =0
@iv) ¢0) =¢"0) =oL) =¢'(l) =0
v) $""(0) = ¢"'(0) = ¢(L) =¢'L) =0

HinT: For (ii) use the resuit of exercise 13(b) together with the theorem proved in
exercise 3, Chapter 7. For (iv) use ¢, = sinh p(L — z), ¢2 = sin p(L — z).

16. (a) Determine explicitly, to within a multiplicative factor, the eigenfunctions
for the vibrating bar clamped at z = O and z = L. HinT: Use (180) of exercise 13 to
obtain the solution of (181) with the end-point conditions (182).

Show that

¢ = A(cosh px — cos pz) + B(sinh pz — sin pz),
where

sinh pL —sin pL _ cosh pL — cos pL
cosh pL — cos pL. ~ sinh pL +sin pL

4
-z= (185)
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2 2
Each value of pL at which the two curves
intersect is a solution of (186).

Fia. 10-5.

| tanh 3oL ]

10 |

0.5 /\ tang pL
0 1 | } | lpL)

= | | T\2
x  snf 5w ax [ om
4 4 4 4 4
-0.5
el N |

Each value of 1pL at which an intersection
occurs is a solution of (187).

Fia. 10-6.
whence :
cosh pL = sec pL, or sech pL = cos pL. (186)
Show that (186) is equivalent to
tanh? (3pL) = tan? (3pL). (187)

(b) From the graphical solution of (186), Fig. 10-5, ascertain the following relation
involving (p.L), the gth positive solution of (186):
Pl = (2 + Dir — (—1)%¢ (g=123,...) (188)
where
0 <ag < im arDazDas> ..., lim «F = 0.

g—r w

Thus show, with the aid of (187) and its graphical solution, Fig. 10-6, that
tanh (3p.L) = (—1)?tan (3p.L). (189)
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(¢) Show, with the aid of (186), that (185) reads, with p = p,,

[P

|8in pu|
A pL - sin pL
B~ sin pL
{— tan ipL (g = 2,4,6, . . ., whence sin pL > 0),
cot 3pL (¢ = 1,3,5, . . ., whence sin pL < 0),

a8 we find with the aid of (188). Thusshow, with p = p,,

(cosh px — cos pz) sin %‘ — (sinh pz — sin pz) cos 221—'

¢, = C, » (190)

(cosh pz — cos pzx) cos %’ + (sinh pz — sin pz) sin 3211

where C, is constant: The upper form is taken if g is even, the lower if ¢ is odd.
With the aid of (189) bring (190) into the form

sin p(z — 3L) _sinh p(z — 4L)

sog | sniPL sinh 37 (g even) | a9
¢ ?|cosp(z — 3L) _ cosh p(z — L) (¢ 0dd)
cos 3pL cosh 3pL q

with C; constant and p = p,.
(d) Show that

(192)

-~

Sl-

supplies the normalization condition

L,
j; ¢, dz = 1.

(e) Obtain (191), together with (189), ab initio by considering the bar which is
clamped at z = —4L and z = }L. HinT: Use (180), with ¢ = ¢’ = 0atz = —3}L
and z = }L; then shift the origin of z.

16. Evaluate the integral

L ”n
Loy = 0 ¢, b7 dz,
where ¢, is mven by (191) and C by (192). HinT: Wnte bo = Ug — Yy, w‘here

Uy, = —plug, v, = pivg and uy(0) = 94(0), ug(L) = v,(L), u +(0) = v(0), u(L) = v,(L)
because of (182). Use the differential equations to show that

Py L
Ly = — f/‘; (ug + v9) (uy — vy)dx

and, for example,

’ ’
[uq'uq - uq’u’G]g

e ) ete. (@ #¢).
q q

L L
Auquqtdz-—- o vy de =
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ANSWER!
{ 0 (g + ¢’ odd),
Zn2 t L — t L
8p,py (py CO %z:q ‘pq cot 4p.L) (@,¢’ even),
Ly = L¢g = L(py — py)
8p2p% (p, tan dp, L — tan L
PPy (Pa %p‘q f"“ {psL) (@.d 0dd),
L(py — pg)
2 1 1
(Z) Pq Cot 2 pL — P cot? 3 p L (¢ even),

qu =

1
2 pl (g odd).

- (%) pq tan % pL — p} tan?

17. (a) Show that the surface-force distributions (89) on the surfaces zz = L.,
xz2 = 0 of the plate of 10-7 give rise to equal and opposite bending moments of magni-
tude 2P.L,h% about the z, axis. HiNT: Use the definitions (43) of 10-4(b).

(b) Show that the bending moments of part (a), as well as those which arise from
the distributions (89) on z; = L,, ; = 0, are indeed couples. HiInT: See exercise 6
above.

18. Use (90) in conjunction with the definitions (5) of 10-1(c) to derive the results
(91), (92), and (93) of 10-7(¢). HinT: Proceed in the manner of attaining (52) of
10-4(c) from (47) and (48).

19. State and prove the extension of the basic lemma of 3-1 required for the deriva-
tions of (107) of 10-8(b) and the boundary conditions (126) and (127) from (119) of
10-8(d).

20. Prove that the jacobian (1 + nK) given in (111) of 10-8(c) is positive if the
point (n,8) is not separated from C by the evolute (locus of centers of curvature) of
C. (Itisrequired to investigate the geometric factors which determine the sign of K,
defined in (109).) Show that (1 + nK) = 0if (n,s) lies on the evolute.

21. (a) Suppose that the quantity (u., — Ku,) is allowed a jump discontinuity of
magnitude § at a single point of C. Show, by making the appropriate change in (118)
of 10-8(d), that a term + (1 — ¢)508 is introduced into the time integral (but exterior
to the integral along C) of (119); that is, (119) reads

t
ﬁ '[ +(1 — o)ned + /c' (integrand unaltered)ds] dt =0, (193)
1

where 7nois an arbitrary constant in the free-edge problem and zero in the clamped and
simply supported cases.

Show that (193) implies, in the free-edge case, that 5 = 0.

(b) Extend the argument of part (a) to cover the case in which (us»m — Ku,) is
allowed an arbitrary finite number of jump discontinuities along C; that is, show that
(usn — Ku,) must be continuous along C in the free-edge case.

The validity of (118) is thus proved without a prior: assumption of the continuity
of (uswm — Ku,), for in the two cases not covered—clamped and simply supported-
edges—we have n = 0 (and therefore no = 0) along C. (Tacit in the above proof is
the assumption that (u, — Ku,) approaches a finite limit as any point of C is
approached along C from a given direction—that no discontinuities other than jump
discontinuities are allowed, that is. Such other discontinuities are ruled out from
the start, however, by the physical nature of the problem.)

22. Write down the boundary conditions (134) as they read in the following special
cages:
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(a) Circular plate (r < @) clamped. ANSWER: ¢ = 0, (9¢/3r) =0 atr = a.
(b) Rectangular plate (0 Sz <a; 0 =y <b) simply supported. ANSWER:

0 122:/222Y — Nan 2 = NDand » ard =0 (324/322) =0an 2y = 0and 2s = h
¢ = U, \0°¢/0Z%) v Ol w vana o Q, p YV, \C%p,/Y°) von y v ana y .,
Note also that (9%2¢/9y?) =0on £ =0,z = a; and (9%¢/022) =0ony =0,y = b.
Why?

(c) Semicircular plate (r £ ¢; 0 £ 6 <) simply supported. ANswER: Since
= (1/a) onr = gq,

- 79¢ | 9%¢ _ =
¢ =0, aar+6r’ Oonr=a (0 =6 =),
19%¢
¢ =0, ;.‘;572'=00n0=0,9=1r.

(d) Circular plate (r < a) free. ANSWER:

9%¢ _19¢
(Vz‘b) +a ""'),,2;;9 \ 38 ar _Ea—e_) =0]

onr = Qq
192 , 109¢ .. _ f !
(a2602+a6r Vi =0

.12 10 o
where Vip = 73 ( ) + = 299t [9-2(e)].
28. (Compare exercise 13.) (a) Prove that ¢ = M(z,y) + N(z,y) is the solution
of (130), where
viIM — B:M = 0, VIN + BN = 0;

and, further, if 8 0, that

(4> + = V"'¢) N =3 (4> - ,V’¢)-

(b) Prove that, if M = 0 everywhere on the boundary C, it follows that M = 0
identically in D. HinT: Use Green’s formula (23) of 2-13.

(c) Show that, if we deal with a simply supported rectangular plate, we have M = 0
on the boundary and, therefore, ¢ = Nin D. HinT: See exercise 22(b).

Thus show that the eigenfunctions for the rectangular simply supported plate are
identical with those associated with the uniform vibrating membrane of the same size
and shape (see (108) of 9-8, with ¢ = o and 82 = (\o/7)).

(d) Compare the relationship between the various natural vibration frequencies
of the hinged rectangular plate and those of the corresponding rectangular membrane.
Hixt: Use (132) of 10-9(a), (57) of 9-4(a), and (118) of 9-8(b).

24. Use the ‘‘en process’’—essentially the same as that which is employed in 10-8(b),
but with the integral over ¢ suppressed—to prove the isoperimetric character of the
plate eigenvalue-eigenfunction problem, as enunciated in 10-9(b). In particular
derive (137) of that section.

26. (a) We assume the validity of the following expansion theorem: Let ¢®, ¢®,

., ¢, _ . . be the totality of the orthonormal eigenfunctions associated with a
given vibrating-plate problem. Let arbitrary g (z, y) have continuous first
partial derivatives everywhere in the plate domain D; D may be split into a
finite number of subdomains with smooth boundaries such that ge., gev, and gy
are continuous in each subdomain. Then if we write

L

g(z,y) = 2 emd™(z,y)  (em = / [ oi™g dz dy), (194)
D

mem]
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the series converges uniformly to g(z,y) in every subdomain of D in which g(z,y) is
continuous. Further, in every subdomain of D in which a given partial derivative
(first or second order) of g 1s continuous we may form that derivative by term-by-term
differentiation of the series (194); the differentiated series converges uniformly in the
subdomain to the corresponding derivative of g.

(b) Use the orthonormality of the eigenfunctions ¢ to derive the parenthetic
formula for c¢» in (194). (Assume, of course, the validity of the series expansion in
(194).)

(¢) Use the expansion theorem of part (a) above to establish the following expres-
sion for the general solution of the equation of motion (107) of 10-8(b) for the vibrating
plate (if 8¢ = 0 is not an eigenvalue):

u(z,y,t) = 2 (Am cos \/—Dﬂ—" gLt + Bmsin \/—D}‘—" ﬁf,,t) o™ (2,y), (195)

=1
=

where ¢ is the mth eigenfunction of the corresponding eigenvalue-eigenfunction
g iy PR, TV veverms TTon 4L vmndland A8 O 7770\ Loe —eeldlan.dl
piowicii. d11IN1. USC VII© LICVWllVU Ul o=i\Q) D sulsvivuuing
©
W@ = ) en 8™ (@) (196)

m=1

into the hamiltonian integral (100) of 10-8(a); proceed to extremize with respect to
the functions cm(t). A tremendous simplification is effected by first using the
transformation

1 e
/f (UzzUyy — ui.,)d-"; dy = 3 /o [un(uu + Ku,) — ugé (Kus = Uan) ]dsr
D

which is derived in the manner in which (143) of 10-10(a) is achieved. It is readily
seen that the part of the hamiltonian integral embodied in the line integral around
C vanishes on substitution of (196) when we take into account the boundary condi-
tions satisfied on C by the ¢'™ (z,y).

How must (195) be modified if 8¢ = 0 is an eigenvalue?

(d) Use the expansion theorem of part (a) above to establish the minimum charac-
terization of the vibrating-plate eigenvalues enunciated in.10-9(c). HinT: See the
proof of the corresponding theorem for the membrane eigenvalues in 9-9(b). Sim-
plicity is greatly served by employing the form (143) of 10-10(a) for the integral (140)
of 10-9(c).

Take especial note of the point in the proof at which it is essential to require con-
tinuity everywhere in D of the first partial derivatives of the functions ¢ eligible for
each minimization.

26. State and prove a maximum-minimum characterization of the eigenvalue-
eigenfunction problem for a vibrating plate. This characterization bears the same
relationship to the simple minimum characterization of 10-9(c) as does the maximum-
minimum characterization of the membrane eigenvalues (9-11) to their minimum
characterization (9-9).

27. (a) In the membrane problem the functions eligible for the minimization of the
integral I (given by (123) of 9-8(e)) need not have first partial derivatives which are
continuous everywherein D. For the vibrating-plate problem, on the other hand, only
functions whose first partial derivatives are continuous everywkhere in D are eligible
for the minimization of I (given by (140) of 10-9(c)). To what physical difference
between a plate and a membrane does this fact correspond?
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(b) It has never been proved that the eigenfunction corresponding to the lowest
eigenvalue of the clamped-plate problem for arbitrary domain D has no nodal lines
in D. Any attempt at a proof along the lines of the one given in exercise 21{c), Chap. 9
(for the corresponding theorem concerning the first eigenfunction of the general fixed-~
edge-membrane problem), breaks down because of the required continuity everywhere
in D of ¢. and ¢, for the functions ¢ eligible for the minimization in the plate problem.
Demonstrate the occurrence of this breakdown.

28. By the direct substitution ¢ = X(z)Y(y) show that the equation (130) of
10-9(a) for the plate eigenfunctions is not separable (in the sense of the second para-
graph, 9-8(a)) in rectangular coordinates.

29. We consider, in this exercise, a circular plate of radius a; we employ the polar
coordinates (r,8) with origin at the center of the circle, so that r = a is the equation
of the plate boundary.

(a) With the aid of exercise 23(a) and the identity (43) of 9-2(e¢) show that the
solution of V4¢ — B*¢ = 0 which is independeni of 6 is given by

#(r) = H*(r) + H~(r), (197)

where H* and H~ satisfy the differential equations
4 ( dH* D HE =
dr (T dr + pirH* =0,

where upper signs (or lower signs) of the ambiguities ( +) are taken together.
(b) We impose the requirement that ¢ be bounded for r < a—in particular, for
= 0. Show, with the aid of 8-3(c), that (197) becomes

é(r) = AJo(Br) + BJ(i6r) (2 = —-1), (198)

where A and B are arbitrary constants and Jo(z) is the zero-order Bessel function of
the first kind.

(¢) Show that J;(i8r) is a real function since 8 and r are real. HinT: Use (42) of
8-3(c).
Ja(iz) is generally denoted by i7I,(z)—where I, is the so-called modified nth order

Bessel function of the first kind. Thus we may rewrite (198) as

o(r) = AJo(Br) + BI(Br). (199)
Use (182) of 8-7(d) to prove that
Jo@) = —J1(2),  Ii(2) = L), (200)

where the prime () indicates differentiation with respect to the argument of the
function involved.
(d) Show that, if (199) is an eigenfunction of the circular-clamped-plate problem,

we must have

A _©Li(Ba) _ _ 1o(Ba),
B~ 7i(6e) = TulBa) (201
Hint: Use exercise 22(a) together with (200).

The final equation (equality of the second and third members) has for solutions
an infinite unbounded set of positive valuesof Ba. These supply thelist of eigenvalues
for the circularly symmetric (independent of 8) modes of vibration of the clamped
circular plate.!

1 For numerical results involved in the circular-plate problem, see Philip M. Morse,
“Vibration and Sound,’”’ 2d ed., p. 210, McGraw-Hill Book Company, Inc., New York,
1948.
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(e) Write down the equations which correspond to (201) if (199) is an eigenfunction
of (i) the circular-simply-supported-plate problem and (ii) the circular-free-plate
problem.

80. We subject a clamped plate to a nonconservative transverse force per unit
area given by the expression F(z,y,t). (That is, an element of area dx dy experiences
the externally applied force F(z,y,t)dz dy perpendicular to the zy plane.)

(a) Use the extended Hamilton’s principle of 6-7 to show that the equation of
motion of the plate so influenced is

%
Eop t DV = F(z,y,t). (202)

(b) Extend the method of 9-7 to show that the solution of (202), with

% = (du/an) =0on C, is

L
s

u = Z em(t) 6™ (z,y),
m=1
where
. ad,(m)
Vipim — g o™ = 0in D, ¢m = —— =0onC,
and

d%m
# g T BnDocn = _UF(CC,y,t)qS"”’ dz dy.
D

(Each ¢ is normalized in D.)
(c) If the applied transverse-force density is F(z,y)—independent of ¢, that is—
show that the equation of equilibrium for the clamped plate is given by

Dy = F(z,y) in D, withu = — =0on C.

Hint: Apply to (202) the condition of equilibrium—namely, that u is independent of
the time ¢.

(d) Make the required modifications of statement in parts (a), (b), (c) if a simply
supported plate is substituted for the clamped plate.

81. Prove the assertion made in 10-10(b), final paragraph, that 8 < A;. Hinrt:
Use exercise 26 above to develop the same sort of argument as that given in the final
paragraph of 9-13(a).

82. (a) Apply the method developed in 10-10(b) for approximating the eigenvalues
of the square-clamped-plate problem, with s = 2, using

o = (BY (VY (1 2\ (¥}
= \a) o) ! "a) ! ")

\
3 3 2
n QO - -y
a a a a
ANSWER: A; = (1296/a%), A, = (5793 /a*).
(b) In place of the functions employed in part (a) use, with s = 1,

$; = sin? (ﬂ) sin? (ﬁ!)
a a

ANSWER: A, = (1385/a4).



CHAPTER 11
QUANTUM MECHANICS

Of the tremendous body of theory known as quantum (or wave)
mechanics, we consider in the present chapter a narrow segment impinged
upon by the ideas and methods of the calculus of variations as developed
in the preceding sections of this work. Roughly speaking, quantum
mechanics may be described as the mathematical theory developed in
the years following 1925 which has had success in describing accurately
the great bulk of extranuclear atomic phenomena. The exceptions to
this success—the phenomena not correctly described by the present
development of quantum mechanics—although notable in importance,
are few in number.

Historically, the role played in the origins of quantum-mechanical
theory by the calculus of variations is signal. The Schrodinger differ-
ential equation, a cornerstone of the theory, was discovered and first
applied by the man whose name it bears as the result of a problem he
posed calling for the extremization of an integral with respect to an
unknown integrand function. While Schrodinger’s proposal of the prob-
lem was purely arbitrary in its lack of motivation grounded in physical
considerations, it found a posterior: justification through its immediate
success, with suitable interpretation, in describing the radiation spectrum
of the hydrogen atom. Soon after the first discovery of his equation,
however, and again with the aid of the calculus of variations, Schrodinger
was able to provide insight into the physical basis of the new atomic
mechanics and so derive “his’’ equation anew with some degree of a priori
physical justification.

In its present form the science of quantum mechanics is based upon a
set of simply stated postulates leading to results which include the all-
important Schrédinger equation merely as a special case. Nevertheless,
the fact that this equation is derivable from a variational problem makes
available the calculus of variations as a valuable tool for the approximate
solution of many atomic problems. The present chapter treats a few
such problems in addition to offering an exposition of the essence of
Schrédinger’s early work.

In all that follows we avoid consideration of refinements to the ele-
mentary theory which take into account relativistic effects and the influ~

261
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ence of “‘spin’’ (the intrinsic angular momentum of the fundamental
particles of matter).

11-1. First Derivation of the Schrodinger Equation for a Single Particle

(a) In his initial paper! Schrédinger considers the reduced Hamilton-
Jacobi equation (6-5(c)) associated with a single particle of mass m moving
under the influence of an arbitrary force field described by the potential
energy V(z,y,2); the instantaneous position of the particle is denoted by
the cartesian coordinates (z,y,2). According to (38) of 6-5(c), this equa-
tion reads

2m azr / dy \ 9z
s2whara Tl-’ ia tha aanactant +atal anarawr Af tha rnanéinla 2 4 +ha nhanon
WILICLO 44 1D V1T uvullovuvallyv vuuail ULIUISJ Ul UullT Pal LILIC ¥¥Y 1vull Vv1lC U].].allléc
of dependent variable S* = K log y—with K a constant open for experi-

mental determination3—(1) becomes, on multiplication by y?2,

K2[(ay\* | (v | (ov) .
Ignoring the problem of solving (2), Schrodinger instead considers the
volume integral‘ of the left-hand member carried out over all space:

= ([T 4 (Y 1 (Y] + v - Byl dedyae @
Jj\em (\az) T \ay) T \ez) | )

He then poses the question: What differential equation must the func-

tion y satisfy if I*, given by (3), is to be an extremum with respect to

twice-differentiable functions ¥ which vanish at infinity in such fashion

that I* exists? The answer to this question lies in the result of 9-1(b):
We substitute the integrand5

K2 2 2 2 —

! There is available an English transiation of the set of Schrodinger’s first papers -
published under the title ‘“‘Collected Papers on Wave Mechanics,” Blackie & Son,
Ltd., Glasgow, 1928.

2 The significance of the dependent variable S*, of no immediate importance at
this point, is given in 6-5.

3 The reader familiar with quantum theory should soon recognize the identity of K
with the well-known (h/2x).

¢ In this chapter we uniformly omit explicit indication of the limits of integration
whenever a multiple integral is carried out over all space.

5 As in preceding chapters, we employ subscripts to indicate partial differentiation.
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of (3) into the Euler-Lagrange equation (9) of 9-1(b), with w replaced
by ¢y. We thus obtain

K2

or, in abbreviated notation,

Kz
o V¥ + (B = V) =0, 4)

as the differential equation—the so-called Schrodinger equation for a
single particle—which must be satisfied in order that ¢ render (3) an
extremum.

(b) For a given potential-energy function V, solutions ¢ of the Schré-

dinger eqguation (4\ which vanish qnfﬁmonﬂv rnnw“v at 1nﬁn1+v /Fnr the

RILigTa DY URUiIaL

existence of (3)) exist, in general, for only a pr1v11eged dlscrete set of
values of E; that is to say, the solution of (4) under the ‘“boundary”’
condition that (3) exist is an eigenvalue-eigenfunction problem in which
the eigenvalues of E are to be determined. Schrédirger’s early assump-
tion—that, namely, the eigenvalues of E in (4) are the physically realiz-
able values of the total energy of a particle under the influence of the
potential energy V—is maintained in the theory as it stands today.

On the other hand the physical interpretation of the Schrodinger eigen-
functions xlf——the so-called wave functions——was not uniquely assigned in

a Brat a<ra 1ma rmanhani +1. o 4 nmenrnd o4 wrhialh hoo qeran

th 11150 uuyb Ul quauuum ulUblla.ulbD IJJJ.U JJJ.IIUIPICUZ&UIULI wiaicn Nas even-
tually become accepted universally is elucidated in 11-3(c) below.

The fact that E cannot in general be assigned arbitrarily provides an
equivalent, but more useful, extremum problem which leads directly to
(4), as Schrodinger points out in an addendum to his first paper: If we
extremize the integral

r= [ 1B w+u+w+ve|wae %)
with respect to functions ¥ which satisfy the normalization
JIiy*dx dyde = 1, (6)

we are led, according to 9-1(c), directly to (4), provided we denote by E
the undetermined Lagrange multiplier of the problem. Thus the Schré-
dinger eigenvalue-eigenfunction problem is equivalent to the above iso-
perimetric problem—a fact which, following a more precise statement in
11-4(d) below, is applied to the approximate solution of certain atomic
problems.
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(Discussion of the constant K which appears in the Schrédinger equa-
tion is reserved for 11-2(d) below.)

11-2. The Wave Character of a Particle. Second Derivation of the
Schrodinger Equation

Prior to the discovery of the Schrodinger equation, De Broglie had
developed an approach to the theoretical study of the atom which is
based upon what he considered a fictitzous wave character associated with
a material particle. The theory was presented as a physically plausible
basis for certain inherently arbitrary rules of procedure in the older
(1913), narrowly successful, atomic theory of Bohr. Inasmuch as Schro-
dinger’s application of ‘‘his” equation to the hydrogen atom (11-3 below)
yielded the same (experimentally verified) energy levels as the Bohr
theory, he sought to develop a connection between his own work and
the wave theory of De Broglie. He found the desired connection with
the aid of Fermat’s principle (Chap. 5), the principle of least action (6-6),
and the form of classical mechanics embodied in the Hamilton-Jacobi dif-
ferential equation (6-5). The extreme importance of this connection
achieved full recognition with the almost simultaneous establishment of
the physical wave character of electrons through the experiments of
Thomson, Davisson and Germer, and others.

(a) In order to develop the essence of the connection between the
Schrodinger equation and the wave character of material particles we
consider briefly a few aspects of the subject of wave phenomena in general.
For our present purpose we may define a wave as a ‘‘disturbance”
¥ = ¥(z,y,2,{)T which is propagated through space so as to be described
by the equation

2
VI = 5—2‘%’, @)
where u is a positive constant. (In the case of a plane-polarized light
wave, for example, ¥ may represent the associated electric field intensity
as a function of position and time. For a sound wave traveling through
a gaseous medium, ¥ may represent the longitudinal displacement from
equilibrium of the gas particles as a function of position and time, etc.)

An important type of solution of the wave equation (7) is that which
can be written in the form

¥ = Y(z,y,2)e ", (8)
where
et = cos wt — ¢ sin wt (12 = —1) (9)

t As usual, ¢ denotes the time variable.
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and w is a positive constant. Substituting (8) into (7), we obtain
2
AW + w2 v=0 (10)

as the equation which must be satisfied by the position-dependent func-
tion ¢ if (8) is a solution of the wave equation.

(The fact that ¥ is a complex function (of real variables) should not
be disturbing. Each of its real and imaginary parts taken separately is
a solution of the wave equation! (7); either may thus be used to charac-
terize a real physical quantity.)

The equation (10) for ¢ we call the time-independent wave equation.

With the aid of (9) we see that the function ¥ given by (8) is a periodic
function of time with frequency (w/2x). Such a solution of the wave
equation is generally termed monochromatic. A more general solution
may be constructed as a linear superposition (either sum or integral) of
monochromatic solutions involving more than a single frequency.

To simplify the discussion we temporarily limit consideration to the
case in which the disturbance ¥ is a function of only one of the three
space variables—z, for the sake of definiteness. In this case we have
VW = (d*/dx?), so that (10) becomes

d% + w? v =0
dz? = u?
Of this equation we choose the particular solution

where C is an arbitrary constant, real or complex. With (8) we thus
have for a monochromatic solution of (7) which depends on z and ¢ only

. w
¥ = Cooe (p = 2) (11)
u
As stated above, we may employ either the real or the imaginary part of
(11) to represent the physical disturbance which constitutes the wave.

We note the following properties of the disturbance described by (11):

(i) The disturbance is the same at all points lying in any plane
zr = constant; ¥ is thus said to represent a plane wave.

(i) The amplitude (maximum value with respect to time) is the same
at all points of space.

! See end-chapter exercise 1.
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(iii) The value of the disturbance is the same, at any instant ¢, on
anv nair of n]nnpq 2 = constant which are senarated hv the distance

w.-d ) b R3S AN ERANS SN D242 8 8 vasills K20 KU pRl &uTis (e R ng e

(21r/ p) = (2ru/w) or any integral multiple thereof. The quantity
>\ is called the wavelength of the disturbance.

(iv) If an observer moves in the z direction with a velocity such that
(pr — wt) remains constant, the disturbance as seen by him at his posi-
tion is the same at all instants of time; the required velocity—such that
(d/dt) (px — wt) = 0—is clearly (dz/dt) = (w/p) = u. Since u is a con-
stant, it is thus evident that the entire disturbance pattern is propagated
in the positive z direction with velocity 4. The quantity (pz — wt) is
called the phase of the wave; surfaces of constant phase travel in the

.. . . . .
nogitive » direction with veloecitv 21 the so-ecalled nhace velarita Weo non
HVMAVA ¥\ W \ALA VU VAWALA TY AVULL A\ \J‘-VVLVJ W, Vidvw WOV veviivu H"]wuv quvvvuyh Yy w llvu

in passing that the direction of the wave motion is normal to the surfaces

n‘F constant h}\QGD
onsiar

) In (a) above we consider the phase velocity to be constant, the
same at all points of space. To generalize we suppose that u = u(z),
a slowly varying positive function of z in the sense that!

du
dz

w
K2 3= o

With this restriction on the magnitude of (du/dz) it is meaningful to
assign an essentially constant phase velocity v and a corresponding wave-
length A = (2ru/w) = (2r/p) within any region over which the phase
(with ¢ = constant) varies by no more than a small integral multiple of
2r; that is, we may speak of a ‘“‘local’’ phase velocity and of a “local”’
wavelength. The frequency (w/2w) is assumed strictly constant.

A second generalization is to replace the constant C by a slowly vary-
ing function C(z), with the restriction

dc| 1.
Tz < \-Xl,

we may thus also speak of a ‘‘local”” amplitude. Of especial significance
1a the fant that (11\_“71{"}1 (O u and n = (/1) funectiong of »—ig annravic

is the fact that (1 with C, 4, and p = (w/u) functions of z—is approxi-
mately a solution of the wave equation (7) in so far as we may neglect
the derivatives (dC/dx) and (du/dz).

For a final generalization we return to the case in which ¥ (and there-
fore y) may depend upon all three space variables z, y, 2. For this pur-
pose we consider the monochromatic disturbance

¥ = ((z,y,2)el¢Evea—ul (¢ real), (12)

1 The symbol « is read “is small compared with.”
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(iii) The value of the disturbance is the same, at any instant ¢, on
anv nmr of nlanes r = constant which are senarated hv the distance
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= (21r/p) (2ru/w) or any integral multiple thereof. The quantity
>\ is called the wavelength of the disturbance.

(iv) If an observer moves in the z direction with a velocity such that
(pr — wt) remains constant, the disturbance as seen by him at his posi-
tion is the same at all instants of time; the required velocity—such that
(d/dt) (px — wt) = 0—is clearly (dz/dt) = (w/p) = u. Since u is a con-
stant, it is thus evident that the entire disturbance pattern is propagated
in the positive z direction with velocity u. The quantity (pz — wi) is
called the phase of the wave; surfaces of constant phase travel in the
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in passing that the direction of the wave motion is normal to the surfaces

n‘F constant nhago
ARMI VLU r’ ACANIL o

(b) In (a) above we consider the phase velocity to be constant, the
same at all points of space. To generalize we suppose that u = u(z),
a slowly varying positive function of z in the sense that!

du
dz

w
&2 3= 2

With this restriction on the magnitude of (du/dz) it is meaningful to
assign an essentially constant phase velocity u and a corresponding wave-
length A = (2ru/w) = (2r/p) within any region over which the phase
(with ¢ = constant) varies by no more than a small integral multiple of
2r; that is, we may speak of a ‘“‘local’’ phase velocity and of a ‘“local”
wavelength. The frequency (w/27) is assumed strictly constant.

A second generalization is to replace the constant C' by a slowly vary-
ing function C(z), with the restriction

dc| _|C).
9 « H

we may thus also speak of a ‘“‘local’’ amplitude. Of especial signiﬁcance
iathe fart that (11\__“11{"}1 (O u andn = (/\/'M\ fiunetiong of »—ig annravio

is the fact that (11)—with C, u, and p = («/u) functions of z—is approxi-
mately a solution of the wave equation (7) in so far as we may neglect
the derivatives (dC/dx) and (du/dz).

For a final generalization we return to the case in which ¥ (and there-
fore ¢) may depend upon all three space variables z, y, z. For this pur-
pose we consider the monochromatic disturbance

¥ = C(z,y,2)ele@v.a—ull (¢ real), (12)

1 The symbol X is read ““is small compared with.”



§11-2] QUANTUM MECHANICS 267

in which C and the first partial derivatives of ¢ are slowly varying func-
tions of position; i.e., the relative variations of C, (d¢/9z), (8¢/dy),
(8¢/92) are all small in any region over which the phase [¢(z,y,2) — wit]—
with ¢ = constant—varies by no more than a small integral multiple of
2x. We maintain the strict constancy of the frequency (w/2r).

We observe, by direct substitution, that (12) is an approximate solu-
tion of the wave equation (7) in so far as we may neglect the first partial
derivatives of C and the second partial derivatives of ¢—provided that!

o w

U=V (@6/37)% + (96/9Y)% + (09/02)2 (13)

V (06/9z)* + (0¢/0y)* + (0¢/02)*  |v¢
T}'Ie d;"th.O I\F ‘ifa‘yﬂ mof;l\h at Dl’\‘r mnN + h ¥~} QG“Q{" (o K~} + ﬂ+ {\p "kﬂ
A’ AL .y Vi vy YU 1Ak vViwviir P J.V Fy{s] \A\.ll AAUA o viiguv vl viiv
normal to the surface of constan phase (w1th ¢ = constant) through the
n+ +hao aon nf rhaan Tar +ha dia rhanan 19 thawra_
PUI.I.I.U’ 111 \JuU DUIIDU vi I.LLUL UaDLLLs yuan:c 4 UL ch ulDUul Meviivue \LH}, VAAUL T

fore, the direction of wave motion is clearly in the direction of the gradi-
ent? of p—namely, V¢. For an observer to travel in the direction of the
wave motion so that the phase as seen by him at his position remains
constant (along a curved path, in general), his velocity—of which the
three components are (dz/dt), (dy/dt), (dz/dt)—must be such that

d, . _9¢dz | d¢dy , d¢dz _
dt (¢ —ot) = oz dt T3y dy dt % zadt ¢ T 0. (14)

The first three terms of the middle member of (14) constitute the scalar
product® of V¢ and the observer’s velocity; since this velocity has the
same direction as V¢, the scalar product must be equal to its magnitude
(ds/dt) multiplied by the magnitude of V¢. That is, (14) gives

ds w

a = Vel =

Comparison of (15) with (13) demonstrates the equivalence of u with
(ds/dt), the speed with which a point of a given surface of constant phase

travels in the direction of the wave motion. We thus conclude that
® = ulz.y.2) also plays the role of a local nhage velocit the general

WA Y] wasD Liai paaastc A>3 30 L2 § vl poatiad

case represented by (12).

Under the assumption of an essentially constant |V¢| made here, we
may, as in the preceding case, define a local wavelength by means of the
relation A = (2ru/w) first introduced in (iii) of (a) above. Thus, accord-

18ee 2-12 for the definition of V4.

1 The direction of V4 at any point (see 2-12(a)) is normal to the surface ¢ = constant
through the point, in the sense of increasing ¢.

3 See 2-12(b).
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ing to (13), we have

D

T NV (@6/02)F T (306/0Y)" + (96/02)%

It is directly verified that A, so defined, is the distance between surfaces
¢ = constant for which the difference of phase in (12) is equal to 2r (with
t = constant).

The results of the preceding paragraphs are of use in the derivation of
the Schrodinger equation which follows.

(c¢) The discovery and development of a new mechanical theory which
would be applicable to the atom was made necessary in the first quarter
of the twentieth century by the failure of classical mechanics to provide

a description of atomic phenomena consistent with the tremendous body
of experimental results which had been compiled. Classical mechanics,

(16)

completely successful in the description of macroscopic events, broke
down in the attempt to apply it to phenomena occurring within the con-
fines of atomic dimensions.

This fact calls to mind the analogous failure of geometrical optics:
While it is completely adequate so long as one deals with large-scale
optical phenomena, geometrical optics fails to describe the behavior of
light in the presence of apertures or obstacles whose linear dimensions
are comparable with the wavelengths of light. That is, the phenomenon
of the diffraction of light is not at all comprehensible within the frame-
work of geometrical optics. In order to describe and understand dif-
fraction one must appeal to the wave theory of light, which, in essence,
has its mathematical formulation in the wave equations (7) and (10) of
(a) above.

Schrodinger, in one of his early papers, projects the idea of the possible
need for a wave theory of mechanics to describe the submicroscopic realm
of phenomena in which classical mechanics has broken down. In the
development of this idea he sets forth the following double analogy: The
relationship of geometrical optics to classical mechanics is the same as
that of wave optics to the required “wave mechanics.” In mathematical
terms the analogy is set in the form: Fermat’s principie (Chap. 5) bears
the same relation to the least-action principle (6-6) as does the time-
independent wave equation (10) for light to the required ‘‘time-independ-
ent wave equation for mechanics.”

The development of Schrodinger’s double analogy toward the dis-
covery of a time-independent wave equation for mechanics runs essen—
tially as follows:

. Fermat’s principle, according to 5-2, requires the extremization of the
Integral
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L= & a7

with respect to paths connecting two given fixed points. Here
u = u(z,y,z) is the local phase velocity of the light—the quantity which
also appears in the wave equations (7) and (10). According to 6-6(c)
the least-action principle, applied to a single particle of mass m, requires
the extremization of

I=+/m ["E=Vds (18)

with respect to paths connecting two given fixed points. Here E is the
actual constant total energy, and V = V(z,y,2) is the potential energy of
the particle. Thus we may effect the analogy between the optical and
mechanical principles by ‘“‘assigning’’ to the motion«f the particle a local
phase velocity which is, according to (17) and (18), inversely propor-
tional to A/E — V. With Schrédinger, therefore, we define the particle
phase velocity as

-4 19
CTVESTVY a9

where A is a constant whose determination is made directly.
If the phase associated with the particle motion is denoted by (¢ — wt),
it follows from (13) and (19) that ¢ must satisfy the partial differential

equation
_31’2_1_ 922+ 992=32—(E—V) (20)
dz dy dz A? )
Equation (20), we notice, is identical in form with the reduced Hamilton-
Jacobi equation (1) of 11-1(a). This fact makes natural the assumption

that
¢ = K,S*, (21)

from which it follows, according to (1) and (20), that

O 2 e S

:71—2 = 2mK3, (22)
here K, is a constant whose determination is left to experiment.!

The Schrodinger double analogy is completed by substituting into the

time-independent wave equation (10) the phase velocity given by (19),
1 The effect of the relation (22) is merely to replace, in the work following, one

undetermined constant (4) by another (K:). The reason for this replacement is
subsequent convenience; K turns out to be an easily identified universal constant.
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together with (22): We obtain

Ul 4 OmK2E — T\ = 0 (99)
VY O M\ v )Y v \«@v)

as the required time-independent wave equation associated with the
motion of a particle of mass m, having total constant energy E and
moving in a field of force described by the potential-energy function
V = V(z,y,2).

By identifying the constant K; with the reciprocal of the constant K
introduced in 11-1(a), we indeed observe the identity of the particle wave
equation (23) with the Schrodinger equation (4), derived independently in
11-1(a). (For reference below we record the equivalence

1\
Ki=%) (24)

The success of the Schrodinger equation in the description of atomic
phenomena thus justifies the optical-mechanical double analogy set forth
by Schrédinger as well as the wave concept of matter first conceived by
De Broglie and further developed by Schréodinger along the lines indi-
cated in the foregoing paragraphs.

It is to be kept in mind that the above derivation of the Schrédinger
equation based upon the analogy of optics with mechanics is purely heu-
ristic, by no means rigorous. In particular it is assumed throughout that
the first partial derivatives of the function ¢(z,y,z) are slowly varying
functions of position; yet no such assumption underlies the validity of
the Schrodinger equation in its application to specific atomic problems.
The merit of the Schrodinger equation resides in its description of atomic
phenomena consistent with the results of experiment and not upon any
particular method of its derivation.

(d) The experiments of Thomson, Davisson and Germer, and others
on the diffraction of electrons, executed more or less simultaneously with
Schrodinger’s early research in quantum mechanics, provide a justifica-
tion of the line of argument of (¢) above even more direct and more
striking than the stated success of the Schrédinger equation. The wave
character of material particles manifested in these electron-diffraction
experiments made necessary the assignment of a numerical wavelength
to an electron moving with given speed. From (16) of (b) above, together
with (20), (22), and (24) of (c), we have

2rK
A= = K, (25)
\V2m(E — V) my
where v is the ““classical’’ speed of the particle under consideration.!
1 According to 6-6(c) we have (B — V) = 3mv? whence the final form of (25).
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The equation (25), derived first by De Broglie on an entirely different
basis, is precisely the relationship between wavelength and speed required
by the results of the electron-difiraction experiments! The consequent
experimental determination of the constant 2xK shows it to be identical
with the Planck constant of action (usually denoted by ‘“A’’), a universal
constant which made its first appearance (1900) in the Planck theory of
black-body radiation! and soon after (1905) appeared as a fundamental
quantity in the Einstein theory of the photoelectric effect (see (¢) below).
The validity of (25) as applied to atomic and subatomic particles (in
addition to electrons) and even to molecules is well established by
experiment.

(e) A direct extension of the portion of the argument of (c) above
which employs the reduced Hamilton-Jacobi differential equation leads
to the assignment of a specific value to the frequency (w/2r) associated
with the motion of a material particle. Following the success of the
assumption (21)—namely, that the space-dependent term ¢ of the phase
(¢ — wi) is proportional to the solution S* of the reduced Hamilton-
Jacobi equation—it appears natural to assume the phase itself to be pro-
portional to the solution S of the full (time-dependent) Hamilton-Jacobi
equation (33) of 6-5(a), with the same constant of proportionality.
According to (36) of 6-5(b) we have S = S* — Et, so that the stated
assumption reads

¢ — wl = K1(S* - Et),
whence, because of (21) and (24),
E = Ko. (26)

The relation (26) is identical with the Einstein equation (1905) relating
the frequency (w/27) of a light wave to the energy E of each associated
light corpuscle (photon). Since the frequency, unlike the wavelength A,
associated with the motion of a particle cannot be measured directly,
there is no direct experimental verification of (26). The validity of (26)
is intimately connected with the validity of quantum mechanics as a
whole, on purely theoretical grounds, however.

11-3. The Hydrogen Atom. Physical Interpretation of the Schrédinger
Wave Functions

(a) In applying the Schrodinger method to a system consisting of a
fixed atomic nucleus and a single electron (of which the hydrogen atom
is an example), we limit ourselves to the derivation of only those solu-
tions which possess spherical symmetry. That is, we use spherical coordi-

1 See exercise 25(f), Chap. 9.
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1 See exercise 25(f), Chap. 9.
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nates (r,0,¢) and seek only those wave functions ¢ which are independent
of the angles 6 and ¢. An analysis more complete than ours shows that
the lowest energy state—the so-called ground, or normal, state, in which
our interest mainly lies—possesses this symmetry, so that we do not miss
consideration of it through the restriction

¥ = ¥(r). (27)

We start here with the extremization problem rather than with the
Schrodinger differential equation to which it leads. That is, we seek to
extremize the integral (3) of 11-1(a)—with the appropriate potential-
energy function V inserted—with respect to functions of the form (27).
For this purpose we employ the three identities (27) of 9-2(c), with w = ¢;

squaring and adding, we obtain
/ 7\ 2

VIRt yt = g—;ﬂ) (28)
since, according to (27), ¥s = ¢, = 0.

If the magnitude of the fundamental electronic charge measured in
electrostatic units is denoted by ¢, and if the charge on the atomic nucleus
under consideration is Ze, the potential energy of an electron moving
under the influence of this nucleus is

2
V=— Z—: (29)

where r is the distance from the nucleus (considered fixed in position)
to the electron; both are considered as point charges. With (28) and
(29) the 1ntegral (3) of 11-1(a) becomes

O A TN 11 e e P,

(In accordance with (26) of 9-2(c) the jacobian of the transformation
from cartesian to spherical coordinates is r? sin 6, so that dz dy dz in (3)
is replaced by 72 sin 6 d6 d¢ dr in (30).) Since ¢ is a function of r alone,
integration over the angle variables in (30) is carried out directly:

I* = 4r [) ) [ (Zf) (%f_z + E) w] r? dr. @31)

We seek the functions y which extremize I'*.
We introduce into (31) the new independent variable

r

¢ = 7 (32)
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where a is a positive constant whose value we determine directly. Fur-
ther, we introduce the auxiliary constants

2ma?E 2maZe?
«="22 and B =TS (33)
so that, with (32), equation (31) becomes
2rK? ®
I* = 7l'm a/(; [Swlg _ (BE + agz)wz]ds’ (34)

where the prime (’) indicates differentiation with respect to £.
The possibility of bringing (34) into the form exhibited by (35) of
8-3(b) suggests the substitution

¥ = Qe ¥ (35)
whereby (34) becomes

[+ = i /0 et [?Q'” —- £QQ' - [(a - i—) g+ BE] Qzl t

m

= 27'-71;% [)w {e—f £2Q" — et [(a + 71) £+ (B — 1)5] Q?

(Q*¢%Y) ] d¢  (36)

DO =t
s

o0

_ 27K

ST

cefr-[(«c+Dere-nlefas e

J A < 7

[

since the integral of the final term of (36)—namely, %ng%*] 0”——must

vanish in order to ensure the existence of I*.

Comparison of (37) with (35) of 8-3(b), with £ = 1, makes evident the
convenience served by giving to the constant a that value for which
a = —i—or, according to the first of (33),

K
a = ‘\—/—_—8*:1—;172 (38)

Thus, according to the second of (33), the problem of determining the
eigenvalues of E is reduced to that of determining the eigenvalues of 8,
with the correspondence

mZ 2t

E=—mé7

(39)
as we find with the aid of (38). (The fact of restricting the eigenvalues
of E" to negative values only by choosing a < 0 is justified by physical
considerations: The energy levels of an electron “bound” to a nucleus
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must be negative, since a positive amount of work is required to remove
the electron to a position of rest infinitely far from the uucleus—in which
state its energy is zero.) With the choice a = —% the integral (37)
becomes

1= 2K [ g — - e (40)
0

Reference to 8-3(b) reveals that for nonnegative integer values of
(8 — 1) there exist extremizing functions @ for which the integral I'*
exists; z.e., we have for the eigenvalues of g8

B=n=123, .... (41)
The corresponding eigenfunctions are, according to 8-3(b),
Q=Qu=0Cul:2i() (=123 .., (42)
where L, (£) is the Laguerre polynomial given explicitly by

L) =2 = L7 ) m=123,..); @3
n—1 _(n——l)!Sdf"‘l n = 1,40, . . .); (

C, is determined in accordance with the requirement of normalization

1= L”ﬁ’"ﬁ)’ Yirtsin 0d8de dr = 4r [” yirtdr = 4ra? [0“’ V2 dE
= 4ra® [ " Qe dt = 4ra’Ch [T L, (18 k. (44)

With the aid of (43) we evaluate! the final integral and so obtain

1

C“ = ee—_—_—
/ 8rniad

(45)
We note, further, that the constant a depends upon E, according to

(38), and therefore upon the index n, according to (39) and (41); that is,

we have
Kn

a = Qqap = m (46)

Finally, we have for the normalized eigenfunctions which depend ouly
on r, according to (32), (35), (42), (45), and (46),
1

Yo = —m—

- r Kn
\/§1rn2a3 e Loy (E;.) (a” = 2mZez), (47)

1 See end-chapter exercise 3.
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forn=1,2,83,.... The corresponding energy levels are, according
to (39) and (41),
mZ 2

Bn = = ogmy

(48)

In particular we have for the lowest energy state (n = 1)—the ground
state—of the system consisting of a fixcd nucleus and a single electron

= 1 —52_1 (Y = e 2 = __Kz
Y1 = \/%‘,{e L (a1> = Ve a = 5o (49)
(as we find with the aid of (43), with n = 1) and

mZet

Byv= =~ Sgr

(50)

(b) Consideration of possible 6 and ¢ dependence of the wave func-
tions yields the same set of energy levels as the set given by (48). The
ground state is nondegenerate; ¢.e., there is but a single eigenfunction—
namely, (49)—which corresponds to the lowest energy eigenvalue given
by (50). The higher energy levels are all degenerate, with 6- and
¢-dependent eigenfunctions, in addition to the spherically symmetric
function (47), arising for each value of # = 2. (In the sections follow-
ing—in particular, in 11-5(a)—we have occasion to use only the eigen-
function (49) for the ground state.)

The energy levels /AR\ are preciselv those given by the old Rohr t vnr

4220 TATipm) WOV \TO,) Qi T paUlastily VIAUST pavVeil vialh VaAlL A 2UaA

(1913) and are found to agree with the levels obtamed by experlment
upon hydrogen atoms (Z = 1) and singly ionized helium atoms (Z = 2)
to within the refined corrections which are accounted for by considering
the intrinsic angular momenta (spin) and magnetic moments of the elec-
tron and nucleus. (If, instead of assuming the nucleus to be at rest, we
take into account its translational motion, the mass m must be replaced
by the so-called reduced mass u = [mM/(m + M)], where M is the
nuclear mass, in all the results of (a) above. Since for hydrogen the
ratio (m/M) is (1/1837) and is about one-fourth as large for helium, the

watin [fan _I AN /AA1 Af ann i4a nlaan +n 11mitvre tha Aiffarannn
iaviv l\"'/ -T- iWd }/ 4L | UL I UU 'J; 1S qul\lc VIUDT VU Ulilvyy ViU UllIiT1TlLIVe

between m and u is sufficiently large, however, to be detectable in meas-
urements of the energy levels of hydrogen and singly ionized helium
atoms through the determination of spectral frequencies.?)

(c) While the meaning of the eigenvalues of £ was understood immedi-
ately on the first application of the Schrodinger equation, it was, for some
time after, uncertain what physical interpretation should be assigned to
the corresponding eigenfunctions. The interpretation of the wave func-

1 See exercise 7 at the end of this chapter
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tions whose eventual universal acceptance has been completely justified,
because of theoretical consistency as well as through successful compari-
son with experiment, reads as follows:

We suppose ¢ = ¥(z,y,2) to be an eigenfunction, corresponding to a
particular eigenvalue of E, of the Schrodinger equation involving a given
potential-energy function V = V(z,y,2). The quantityf y? a function
of position, is interpreted as the position probability-density function of
the particle whose potential energy is V; that is to say, if we seek to
locate the given particle within a volume element dxr dy dz at the point
(z,y,2), the probability of our finding it there is given by y? dz dy d=.
The probability of our locating the particle within a given region of space
having extended dimensions is, accordingly, the volume integral of
the function y? carried out over the given region. In particular the

ormalization

[ffy?*dxdydz = 1

takes on special significance:! The probability of locating the particle
somewhere in space is unity; the particle is assumed to exist, that is.

We note two salient features which distinguish quantum mechanics
from the classical mechanics studied in Chap. 6:

(1) In classical mechanics a conservative motion may have associated
with it any value of the total energy greater than the absolute minimum
of the potential-energy function. By continuously varying the initial
conditions of a given problem, it is possible to obtain a continuous vari-
ation of the total energy associated with the problem. In quantum
mechanics, on the other hand, we find problems in which the total energy
is confined to sets of discrete values—the eigenvalues of the parameter £
in the corresponding Schrodinger equation. In such cases the energy is
said to be quantized.

(ii) The solution of a problem in classical mechanics consists of a
detailed description of the motion of the particles of the system involved;
i.e., the solution gives the position and velocity of each particle for all
instants of time once the initial positions and velocities are prescribed.

Tn ntian $1ivn manhaning hAwav nw aiieh dagorintian 1a nacaithla AN
411 \iuau vulil 1116\411&111\45 llU Yy U A A2 ) llU SUuvli uctoulipy ULUIL 10 PURSIVIT. 4LAil

that one obtains in a solution to a problem is the relative probability of
the existence of various position configurations? of a given system.

1 In a more complete study of quantum mechanics than the present one the admissi-
bility of complex eigenfunctions y is generally shown to be necessary. If y is complex,
the quantity |¢|?is employed as the position probability-density function inasmuch as
¥?is not restricted to real nonnegative values. If y isreal, we of course have |¢|? = ¢2

! The integral is carried out over all space.

? A more extensive development than the present one affords a velocity, or momen-
tum, probability distribution as well.
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The fundamental physical ideas underlying the above features which
Jictingriich auantum mechanics from classical mechanics are embodied in

ulbhlllsuxpu b Al A i Gt it b deen it adadainb d el nnindatebatennb dedh s A A bl

the so-called principle of indeterminacy, or uncertainty principle. This
principle takes into account the fact that the experimental determination
of the position or velocity of a particle involves a disturbance of the
particle’s motion by the agency of measurement and that this disturb-
ance is necessarily indeterminate in both magnitude and direction. The
degree of indeterminacy is negligible when one deals with large-scale
events; but when the objects of measurement are atomic or subatomic in
size, the indeterminacy assumes full significance. Accordingly, since
one cannot determine, by experiment, the precise location and velocity

af an atamic ar qnhof m1n norf*ln]o 1+ lo 1~n a certa in gangs Mmoa ﬂlY\ﬂ‘]DDQ to
vl au auvxxx;u va UG UVILLILY PJOVe ULUAT, & Cerialnl seinse megnl SAVOD VYV

speak of its precise location or velocity; one should treat only of the

MMI\;\I’I;\ 7’)"/” A‘Q""‘}\]“"nn n‘f 1+a lnhnfinn nr I\; l"(‘ !rnlnrnf\r nI'lD“"]"m
provaviviey Luriocuv ivs a0C0quilIl O Ol 1us VCiIOCILvY. gUuallvuin

mechanics supplies only such information as is verifiable by experiment,
and so avoids such ‘“meaningless’’ concepts as orbits, position as a func-
tion of time, etc.?

11-4. Extension to Systems of Particles. Minimum Character of the
Energy Eigenvalues

(a) Extension of the Schrodinger theory to a system of s particles may
be carried out in the manner in which the Schrodinger equation for a
single particle is derived in 11-1(a). In place of (1) of that section we
consider the reduced Hamilton-Jacobi equation for a system of s particles,
whereby the simple trio of terms

(%)« (5) + (%)

in (1) is replaced by the sum

X 1 [/a8*\* aS*\? 9S* 2]

=1

where z;, y;, 2; are the cartesian position coordinates and m; is the mass
of the jth particle. The potential-energy function V—which depends,
in general, upon the 3s coordinate variables—describes the system of
forces which influence the motion of the particles of the system.

! For amplification of this necessarily brief discussion of the principle of indeter-
minacy the reader is referred to the abundant literature on modern atomic mechsnics.
See, for example, Max Born, ‘“Atomic Physics,” pp. 85-90, Hafner Pub. Co., New
York, 1936.
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The procedure of 11-1(a) is followed! until we arrive at the 3s-tuple
integral carried out over the infinite range of each of the coordinate
variables:

S NI CREOR ()]

+(V — E)w} H dz; dy, dz;.  (51)

i=1

The extremization of (51) leads to the Schrodinger equation for the given
system of s particles—namely,

L L (B _ TN\ — 0 17-5)
om; iV T vy = U, (9<)
j=1
where we write
62¢ 621[/ ¢ .
VW= Tt G=12 .9, (53)
) 7

(The derivation of (52) is left for exercise 4(b) at the end of this chapter.)

As with the single-particle equation (4), the solution of (52) presents
an eigenvalue-eigenfunction problem: Any value of £ for which there is a
solution ¢ such that the integral (51) exists is an eigenvalue of E; the
solution ¥ is the corr esponumg agei‘uuubmuu

(b) The physical interpretation of the eigenvalues of E in (52) is
identical with the interpretation in the single-particle case: The eigen-
values of E are the physically realizable values of the total energy of the
system under the influence of the potential energy V.

Similarly, the physical interpretation of the eigenfunctions of (52) as
applied to a many-particle atomic problem is a direct generalization of
the interpretation of the single-particle wave functions which is presented

in 11-3(c): The quantityt ¢ H dz; dy; dz; is the probability of simultane-
i=1
ous location of the first particle of the system within the volume element
dz, dy: dz, at the point (r1,y1,21), the second within the element dz, dy, dz.
at (r2,Ys2,22), . . . , the sth within the element dz, dy, dz, at (x;,9,,2,). Or
if we wish to regard the position configuration of the entire system as
described by the 3s coordinates of a single point in a space of 3s dimen-
1 The details are left for end-chapter exercise 4(a).

t See footnote, p. 276: If y is complex, we must replace ¥2 by |¢|? as the position
probability-density function.
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8
sions, we have the equivalent statement that y? H dz; dy; dz;j is the prob-
i=1
ability of the system’s location within the (3s-dimensional) volume ele-

8
ment, H dzx; dy; dz; at the point (x1,y1,21,Z2,Y2,22, . . . ,Z5,Ys2s). OSince it
i=1
is assumed that the s particles of the given system are located somewhere
in space—or, in the equivalent description, that the single point describing
the position configuration of the system is located somewhere in the space
of 3s dimensions—we must require the normalization

jj . j v? [[ da; dy; dz; = 1. (54)
i=1
(¢) We consider briefly the special case in which the potential-energy
function ¥V which describes the forces influencing the motion of a system
of s particles can be written as a sum of terms each of which involves the
coordinates of only one particle. That is, we deal with potential-energy
functions of the special form

V= Vilea): (55)
i=1
If V has the form (55), the many-particle Schrodinger equation (52)
possesses solutions which are products of functions each of which involves
the coordinates of only one particle—namely,

v =[] ¥ @u2). (56)
i=1

For if we substitute (56) together with (55) into (52), we obtain—on
noting from (53) that Viy = (y/¢®)vi¢y® and on dividing through by y—

- K2 92y
2 [2—7; ;p‘fﬁ - VJ-} L E=0. (57)

1=1

We transpose to the right-hand member a single term—the kth, say—
of the sum over j in (57):

z {K2 Ve V,-] L E= - {KZ Vil _ V,,}. (58)

2m; @ Ome ¢®

(The prime of 2’ indicates omission of the term j = k.) Since the right-
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hand member depends only on the independent variables zx, yx, 2, and
since the left is independent of these variables, we conclude that each
member is a constant, which we denote by E®. Since this result is

independent of the choice of k, it must be true forallj =12, . . ., s:
K? vy
- {.2% ://(i) - V,.’ = B, (59)
or
K

X UNO + (BO - VO =0 (=12 ...,9. (60

Moreover, by substituting (59) into (57), we conclude that
E = E EW®, (61)
J=1

We thus have the special result: If V exhibits the form (55), the many-
particle Schrédinger equation (52) possesses solutions which may be
written as a product of factors ¢ (x;,y;,2;), where each ¢ is a solution
of a single-particle Schrodinger equation (60), for j =1, 2, . . ., s
According to (61) the corresponding energy eigenvalue of the many-
particle equation is the sum of the energy eigenvalues of the s single-
particle equations (60). In particular if an eigenvalue of E in (52) is
nondegenerate, such a product solution is the eigenfunction,® if (565) gives
the form of V.

(d) It is shown in 11-1(b) that the single-particle Schrodinger eigen-
value-eigenfunction problem is equivalent to a certain isoperimetric prob-
lem. In similar fashion it may? likewise be shown that the many-particle
Schrodinger problem may be so characterized. Namely, the extremiza-
tion of (51) of (a) above is equivalent to the extremization of

-l SR () ()]

Jjm=1
]

1 TT
+ V¢2i ll dx,- dy; de (62)
i=1

with respect to functions ¢ which satisfy the normalization condition

[f .. [q,z [] dz; dy; dz; = 1. (63)

i=1

1 Explicit justification of this final statement is left for end-chapter exercise 8.
1 See end-chapter exercise 4(c).
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Moreover, the successive eigenvalues of E, arranged in the ascending

Vi AT s

EISEz_S_- tott _S_En_s.:Ewlé )

are the successive minima of (62) in the following sense: The nth eigen-
value E, is the minimum of (62) with respect to sufficiently regular funec-
tions ¢ which satisfy (63) along with the (» — 1) orthogonality conditions

//"‘fWkﬁdxjdyidzi=0 k=12 ...,n—1),

J=1

where i is the eigenfunction of the problem corresponding to the eigen-
value E;. Discussion of the proof of this assertion is reserved for exercise
6 at the end of this chapter.

Application of the minimum characterization of the Schrodinger energy
eigenvalues is found in 11-5 below. We omit discussion of a maximum-
minimum characterization such as that which appears in 9-11(a) in rela-
tion to the membrane eigenvalues.

11-6. Ritz Method : Ground State of the Helium Atom. Hartree Model
of the Many-electron Atom

(a) To illustrate the approximate solution of a quantum-mechanical
problem through the direct minimization of the integral (62) of 11-4(d)
we consider the problem of finding the lowest energy eigenvalue for the
helium atom. Asin the one-electron problem of 11-3(a), we suppose the
nucleus to be in fixed position at the origin of coordinates; the two elec-
tron positions are described by the sets of cartesian coordinate variables
(1,y1,21) and (zs,y2,22), respectively. The potential energy is given by

V=Vi+ Vit Vi (64)
where
2 2
Vi= =2 (=12, Ve=5 (65)
r; T12
with
=tttz  (G=12) (66)
and
rie = /(s — )2 + (¥ — y1)® + (22 — 21)% (67)

The term V; of (64) represents the interaction between the nucleus and
the jth electron (j = 1,2); the term V1, represents the interaction between
the two electrons. The quantity e is the fundamental electronic charge,
as introduced in 11-3(a).

In place of the Schrodinger problem defined by the relations (64) to



282 CALCULUS OF VARIATIONS [§11-5
(67) we consider temporarily the problem in which (65) is replaced by

Ze?
]

Vi = (G =12), Vi = 0; (68)

i.e., we suppose no interaction between the electrons and leave unspeci-
fied the electric charge (Z¢) on the nucleus. In this problem the result
of 11-4(c) is applicable, so that we may obtain a solution of the form

‘# = ‘/’(l) (31,y1,21)1ﬁ(2)(xz,y2,22), (69)

where y@ is the solution of a Schrédinger problem involving the coordi-
nates (z;,¥;,%;) only, for each of j = 1,2. According to (60) of 11-4(c), y@
is an eigenfunction of the equation

2 2
%V}W -+ (E'(i) + Zr—j> ,p(i) =0 (] = 1’2)’ (70)
with the aid of (64) and (68), and since m; = ma = m, the electronic mass.

Careful reference to the work of 11-3(a) reveals that each of the
‘““separated’’ problems embodied in (70) is equivalent to the problem
handled in 11-3(a)—with (z,y,2,r) replaced by (z1,y1,21,71) In one case
and with (z,y,2,r) replaced by (xs,y2,22,r2) in the other. The eigenfunc-
tion corresponding to the lowest energy eigenvalue of the problem is given,
accordingly, by (69) and

e—(rif2a1) K?

YD = G = 1,2), 01 = 5oy (71)

8rad
as we find from (49) of 11-3(a). Also, from (50) of 11-3(a), we have

mZ %t

E® = B1 = — —or

(=12 (72)

for the lowest eigenvalue of (70), and thus corresponding to the eigen-
function (71). We note, in passing, that the eigenfunction (71) is normal-
ized—namely!

[P dajdyide; =1 (§ = L12). (73)

(b) Returning to the Schrodinger problem defined by (64) to (67), we
substitute the product function (69) into the integral

1 8ee end-chapter exercise 9.
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- & N\ () + () + ()]
JIJJJ) 2m Ly [\dz;/) ~ \dy;) = \92/

+ (V1 + Vz + V12)¢/2l dx1 dy1 dz1 dl’z dyz d22, (74)

whose minimum with respect to functions y which satisfy the normaliza-
tion
[IJI{[¥? dz1dyi1 dz1dza dyadz, = 1 (75)

is the lowest energy eigenvalue of the helium atom, according to (62) and
(63) of 11-4(d). With the stated substitution we obtain I as a function
of Z; subsequent minimization of I with respect to Z supplies an approxi-
mation from above to the actual minimum of /—to the lowest helium
energy eigenvalue, that is. We proceed, in the paragraphs following, to
the achievement of this approximation. (We note that (75) is fulfilled
by the product function (69) by virtue of the normalization (73).)

We have, from (69), that (dy¢/dzx:) = ¢® (3¢ /dz1), ete., so that we
may write

> (@) + @)+ ()]

]’
2
«—4

s\ 2 VAP
A d'//\” - 61#\7) WUI 2
)
v )l axi) +(3yj) (62; _l

i=1

with k = (2/7). We therefore obtain, with the aid of the normalization
(73)—with j replaced by k—and Green’s formula (32) of 2-14(e),

iy D) + () + () oo e
I o [[[ () () (%)
- i / / YOVHD dx; dy; dz

= 2 z [// (E’l + Ze> (Y92 dx; dy; dz;, (76)

2

.
J dx; dy; dz;
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where the final form is obtained with the aid of (70) and partial use of
(72). Further, we have use for the relation

////// Vit dz, dy: dz: dxs dys d2s
= // (¥®)?2 dzy, dyx d2y /// V()2 dx; dy; dz; (k = %)

- /f/ V(0 ®)? da; dy; d; G =12), 77

as we find with the aid of (69) and (73).

Since the dependence of ¢(¥ on the variables z1, 1, 2;is identical with
the dependence of ¥ on x,, y,, 22, according to (71) and (66), the two
terms of the final member of (76) are identical;! we may therefore replace
j by 1 (or 2) and the summation sign by the factor 2 in the final member
of (76). For the same reason, and because the dependence of V; on
Z1, Y1, 21 18 identical with that of V. on z., y,, 2, according to (65) and
(66), we may similarly replace the index j in the final member of (77) by
1 (or 2). Thus, on applying the results (76) and (77) to the substitution
of (69) into (74), we obtain, with the definition

Q = [[[[I[Vi(¥®)2(¥?®)? dz:1 dy: dz1 dz2 dy: de,, (78)

the simplified expression
Ann . 74 .
I= 2/// (1,//(”)2(17}1 + - + Vl> dridy,dz1 + Q
(0
= 2E, + 2(Z — 2)¢é? /// (irl—l—)—z dz: dy: dz + Q, (79)

as we find with the aid of (73) and (65).

We evaluate the middle term of the final member of (79) by intro-
ducing the spherical coordinates (r,6,¢)—with omission of the superfluous
subscript 1—as variables of integration. With (71) we obtain

{{ r..(0\2 1 = f2r f7 . (r/a1)

/j/ W;,lj dxldyldz1=8%@jo ,/0 , c . r?sin 0 d6de dr

1
20; (80)
We evaluate the multiple integral (78) in the following manner: We
first hold (x2,y,22) fixed and introduce a change of variables from (z1,y1,21)
to the cartesian set (z},y},2;), whose origin is the original origin of coordi-

1 The integration is carried out over the infinite range of the variables involved in
both cases.
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nates but whose 2, axis passes through the point (z,,%:,22); the orientation
of the 2} or y; axis is immaterial. The jacobian of this transformation is

unity.! Moreover, we have r; = z¥ 4+ y* + 2}, so that we may intro-
duce the transformation to spherical coordinates

z, = ry1 8in 6; cos ¢, Y. = r1 sin 6, sin ¢y, 2, = r; cos 0.
We thus have (see Fig. 11-1), according to (65) and (67),

V 62 62
12 _— = y
T2 A/r? 4+ 12 — 2rirs cos 6,

with the aid of the law of cosines. Since ¢ is a function of r; alone,

2
2! 4(‘51:1/1;21)
\1‘ N2
\
(5 9.%) A
2\ 4 '
——Y
- y
/
/
z /
4
" Fre. 11-1.

according to (71), it therefore follows that

o fr (2x
// (YD) 2V 1 dx1 dyr1 d2y, = / / f (Y V)2V 1or? sin 8, d¢py d6:1 dry
0 0Jo

® ™ i do
= Ore? ()22 sin 6, d6, ldr
" /0 e 1{ 0o V124 r:— 2rirs cos '
= 21r52/0 (,/,(1))21-% {7% [\/(1-1 + ry)? — \/'(1.1"'—"“__ 7.2)2]! dry

[ (o0 /.. ) (. )
/T 81

= Z T

= 2me? _/0 (Y)2r2 12/7'2) dry ih < 1‘2;

= 4me’ !:— /” YD)} dry + / (W), dr,}
2 Jo v

e |1 (™ ®
= FK it e“‘”"“)rf dT1 + e—-—(rx/ax)rl dr1
aj (2 Jo re

_._52_ ay ay —(ra/a
- () - a(2) + e

! See end-chapter exercise 11 for the proof.
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With this result the evaluation of (78) is completed by means of the

Z2 = T2 SIn 03 COS ¢, Yz = T2 8in B, sin ¢, 29 = T2 COS 0.

After integration over the angles ¢, and 8;—which results in affixing the
factor 4r—we obtain

27!'6 [ (¢(2))2 { <_> — |:2 <%) -+- 1] e’_(rz/al)} ‘I‘g drz
2
b

_ 5é? 31"

n 1601. ( )
With the results (80) and (81) equation (79) reads
5e? , 27

I =2E,+ (Z — 2) 16a1 (Z 3 Z) ok (82)

according to (72) and (71). In accordance with the procedure outlined
above we minimize (82) with respect to Z:

I 27\ met 27 (dI ,
—-(22 8)1{2‘0’ Z = (—>0),

amthatitiifing intn 29 wao ahtain foar anr annravimatinn +a +tha lawaat
suosuivuuing vl (O4), WS O0ualll 100 Oul applOilfiauiCil 1O i 10WTsvy
energy eigenvalue of the helium atom
2
27\ me* me!
I=—(20) 7 = o857, (83)
16/ K K?

This value is within 2 per cent of the ground-state energy E; of helium
as determined by experiment. Although we have no theoretical criterion
for the accuracy of the result (83), its derivation as an approximation from
above validates the inequality E; = —2.85(me*/K?) for the helium atom.

(c) The larger the number of electrons per atom, the more complicated
is the pi‘Oquu of ucuermmmg the energy exgenvaxues and COI‘I‘E‘:S‘pOﬁu1ug
wave functions of the atom. We proceed to discuss one of the standard
methods of approximation, the so-called Hartree method, which has been
applied to many-electron atomic problems with great success.

We consider an atom with nucleus assumed at rest at the origin of
coordinates, with s electrons associated with the cartesian coordinates
(x,y1,21), (T2,¥2,22), . . . , (Zs,Ys2s), respectively. The total electric
charge on the nucleus is s¢, so that the atom as a whole is uncharged.
The potential energy of the system is given by
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V= 2 Vit 2 S Vi (84)
1j=1
where
2 ———
Vi = — %‘ (e = VZ + 92 F 20) (85)

represents the interaction between the nucleus and the kth electron, and
2
Vie=Vii=— Gk, (Vy=0),
Tik
(rie = V(& — z)? + Wi — ye)? + (& — 20)?)  (86)

resents tl\e 17 iteraction between the ')fh and }\e Lkth o]on tron. (The

\ 4 2av

g before the double sum in (84) takes care of the fact

ann‘\ T/. — V (7 =£ L) appears fnnno hit muect anly ho nr\nr\# d onesa )
varvisr J” v ”J \J 7_ ’V, aytl LYA" A muﬂv Uul- [PAVIR VU AVOSRTiwil § Ull\JD./

The Hartree method is based upon mlmmlzatlon of the integral (62) of
11-4(d) with respect to normalized functions ¥ which exhibit the special
form

ct+ E’:
Q
c+
O
nlr-
<]
T
ol
8
[ ]
)—l

v = [l vo@9,2). (87)

i=1

The normalization (63) of 11-4(d) is fulfilled by requiring that each ¢y be
normalized—namely, that

@) dejdy;dz; =1 (5 =12, ... ,9). (88)

We substitute (87) into (62) of 11-4(d) and proceed to effect the mini-
mization of this integral with respect to s sets of normalized functions
gy y@ o ¢y@, Upon substitution there occur several simplifica--
tions which are embodied in the results directly following:

From (87) we have that!

[ T + (@) +

2 ] s .
f// [( c;/::)> (%@?) + (%g) ]dxkd?/kdzkn // (YD) 2dz;dy; dz;
j=1
T () 4 (Y amiman =12,

(89)

because of (88). Further, from (85) and (87) we have
1 We use I’ to indicate the absence of the factor for which j = k.
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ff R f Ve [] da; dy; dz

Jj=1

= /f/ Vi(®)? day, dy dzkj!-]l /ff (YD)? dx; dy; dz;

- [/[ V™) drpdyeder (=12, . . . ,9), (90)

because of (88). Finally, we obtain in similar fashion, for each pair of
values of j and k (j # k),

[[ .. .[pr? ﬁ dx, dy, dz,

p=1

= [[[[[] v ®)2(0®)? dz; dys de; d dy dv, - (91)

as a result of (87), (86), and (88).
Using the results (89), (90), and (91), we substitute (87) and (84) into
(62) of 11-4(d) to obtain

3 - K2 [ (ay®\® ap®\? @ \?
’“Z el G + () + () |
-1

+ (¥®)? [Vk + % 2 j j Vie(y D)2 dz; dy; dz,-]} dzi dyx dze  (92)

J=1

for the quantity whose minimum we seek. (We set
my = Mg = ° ° ° =My =M,

the electronic mass.)

For the purpose of minimizing (92) we proceed in the following manner:
We suppose all the functions ¢y, y® . | @ with the exception of
one—say y¥“—to be correctly determined for the minimization; we are
thus left with the problem of choosing ¢ correctly for the minimization.
To do this we need to consider only those terms of (92) which involve the
particular y®—uiz.,

o K2 [ [oy®\? YO\ LV 2]
L= ff/ {'27% [(‘55') +<ay,-> + (—az—)
+ (.p«'))z[v,- + z / / f V()2 da; dy; dz,.]] dz; dy; dz;.  (93)
J=1
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(Omission of the factor 4 before the summation over j in (93) arises from
the fact that (¢®)? appears {wice in the double (j,k) sum in (92), once as
coefficient of V;; and once as coefficient of Vx. Since j and & run through
all values from 1 to s independently, and since V; = V;;, the two terms
in which ()2 appears in (92) are lumped together in (93).)

Since Vi; = 0, according to the definition (86), the term j = ¢ does not
appear in the sum over j in (93); thus since all the ¢ (j 5 7) are assumed
determined, the triple integrals over z;, y;, 2; may be regarded as known
functions of z;, y;, z; within the integrand of I;,. In fact comparison of
(93) with (5) of 11-1(b)—together with comparison of (88), for j = 4,
with (6) of 11-1(b)—shows that the extremization of I; with respect to
normalized functions ¢ is identical with the single-particle Schrodinger
problem with the potential-energy function

V=VvV+ i /ff Vi @)? dz; dy; dz;.
J=1

Thus, according to (4) of 11-1(a), with obvious notational modification,
we have

2
Koo [m0 v S [[[rasorananas)vo -0

J
(VIO = 9@, + ¥, + ¥, =12, . ..,8) (99

for the differential equation which must be satisfied by the function
¢@ which minimizes I;. (Since the result (94) holds for any value of
? from 1 to s, the designation 7 =1, 2, . . . , s is affixed.)

(d) From the viewpoint of obtaining a solution for the functions ¢y in
precise analytical form, the s equations (94), a system of nonlinear integro-
differential equations, are of little use. They do, however, lend them-
selves to a procedure of numerical solution which, although formidably
laborious, has yielded results of high accuracy and of wide utility. The
procedure, roughly, is the following: First, one makes a simple reasonable
assumption as to the potential energy represented by the sum over
J in (94) and then solves the resulting Schrodinger equation for each
y®(@E =12, ... ,s). Thesesolutions are then inserted into their proper
positions in the sum over j in (94) and a new solution of the resulting
linear differential equations for the various ¥ is effected. The process
of solution and substitution is reiterated until the successive sets of solu-
tions for the ¢ differ sufficiently little from one another. (Treatment
of such simplifications as the assumption of spherical symmetry, restric-
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tions according to the so-called exclusion principle, and other details of
the Hartree method are necessarily omitted from the discussion here.)

The physical interpretation of the sum over j in (94) is of some interest.
According to (86) a representative term of this sum is

2
f/f;e:j(iﬁ"’)z dz; dy; dz;

—the potential energy of a point charge of magnitude e at (z.,y;,2:) as the
result of its interaction with a continuously distributed charge of mag-
nitude density e(¥?)? which has the same sign (4 or —) as that of the
point charge. If, then, we regard ¢ as the wave function associated
with the 7th electron, we may split its potential energy, according to
(94), into the following s independent parts:

(1) nuclear influence represented by the term V,,

2,3, ..., s the influence of (s — 1) continuous distributions of
charge of densities! — e(y?)? forj = 1,2, . . . , s (§ # 1), each of which
is associated with one of the remaining (s — 1) electrons of the atom.

But if @ is the wave function associated with the jth electron, (y@)?
is the probability-density function of the jth electron’s position in space,
according to 11-3(c). Thus, in its electrical influence upon each of the
remaining (s — 1) electrons of the atom, the jth electron behaves as if it
were a continuous distribution of charge of total value? — ¢ whose density
at each point is proportional to the probability density of locating the
ath electron there,

The foregoing model of the many-electron atom—the so-called Hartree
model—is surely oversimplified, for it is based upon the restricted form
(87) for the electronic wave functions. It does, however, appear suffi-
ciently accurate to yield results in excellent agreement with a wide
variety of experiments.

EXERCISES

1. Show that each of the real and imaginary parts of any solution of the wave
equation (7) of 11-2(a) is also a solution of the same equation (7).

2. In a given direction of space, superimposed plane waves whose frequencies are
confined to a narrow range are propagated with velocities which depend slightly upon
the wave frequencies. It can be shown that any measurement of the velocity of
such a group of waves yields the so-called group velocity U, given through the formula

1 _ o 4/
U dw
Show that the “matter waves” discussed in 11-2(d,e) are such that the group velocity
is identical with v, the classical velocity of the particle with which a given wave is
associated. Hint: Use (25) and (26).
1The charge on the electron, of magnitude ¢, is negative.
* Integrated over all space, that is (see (88) of (c) above).
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8. Use (43) of 11-3(a) to evaluate the final integral of (44). HiNT: Substitute (43)
for one factor of the integrand and integrate by parts (n — 1) times. Take note
that the factor [¢L{?,(£)]is a polynomial of degree n, so that (n — 1) differentiations
“destroy” all but two of its terms.

4. (a) Carry through the procedure of 11-1(a) in order to derive (51) of 11-4(a).

(b) Use 9-1(b) to derive (52) from (51).

(c) Use 9-1(c) to prove the statement in the opening paragraph of 11-4(d).

6. (a) Prove the orthogonality relation

[Jfviedzdydz =0 (95)

for the Schrédinger eigenfunctions if E; # E;. HinT: Use (4) with y = ¢;, B = E;,
then with ¢ = i, B = E}; compare 9-6(b).

Further, extend the validity of (95) to include the case E; = Ex (j # k) by means
of the argument (Schmidt orthogonalization process) of 9-6(c).

(b) Extend the results of part (a) to include the eigenfunctions of the many-
particle Schrodinger equation (52). Hint: In the absence of a many-dimensional
Green'’s theorem use direct integration by parts.

6. (a) On the basis of an expansion theorem completely analogous to the theorem
given in 9-6(d) give a formal proof of the asserted minimum characterization of the
Schrodinger eigenvalues givenin 11-4(d). HinT: Compare 9-9(b). Note in particular
the condition which must be imposed on the ‘“‘expanded’ functions at infinity.

(b) The validity of the expansion theorem mentioned in part (¢) may not obtain
if the potential-energy function ¥ is not sufficiently well behaved. Inasmuch as one
has very often to deal with potential-energy functions in quantum mechanics which
exhibit singularities (for example, (29) of 11-3(a) at r = 0)] the question of the expan-
sion of arbitrary functions is an exceedingly difficult one—more so, for example, than
the corresponding question as related to vibrating-membrane eigenfunctions. For

the problems considered in the foregoing chapter, however, there is no question as to
the validity of the minimum property of the thrnﬂlno’pr eigenvalues,

. (@ Wlth the nucleus regarded as free (and not ﬁxed, as in 11-3) the integral
whose extremization results in the Schrodinger equation for the hydrogen atom is,

according to (51),

* /f/ﬂ/ {57:; Ivagl? + 2% Vapl? 4+ (V — E)W} ]2] dzidys dz,  (96)

i=1

‘V"W:( ) (ay) (az‘) ¢ =12);

(x1,71,21) and (x»,72,22) are respectively the coordinates of electron and nucleus; m is

the electronic mass, and M is the mass of the nucleus; and V depends only on the
distance

where

=V (@ — )+ (Y1 — y2)? + (21 — 22)?
between the electron and the nucleus. Effect the transformation
T =2 — 2y Y=y — Y 2=z — 2 97

_ &im + 2. M _ pm + yM _am + zM
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to bring (96) into the form

] = ffffff K? Ive|? 4 g|v,/|g+/r'7_E\,:gl dzdydzdX dY dZ, (99)
jjjjjj 12(m+M) idl 92 [v¥i \ /V[ Y ) J
where
IVelr = vk +vb + b, (VelE =l v+
and
M
“= T (100)

Hint: First show that the absolute value of the jacobian of the transformation is
unity. Thenderive ¢,, = ¢ + [m/(m + M)W, ¥x, = —¢: +[M/(m + M)lyx, ete.

(b) Carry out the extremization of (99) to derive the Schrodinger equation of the
problem. HinT: Use 9-1(b).

Show that an eigenfunction ¢ of thise

RD2010W Lilav al

Y = ;[/(‘)(X, Y,Z)u//“)(:z:,y,z),
where ¢ satisfies the equation

2(mli a0 Wk 9 i) + By =0 (101)

—the Schrodinger equation for a free (zero-potential-energy) particle—and ¢@©
satisfies the Schrodinger equation for the hydrogen atom with stationary nucleus
(11-3), but with m replaced by u. HinT: Use the fact that V depends only on z, y, 2;
compare 11-4(c).

(The variables X, Y, Z, defined by (98) are the coordinates of the center of mass of
the atom. The result (101) may thus be interpreted that the atom as a whole is to
be considered, in ts translational motion, as a free particle located at its center of mass.
The final result of the preceding paragraph justifies the parenthetic remark made at
the conclusion of 11-3(b). What do the variables z, y, 2, defined in (97), represent?)

8. Give explicit justification for the final statement made in 11-4(c).

9. Verify directly the fact that ¢(9 of (71) is normalized. (This is of course a very
simple special consequence of exercise 3 above.)

10. Suppose that a single (approximate) eigenfunction

8

v =1 v@@yaz0 (102)

i=1

has been obtained for a given s-electron atom by means of the Hartree method
(11-5(c)); each ¢ is properly normalized. Let, further, E®, E® _ . E® be the
corresponding set of eigenvalues obtained by solving the equations (94). Show that
the total (approximate) energy of the atom which corresponds to (102) is given by

8 8 8
- ZE“’ — E 2 f/f /ff V (g Dy®)2 da; dy; de; dze dys dze. (103)
i=1 k=1j5=1

Hint: Compare (92), whose minimum is E, with (93), whose minimum is E.
What is the physical significance of the appearance of the double sum in (103)?
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11. (a) Show that a linear homogeneous transformation

3
A\ S )
z = L 0.;Z; = 1,2,3) (104)
i=1

from a cartesian system (z,Z2,2;) is a pure rotation of axes to a second such cartesian
system (z;,7;,7;) if and only if the six relations

3
2 bibe = 85 (kb = 1,2,3, independently) (105)

t=1

hold. HinT: The necessary and sufficient condition that the transformation be a pure

rotation is that
3 3
z T} = 2 z? (106)

It
-t

7

for all values of the z; and z;. Derive (105) directly from (104) and (106).

(b) Use (105) to show that the absolute value of the jacobian of the transformation
(104) is unity. HinT: Use the rule for multiplying determinants (2-8(c)) to form the
square of the jacobian.



CHAPTER 12
ELECTROSTATICS

12-1. Laplace’s Equation. Capacity of a Condenser

(a) To say that there exists an electrostatic field in a given region of
space is equivalent to asserting the existence of a vector whose cartesian
components E,, E,, E, are, in general, functions of the position coordi-
nates z, y, 2 (but not of the time ¢) such that a point charge @ located at
(z,y,2) experiences a force whose cartesian components are QE,, QF,, QF..
The vector (E.,E,,E,) is called the electrostatic intensity. The electro-
static field is conservative in the sense of 6-1; that is, there exists a func-
tion ¢(z,y,2) with continuous second partial derivatives from which the
components of the electrostatic intensity are derivable as

B, = -2 Ey=—-%;f, E,=—‘;—;”- Q)
The function ¢, which is actually the potential energy of a unit charge
(@ = 1), is called the electrostatic potential function—or, simply, the
potential—of the field. The component of the electrostatic intensity in
any given direction is the negative of the derivative of the potential taken
with respect to that direction.

For the sake of simplicity we may define a metallic conductor—or,
briefly, a conductor—as a body in which the electrostatic potential has
the same value at all points; in particular the surface of a conductor in
an electrostatic field is characterized by a constant potential. (From (1)
it thus follows that the electrostatic intensity is everywhere zero in the
interior of a conductor and has a zero component in every direction tan-
gential to the surface of a conductor.)

We consider the three-dimensional region R which is exterior to a given
number of isolated fixed conductors and interior to a single closed con-
ducting surface; the region R is unoccupied. Owing to the assumed
presence of an electric charge on at least one of the conducting surfaces
the region R constitutes an electrostatic field. The potential energy per
unit volume associated with such an electrostatic field is given! by the

1 A demonstration of this result is far beyond our present scope. See, for example,
Max Abraham and Richard Becker, “The Classical Theory of Electricity and Magne-
tism,” pp. 81-84, Blackie & Son, Ltd., Glasgow, 1932.

294
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expression (1/8r)(E2+ E! 4+ E?). Integrating this quantity over the
region R occupied by the field, we obtain, with the aid of (1), the total
potential energy of the field—namely,

v JI1G) @) @) ena

This field potential energy—not to be confused with the potential func-
tion ¢ = ¢(z,y,2)—represents the amount of mechanical work which
would be required in order to Hring the electric charges which give rise
to the electrostatic field from infinitely great mutual distances to their
actual distributions on the conductor surfaces.

The principle which characterizes a system in stable equilibrium as
possessing a minimunr of potential energy consistent with its constraints
applies to an electrostatic field as well as to a mechanical system. We
may thus expect to derive the differential equation satisfied by the poten-
tial function by rendering the integral (2) a minimum with respect to
continuously differentiable functions ¢ which possess a prescribed con-
stant value on each of the conducting surfaces which constitute the
boundary B of R. The boundary condition for the functions ¢ eligible
for the minimization of (2) springs from the definition above of a con-
ductor; thus a different constant value is in general assumed on each
isolated conductor.

To extremize (2) we may employ the general Euler-Lagrange equation
(9) of 9-1(a), with w = ¢ and?

f=¢:+ ¢+ ¢i.

We thus obtain for the extremizing function ¢—namely, the actual poten-
tial function of the electrostatic field—the partial differential equation

P2z + ¢w + b2z = 0’ or V2¢ = 0. (3)

The equation (3)—so-called Laplace’s equation—finds applicability not
only in electrostatic theory but also in the studies of classical (Newtonian)
gravitation, hydrodynamics, heat flow, and other physical phenomena.
In exercise 1(a) at the end of this chapter a proof that the ¢ which
extremizes (2) is actually a minimizing function is called for. Further,
in exercise 2(b) it is proved that the solution of (3) under the given
boundary conditions is uniquely determined. (Adequate hints are pro-
vided in each case.) The question of the existence of the minimum of

! From this point forward we employ subscripts to denote partial differentiation,
as in preceding chapters—but not in (1) above!
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(2) is discussed in 12-4 below; we make the generally valid assumption
of its existence. _

(b) The problem of finding the solution of Laplace’s equation (3) in a
given region R, with ¢ required to assume specific values on the boundary
surface B of R, is called the Dirichlet problem for R. The solution of the
Dirichlet problem in closed analytical form has been accomplished in
several cases; these are discussed adequately in the literature on potential
theory.! We direct our attention, rather, to the possibility of effecting
approximate solutions through the direct minimization of the integral
(2) for cases in which a solution in closed form cannot be achieved. One
general method of such approximation is completely analogous to the
Ritz method as applied in 7-6, 9-13, 10-10, 11-5, etc.: A class of functions
¢ is defined by the various sets of values of a finite number of parameters
borne by a single analytical expression which assumes the required values
on B for all values of the parameters. The parameter-laden expression is
substituted for ¢ in the integrand of (2), and the minimum of W with
respect to the parameters is effected. The minimizing values of the
parameters thus define that function of the given class which gives the
“best’’—in the sense of rendering W the smallest—approximation to the
actual potential.

The method described in the preceding paragraph is in general quite
laborious in its execution. Justification for the amount of labor required
can of course lie only in the degree of urgency attached to the (approxi-
mate) solution of any given problem. For the purpose of illustration we
carry out the method for a problem of nontypical simplicity—one in which
the procedure leads us directly to the known precise solution:

We choose for the region R the exterior of a given sphere of radius b;
the outer boundary of R may be considered to be ““a sphere of infinite
radius concentric with the given sphere.” We set up a system of spheri-
cal coordinates? (r,0,¢) with origin at the center of the sphere. The class
of functions with respect to which we choose to minimize (2) is defined by
the single parameter p in

s=a(})  ®<o, @

where ¢, is the potential on the sphere and the ‘“‘potential at infinity’’ is
taken to be zero.

In spherical coordinates (2) reads, on substitution of (4) with the aid
of (36) of 11-3(a),

1 See, for exampie, Kellogg.
? Because of the use of ¢ for the potential function, we substitute the symbol y for
the usual ¢ as third spherical coordinate.
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p2¢?
8#(?21’ / / / r2=2r% gin 6 dy d6 dr (» <0)
pielb ( -1 4+ — 1
5@}7—_ +1 8 bdﬁ » - 2+l

To minimize W we form

dW___l 2 _ 1 _
o Zb""(l (2p+1)*> =90

whence p = 0,—1. Since (d*W/dp?) > 0 for p = —1, W is a minimum
for this value of the parameter, and the best approximation to the poten-
tial, as supplied by (4), is
b
= ¢1 (:\ (5)
\"/

(We must reject the solution p = 0 in advance because of the necessary
requirement p < 0.) It happens that (5) actually satisfies Laplace’s
equation (see end-chapter exercise 3(a)) as well as the given boundary
conditions and is thus the precise solution of the problem.

(c) We devote the remainder of this section to the consideration of
regions R of the type which lie exterior to a single given closed con-
ducting surface B, and interior to a second given closed conducting sur-
face B;; the two conductors are then said to constitute a condenser. The
essential nuantltv assaciated with a condenser is its capacity, which 1is

defined by the formula
= ___];.____ 2 9 2
¢ dr(ps — ¢1)? j;[ (o2 + ¢ + ¢2)dx dy dz, (6)

where ¢, is the constant potential on B, ¢2 the constant potential on B,,
and ¢ = ¢(z,y,2) the potential in the intervening region R.

In view of the minimizing character of the potential function enunci-~
ated in (@) above, and since the integral in (6) coincides with that in (2),
an equivalent definition of the capacity of a condenser is the minimum of
(6) with respect to continuously differentiable functions which satisfy
¢ = ¢10n By, ¢ = ¢, 0n B,, The merit of this minimum definition lies,
of course, in its usefulness for the approximation of the capacity of a
given condenser along the lines sketched in (b) above. Moreover, there
exists a method of approximation which is far more elegant and, at least
in some cases, simpler in its application than the direct method of (b) in
which the integral of (6) is minimized with respect to a finite set of
parameters. We proceed to develop this method.
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We suppose that B; and B, are members of the one-parameter family
of closed surfaces u(z,y,2) = A (u1 £ A =< u,), with u(z,y,2) = u; on B,
and u(z,y,2) = us on By, Further, we restrict the continuously differ-
entiable function u(z,y,2) to be such that through each point of R there
passes one and only one surface u(z,y,2) = A lying entirely within R,
with the values of the parameter A so ordered that the surface u = A, is
everywhere interior to the region bounded by the surface © = A; when-
ever A; < A,. (See Fig. 12-1 for a plane section of B. Discussion of
the existence of the required function u(z,y,2) when B; and B; are given

u%g;L;— /&*:\\
(/7 =) )
o

Fia. 12-1.

is reserved for exercise 5(d) at the end of this chapter.) We seek to mini-
mize (6) with respect to functions which exhibit the special form

¢ = Gw), withG(u) = ¢1, G(ua) = ¢ @)
From (7) it follows that
¢: = G (W)us, by = G (w)u,, ¢ = G (W),

where the prime (') indicates differentiation with respect to the argu-
ment . Thus, on substitution of (7), the integral of (6) (which we seek
to minimize through proper choice of the function G) becomes

I =[[[ 62+ o2+ #Dde dy dz = [[[16 P2+ ul + uddw dy dz. (8)
R R

We proceed to reduce (8) to a simple integral over the variable u.

We introduce the two continuously differentiable functions v(z,y,2) and
w(z,y,2) such that through every point of R there passes one and only one
surface v(z,y,2) = constant and one and only one surface w(x,y,2) = con-
stant for some pair of ranges of values v; £ v £ v, and wy £ w =< w,.
Thus we have in (u,»,w) a coordinate system related to the cartesian
system by the transformation equations

u = ux,yz), v=0(@y2, w=w(ye); 9)
the inverse transformation is obtained by solving the system (9) for z,y,2:

T = x(u,v,w), y= y(u7v;w); z = z(u,v,w). (10)
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The numbers v,,v;,w1, w2 are so chosen that to every (u,v,w), with
U S U S Uy v SV S vy, wr S W S Wy, there corresponds a single point
of R. (An example of a suitable assignment of » and w is given in (d)
below, where the method under development is applied to a specific
problem.)
Using (10), we transform (8) to read
9@,y,2) y,z)

//[ [G' (W) (uZ + v} + u) 3(uv.0)

according‘to the rule given in 2-8(f); the jacobian [d(z,y,2)/d(u,v,w)] and
(u? + ul + u?) are supposed expressed in terms of! (u,u,w). Since the
factor I("('uﬂz is independent of v and w, we may define

Hucpocil

dwdvdu, (11)

Hw) = Jo s (u? 4 u} + u?) {a(u,v,w)l dw dv (12)
and so rewrite (11) as the simple integral
I= L " [6 () H (w)du. (13)

Thus the problem of minimizing I with respect to functions ¢ having
the form (7) is reduced to the problem of minimizing the simple integral
(13) with respect to functions G of a single variable. To accomplish this
we may apply the result (26) of 3-4(a)—ﬁrst integral of the Euler-
JJa.grd.nge equa.blou \Ao ) of 3-0\0 ) in the event the umeg‘ranu J is eX‘puuuy

independent of the dependent variable G—to the integrand f = G'?H of
(13). We thus obtain

G'H = ¢, or G(u) = &1

¥ du
w HW)

where ¢; and ¢; are constants. (In exercises 2 and 3, Chap. 3, it is shown
that the extremizing function given by (14) actually minimizes (13).) To
evaluate ¢; and ¢c; we employ the second and third relations of (7) and so
obtain from (14)

+ Cs, (14)

s = ¢, ¢ = _gi_“‘l’;_. (15)
/ du/H (u)
Thus, according to the first of (14) and the second of (15), we have
IIG,2 = 9-2]L = (¢2 — ¢1)2 2’
H g [ L N du/H(u)]

1 8ee end-chapter exercise 6(b).
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so that (6) becomes, with the aid of (13) and (8), the approzimate capacity

1
47 f du/H (u)

C = = C, (16)

where C, is the actual capacity (the minimum of (6) with respect to ¢)
of the condenser under consideration.

Under exercise 6(c) at the end of this chapter it is shown that the func-
tion H(u) given by (12) is independent of the choice of functions v and w
in (9) and (10). Thus the possibility of improving the approximation
given in (16) through a ‘“better’’ choice of v(z,y,2) and w(z,y,2) does not
exist.

The only possible way to decrease the difference (C — Co)—if it does
not already vanish—is by means of a more suitable function u(z,y,2) in
terms of which the surfaces B; and B, are represented. In fact if the
family of surfaces u(x,y,2) = constant happens to be identical with the
family of surfaces ¢o(z,y,2) = constant (where ¢, is the actual potential
in R), it is directly seen that the approximation (16) is perfect; that is,
C = Co. For with such a choice of u there is a one-to-one! functional
relationship between ¢o and u; thus the function G(u) is some function
F(¢o); the minimum of (6) with respect to ¢ = G(u) = F(¢,) is clearly
achieved for F = ¢,. From this fact it follows that the method of this
subsection may be used to solve the following condenser problem: Given
any one-parameter representation of the equipotential surfaces (surfaces
on which the potential is constant), find the potential function itself.

The main limitations of the method of the preceding paragraphs lie,
first, in the possible difficulty of finding a sufficiently simple function
u(z,y,2); and, second, once the choice of u(z,y,z) is made, the possible
failure of the integral (12) for H(u) to be evaluable in explicit form. In
the specific example of (d) below, however, neither of these difficulties
prevails.

In 12-2 below we consider a second method for approximating the
capacity of a condenser—a method which results in a lower bound for

.
the rananitv We are +hne nnnh]nr] tn octimate the aceurasv of anv

approximation from above achieved by the methods of this section.

(d) The remainder of this section is devoted to applying the method of
(c) above to the approximation of the capacity of the condenser formed
by the similar ellipsoids of revolution described by the surfaces u = u,
and v = u, (0 < u; < uy), where

Uu=VTF P Fazz (a>0). an

1 Bee end-chapter exercise 5(d) for a fuller discussion of this point.




§12-1] ELECTROSTATICS 301

(If @ <1, we deal with prolate spheroids; if @ > 1, we have oblate
spheroids.) In the special case a = 1, the surfaces u = u; and u = u,
are concentric spheres with their centers at the origin of coordinates and
u is the distance from the origin. In this case we should almost certainly
choose for the functions v,w (see (9) and (10) of (¢) above) the spherical
coordinates usually denoted by 6, ¢. That is, (10) would read

Z = usin v cos w, y = usin v sin w, Z = uCcosv (¢ =1). (18)

Since passing from a = 1 to a # 1 in (17) means replacing z by az, we
should expect to obtain a suitable choice of the functions v and w by
replacing z by az in (18)—namely,

We note, first,
each point of R is associa
of values (u,v,w), with

U S U = Uy, 0<v=m, 0sw<2m (20)

o+
[
=
(=
j=n
-
]
=
o
[=2
~~
[S—
=]
Nl

(Proof of this fact is called for in exercise 9 at the end of this chapter.)
From (17) we compute directly

xZ + yz _+_ a4z2

T 4T ¥ o = sin’ v 4+ a? cos? v, (21)

u + ul + ul =

according to (19). From (19) we compute the jacobian

. . . 1
sin v cOs W sin v sin w ~cos v
a
a(z,y,2) _ . u .
——2 L = | 4 COS ¥ COS W ucosvsinw — —sinv
o(u,v,w) a
—usinvsinw wuSinvcosw 0
u? .
= — sin v. (22)
a

With (21) and (22) the equation (12) of (¢) above becomes, with the aid
of (20),

2 x [2x
H(u) = % [) /; (sin? v + a2 cos? v) sin v dw dv = %g (2 + a®)u?, (23)

from which we compute

* du _ 3a 1 1
w Hu) — 4r@2 + o) (;; 1;)' (24)
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Substituting (24) into (14) and (15) of (¢) above, we obtain for the
approximate potential function

¢ =Gu) = — ¢ — ¢ (u1u2> + Uz — U1 (25)

U — U (L Uz — U

Substituting (24), with 4 = u,, into (16) above, we obtain for the approxi-
mate capacity of the condenser under consideration

C=2+a2< UrU2 >§Co, (26)

3a Us — Us

where Co is the precise capacity. We note, on comparison with the
results of end-chapter exercise 8, that both (25) and (26) give precise
results in the case @ = 1—for the condenser consisting of concentric
spheres, that is, according to (17). We should therefore expect the
method to give its most reliable results in this problem when « is in the
neighborhood of unity; this fact is borne out in 12-2 below, where a lower
bound for the capacity of the ellipsoidal condenser is derived.

(e) The capacity of a single conducting surface is defined as the limit
of the capacity of the condenser, of which the given surface is the inner
conductor, as the outer conductor recedes to infinity in all directions.
In the case of the ellipsoid v = u; of (d) above we obtain the approxi-
mation ¢’ to its capacity Cj, by letting u; — « in (26)—namely,

2 4+ a?

C=3a

v

. 27)

U1

If we write the equation of the ellipsoid % = u, in the familiar form

2 2 2
%l 25 =1, (28)
we have, according to (17), u; = b and @ = (b/a), so that (27) reads
’ 2a? + b? _ a > ?
C =" 8. " 1 = C,. (29)
1T _ 1M1 _ [R2/-2\1
1 3lx \V/w ]

In exercise 10 we compare (29) with the formula giving Cj precisely for
the ellipsoid (28) in the case a > b.

12-2. Approximation of the Capacity from Below (Relaxed Boundary
Conditions)

(a) The minimum of the expression (6) of 12-1(c) with respect to con-
tinuously differentiable functions ¢ for which ¢ = ¢, on B; and ¢ = ¢
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on B; is by definition the capacity of the condenser whose inner (B,)
and outer (B;) conducting surfaces bound the region B. We proceed to
demonstrate that the capacity may be defined equivalently as the maxi-
mum of (6) with respect to functions which (i) satisfy Laplace’s equation
and (ii) satisfy a ‘“‘relaxed’’ boundary condition expressed in (34) below.

We suppose that ¢ is the actual potential in the region R bounded by
B,, on which the constant potential is ¢1, and B, on which the constant
potential is ¢2. That is, we have

V¢ = 0in R, ¢ = ¢ron By (k = 1,2). (30)
Thus the actual capacity C, of the condenser under attention is

Co = m j;/?r (9% + ¢ + ¢2)dx dy de. (31)
We write
=y +Q (32)
where the function ¢ = y(x,y,2) satisfies Laplace’s equation—namely,
VY =0 in R (33)
—and the relaxed boundary condition
f[(¢—¢>%d8=o. 34)

- -

4 wxrna PPN
LWCUIL @ alll

2 md 3 aan aralsr varmracandte 4ha Aiffavncinn o
e

\.I.I.IU fuubmuu. A" IIIUICIy Iepiroscilu US tn€ QlIerence
defined.) The surface integral which appears in (34) is carried out over
the boundary B of R—that is, over the two surfaces B, and B,. The
derivative (dy/dn) is computed with respect to the normal to B directed
outward from R.

(The boundary condition (34) is called ‘“‘relaxed’” in that it is less
stringent than the boundary conditions imposed upon the functions ¢
eligible for the minimization of (6). That is, any function ¢ which satis-
fies the latter conditions—namely, ¢ = ¢, on By, ¥ = ¢2 on By—clearly
satisfies (34), because of (30); on the other hand we see below that there

7€ AN

exist functions y which do not satisfy these conditions but for which (34)
holds.)
We substitute (32) into (31):

4r (P2 — ¢1)°Co
= [[] @2+ w2 + vdz dy dz + [![ @+ @ + @)dz dy dz
R

+2 /:! [ W@ + 0@ + ¥iQ)ds dy 2. (35)

I 1 oo
a y as
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According to Green’s theorem (30) of 2-14 we have

LY.Vl

] J (¥:Qs + V@, + ¥:Q.)dz dy dz

f[Qa‘”ds //va2¢dxdydz=o, (36)

because of (34), with (32), and (33). Since the second integral on the
right of (35) cannot be negative, it follows from (35) and (36) that

Co 2 #*TQ [[[ Wz + ¢; + ¥hdz dy da. (37)
4r(p2 — ¢1)

Since the equality sign holds in (37) if ¢ = ¢ and since ¢ = ¢ satisfies
both (33) and (34), because of (30), we are justified in defining the
capacity Co as the maximum of the right-hand member of (37) with
respect to functions ¢ which satisfy both (33) and (34).

The difference between the two members of (37) is, according to (35)
and (36), proportional to the positive quantity

2 2
1= ([ @+ @+ @)dzdya, (38)
R
S, ML o 1T Fa Sy OO\ 2l Lo
WIlCI‘U l\! lb glVUH Uy \04) 4 11C SIdliel LIIe vmuc Ul (990), UUUIUIUIU, I/UC

r
better is the approximation to €, which we achieve through the right-
hand member of (37). We proceed to show that, if we write ¢ as a
linear combination

N

g = Z wU, [VU:i=0@G=12 ..., 6N)] (39)

1=1

of N given functions U(z,y,2) which individually satisfy Laplace’s equa-

tion, the set of values of ay, @, . . . , ay for which (38) is a minimum

ig nt farm -l afiag +ha ralawvad hasim doney AA"IA +3ian (240
15 & 3€1v 101 \Vl.ubl.l W Bablﬁllcb UIIU 1 TlaAacu Uuuuuauy Culluliuvivil \ux).

With (32) and (39) we substitute

z

Q=¢— z a; U (40)

1=1

For (38) to be a minimum with respect to a1, as, . . . , &y we must have
(0I/9ax) = Ofork = 1, 2, ,N. (Since I 2 0, the minimum surely
exists inasmuch as J is g contlnuous function of the ax.) From (38) we
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have

o zw \wawy““w ““)dzdydz

- 9Q U aQ aU, | 39Q aU,
2//] <6x ox 6y 8y + 3 o ) 9Edy dz,  (41)

as we find by performing the requisite differentiations in (40). With the
aid of Green’s theorem (30) of 2-14, equation (41) becomes

2 [ fots
— — . v Tr\a____Uf 7
= 2}}} \(p A/a,»u,-} on ao,
i=1

because of the bracketed portion of (39) and (40). The required vanish-
ing of all the (81/da:) for the minimum of I thus gives the set of N linear
inhomogeneous equations

/4,‘3-@‘(13—2 /f "des_o k=12, ... N) (42

for the best choice of the a;, That this choice also renders (34) satisfied
by (39) is shown by multiplying the kth equation of (42) by ax, for
k=1,2, ...,N, and by adding the resulting N equations to obtain

e z) 2 @ i) as =

this is identical with (34), through (39).
Thus, in order to achieve a lower bound for the capacity C; by means

of (37) we form the linear combination (39) where Uy, U,, . . ., Ux
are given functions known to satisfy Laplace’s equation and where
@iy, Qs . .., ay are obtained through solution of the system (42).

Moreover, we can expect, in general, to have an improved approxi-
mation to Cy in the right-hand member of (37) by adding more terms
to the linear combination (39). For since (42) ensures that the differ-
ence between the members of (37) is a minimum with respect to the class
of functions defined by (39), with Uy, U,, . . . , Uy given, the widening
of this class cannot increase the minimum achleved
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In applying the foregoing method to a given condenser, we note that
each surface integral of (42) is the sum of two surface integrals, one
carried out over B,, with ¢ = ¢1, and the other carried out over B,
with ¢ = ¢..

(b) We apply the method of (a) above to the condenser of 12-1(d),
consisting of concentric coaxial similar ellipsoids of revolution described
by the equations v = u; and 4 = 4, (0 < w1 < ug), with

=224y 4+ a%? (a>0). (43)

In the case @ = 1-—whereby the condenser consists of concentric spheri-
cal surfaces—the precise potential is given by

a,
'\//:vz + y? + 22

¢ = +a2;

where a; and a. are constants selected so as to fit the boundary conditions
(see end-chapter exercise 8). We may thus expect to achieve a good
approximation to the capacity C,, at least in the neighborhood of & = 1,
by the choice

1

VT E
for the linear combination (39). With (44) the result (42) becomes a

single equation which—when solved for ¢; and with the surface int.egral

ipav Teauial 2220AY 42Ca2 SLAVCOCW 202 K12 vl

over B split into its component parts——reads since ¢ = ¢; on B; and
¢ = ¢2 on B2:

#1 [[ @Uy/on)dS + ¢ [[ 0U1/om)ds }2: A
ey - -E— @)
g U1 (9U1/on)dS + l[ UL(9Uy/om)dS ’Zl L.

lﬁ = alUl, U1 = (44)

where

To evaluate the integrals (46) we use as coordinates on the surface B,
the variables », w introduced in (19) of 12-1(d); thus, for points of the

surface u = ux, we have
T = U Sin v cos w, Yy = u sin v sin w, z2=—cosv (k = 1,2),
=

w < 2x). (47)
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According to 2-11(b) the element of surface area on By is given by

IQ — /T2 | 1 W2\ m2 I 1 m2Y _ (nom L o _1_.,,,\ Ay A
U = \WnTypT"u}\WwTwaﬂ/ \ZToZw T Yol lﬂ&u;/ww
= Tx-"\/sm%-{— a? cos? v sin v dv dw (k = 1,2), (48)

as we compute with the aid of (47). To express the normal derivative
(0U,/0n) in terms of v and w we first note that the outward (from R)
normal direction is in the direction of decreasing u on B; and in the direc-
tion of increasing u on B, according to (43). Thus, in applying the
result (19) of 2-11(c) we write

égl. = (__1)k (UI)”u” +_£U1)Uuu + (Ul)zuz
an VUl + ul + u?
= — (-1 2ty A+ o

\/Ixi + yz + atz? (.’1:2 + y? + zz);

- (=1)Fa? (49)
u? 4/s1n% v + a? cos? v (a? sin? v + cos? v)t

as we find with the use of (43) and (44), then with the aid of (47). With

the results (48) and (49), and with (47) applied to (44), the integrals (46)

become

(e 1Yet1a2 sin » dw dv _
Jr = (=1)""a [ _/ (a sin? » + cos? v)} (k = 1,2),
Li = (— 1)t sin v dw dv (k = 12).

uk jo jo (a?sin? v 4 cos? v)?

Evaluation of Ji and L, is accomplished by elementary methods. In
both cases integration over w merely yields the factor 2r; the substitu-
tion £ = cos v reduces both integrands to standard algebraic forms. We
obtain, finally,

—1)kHL
Jo=ta(-)m, L= 2D p), (50
cos™! o
+ 0<a<l
( V1 — a? * ( ’
(a = D), (51)

Fla) =
log (o + Va2 — 1)
2 '\/az—l +a (a>1).

With (50) equation (45) becomes
2(¢1 - ¢2) . (52)

a = 1
CICEE

Uz
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Substituting (44) into the right-hand member of (37), we obtain

ree

Coz W/! (U2 + (Uy)? + (Uy)?¥dx dy de,

or, on applying Green’s theorem (30) of 2-14 plus the fact that V2U, = 0,
a2

4 Uy o _
Co2 4rign = ¢1)2!,/ UsTn 95 = (s — g Lt T 12, (83)

according to the second definition of (46). With (50) and (52) the
inequality (53)—our final result—reads

\u
where F(a) is given by (51).
Combining (54) with the result (26) of 12-1(d) for the condenser under
consideration, we obtain the double inequality

2 4 o? UL1U2 2 U1U2
3a <u2 - ul) = Co = F(a) <’U,2 - u1>' (55)

For a = 1 the upper and lower bounds are equal, according to (51), to
the precise expression for the concentric spherical condenser.

IIV

roy () (54)
F@@ \ua — )

1.5
2+a?
— S«
1.0 E——
R ;\
F(a)
0.5
0.5 1.0 1.5 2.0
Fie. 12-2.

Figure 12-2 exhibits the behavior of the numerical coefficients of
[uius/(u2 — u1)] in the upper and lower approximations which appear in
(55), for the range 0.5 < a = 2.0.

12-3. Remarks on Problems in Two Dimensions

(a) An important class of problems in electrostatics is characterized
by the fact that the potential function ¢ is independent of one of the
cartesian coordinates—which, for the sake of definiteness, we designate
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as z. In geometric terms the conducting surfaces which bound the
electrostatic field are cylindrical with generators parallel to the z axis.

CICU Ui UN v viy 2aTals LY RULE S A0 4vil JCLCIaVVIS p<3 027 3 Ler) § (53 3 Ly

Thus every plane z = constant contains the same cross-sectional con-
figuration of these surfaces, so that we may confine our attention to a
single such plane—say z = 0. Thus, in describing the conducting sur-
faces, we speak of them as curves—their cross sections—in the zy plane.
A right-circular cylinder of radius @ whose axis is the z axis, for example,
is thus spoken of as the circle 22 4 y? = a?in the zy plane. The region R
bounded by two cylindrical surfaces thus becomes the domain D in the
zy plane bounded by two curves—the cross sections of the surfaces; etec.

The physical realization of a situation in which ¢ is independent of z is
at best approximate; the mathematical results achieved are applicable
to cases in which the fields are bounded by cylindrical surfaces cut oﬁ'
the cross-sectlonal d1mens1ons of the ﬁeld, and only at pomts between,
but distant from, these planes.

Two-dimensional problems in potential theory are most easily handled
by the methods of the theory of functions of a complex variable. Never-
theless, the techniques introduced in the two preceding sections of this
chapter are also of some use, particularly for the approximation of solu-
tions which are unattainable in precise form. In this section we indicate
the lines along which these techniques may be applied to two-dimensional
problems. Many of the details, as well as applications, are left for the

. :
avarnicag at tha and af thic nhantar
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(b) The capactty per unit length of a cylindrical condenser consisting of
the inner curve C; and the outer curve C; which bound the domain D
may be defined as the minimum of

m/ (62 + ol)dx dy (56)

with respect to continuously differentiable functions ¢ for which ¢ = ¢,
on C; and ¢ = ¢ on Cy. In end-chapter exercise 1(b) it is proved that

the minimizine & satisfies the two-dimensional Lanlace pnnnhnn
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G2z + by = 0, or Vi¢ = 0. (57)

The techniques for approximating (from above) the minimum of (56)—
and thus approximating the solution of (57)—are essentially identical
with those discussed in 12-1(b,c,d) above; in general the details of appli-
cation to two-dimensional problems are somewhat simpler.

Analogously to 12-2(a) we may also define the capacity per unit length
of the condenser of the preceding paragraph as the marimum of (56) with
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respect to functions ¢ which satisfy (57) and the ‘“relaxed’’ boundary
condition

f(¢1—¢) ds+f (: = #) 52 ds = 0. (58)

The proof is called for in end-chapter exercise 13(a).

(¢) We may develop the minimum definition of the capacity per unit
length of (b) above along the line of 12-1(¢c). With the details left for
end-chapter exercise 14(a) we arrive at the result

1\

Co, (59)
/ du/ h(u)

where ¢, is the actual capacity per unit length of the condenser bounded
by the curves C; and C; which are members of the family of closed curves
u(z,y) = a, with 4 = u; on C; and 4 = u; on C,. The function w(x,y)
is such that u(z,y) = a: lies entirely within the domain bounded by
u(z,y) = a; whenever u; < a; < a2 = 2. The function h(u) is defined
by the integral

2,y 4

o ) (60)

h(u) = f (u2 + u2)

where v 1s a continuously differentiable function of position in D which
varies monotonically from v, to v; as any curve ¥ = constant is traversed
exactly once (v; < v3).

12-4. The Existence of Minima of the Dirichlet Integral

In the foregoing sections of this chapter we have occasion to consider
the so-called Dirichlet integral

I=[[[ @+ &+ oddzayaz, (61)
R

whose minima with respect to certain classes of functions ¢ characterize

+ha anlitinne nf nrahlame in froa_anane aleptractatios T+ i aganimad
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throughout that the required minima actually exist. Similarly, much
of the work of the preceding chapters is intimately connected with the
tacitly assumed existence of certain minima of integrals very closely
related to (61), in one, two, and three dimensions. Although it would
carry us far beyond the scope of our study to go into the question of the
existence of the stated minima with any degree of thoroughness, certain
facts concerning this question should be recognized.

Clearly, the integral (61) possesses a lower bound: I can never be
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negative. It therefore seems plausible to suppose that there exists one
from among the functions eligible for the minimization which bestows
upon I a value less than (or equal to) any value which any other eligible
function gives to I. The plausibility of this supposition is strengthened
by the well-known theorem for continuous functions: In a closed region
a continuous function actually assumes its minimum value for some set.
of values of the independent variables. A further argument supporting
the existence of a minimum of / with respect to a given class of functions
¢ rests upon physical considerations: “Since the solution of the corres-
ponding physical problem must exist, so also must the solution of the
minimum problem.”

The foregoing line of argument, widely referred to as Dirichlet’s princi-
ple, dominated mathematical thinking around the gniddle of the nine:
teenth century and was actually responsible for a large body of significant
discoveries. With his enormous critical faculty brought to bear upon the
question, however, Weierstrass found Dirichlet’s principle unreliable and
in 1870 produced an example which conclusively demonstrated the princi-
ple to be false in the form in which it was understood at that date. As &
natural result of this discovery, reliance upon Dirichlet’s principle was
abandoned, and many of its consequences—in particular, many impor-
tant theorems on the existence of solutions of boundary-value problems
related to partial differential equations—were accordingly viewed with
serious doubt.

The effect of Weierstrass’s negative discovery had significant positive
aspects as well. With the collapse of one of their stanchest pillars mathe-
maticians labored hard, and in large measure successfully, to provide sub-
stitute foundations for the consequences of the discredited principle of
Dirichlet. But the discredit was only temporary; in 1899 Hilbert estab-
lished an unassailable basis for Dirichlet’s principle—under proper con-
ditions satisfied by the region R and by the functions ¢ admitied to eligibility
for the minimzezation. We do not discuss here what these conditions are;!
what is significant to the scope of our study is the fact that their non-
satisfaction is associated with problems of distinctly ‘“pathological”’ cast
—problems whose main interest lies in their contradiction of Dirichlet’s
principle as 2t was understood prior to 1899.

EXERCISES

1. (@) In (2) of 12-1(a) write ¢ = ¢o + ¥, where y is continuously differentiable,
and

V2¢y = 0in R, ¢ = 0on B, (62)

1 For full discussion the reader is directed, for example, to Kellogg, Chap. 11, and
Courant (1).
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and so prove that W = W, where W, is the value of W when ¢ = 0 (¢ = ¢o). Thus,
since ¢ exhibits the same boundary values as does ¢o, we have the required proof
that the function which extremizes (2)—and thus, according to (3), satisfies Laplace’s
equation—also renders (2) a minimum with respect to functions ¢ which assume the
requisite values on B. HiNT: Transform the integral which involves both ¢o and ¢
according to Green’s theorem (30) of 2-14(c). Show that this integral vanishes
because of (62).

(b) Use the method of part (a) to demonstrate the analogous two-dimensional
result stated at the opening of 12-3(b).

2. (a) Use Green’s theorem (30) of 2-14 to show that a function y which satisfies

Laplace’s equation in R and
W oag =
[] ¥ I dS =0,

where B is the boundary surface of R, is necessarily a constant. If, further, ¢ = 0
anywhere on B, it thus follows that y = Oidentically in R.

(b) Use part (a) to prove that vi¢ = 0 in R, with ¢ prescribed everywhere on B,
is sufficient to determine ¢ uniquely. HiNT: Assume the two solutions ¢ = ¢, and
¢ = ¢, 80 that, withy = ¢2 — ¢1, wehaveVl = 0in R,y = Oon B.

8. (a) Prove that the function ¢ given in (5) actually satisfies V2¢ = 0. HinT:
Either use r = (22 + y* + 2*)} with the cartesian form of Laplace’s equation or, more
directly, use the polar form of the laplacian found in (29) of 9-2(c).

(b) Use the definitions given at the opening of 12-1(c) and 12-1(e) to comnpute the
capacity of the sphere considered in 12-1(b). ANswWER: b.

4. (a) Use Green'’s theorem (31) of 2-14 to prove that

g 45 =, (63)

if B’ is the boundary surface of any region R’ in which V3¢ = 0 everywhere,.

N

Bl

\__/
Fia. 12-3.

(b) Let V3¢ = 0 in R; ¢ is not identically constant in R. Use (63) to prove that
there is no subregion R’ of R, which has a finite (nonzero) volume less than that of R,
in which ¢ is constant throughout. Proor: Let the closed surface B’, which lies
entirely in R, be the boundary of the largest connected subregion R’ in which ¢ assumes
the constant value ¢;. B’ may coincide with part, but not all, of the boundary B of B
since ¢ is by hypothesis not constant throughout R. It is thus possible to construct
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a sphere Q which lies entirely within R and whose center is at some point of B’, with
radius so small as to exclude from @ every point of R exterior to R’ at which ¢ = ¢;.
Let the portion of @ exterior to R’ be denoted by R”. Because ¢ is continuous, its
value in R’ is either everywhere greater than ¢, or everywhere less than é,; for the
sake of definiteness we suppose ¢ > ¢: in R”, Thus, as we traverse any sufficiently
short straight line segment from any point of B’ (within @) into R”, the function ¢
always increases. We may therefore choose the radius of @ so small that (3¢/an) > 0
at every point of its surface B* which is exterior to R’. Since (d¢/9n) = 0 at every
point of B* within R’, it thus follows that

¢
B/! % 45 > o, (64)

contradiction to (63), since V3¢ = 0in Q. (If ¢ < ¢; in R”, the inequality in (64)
reversed.)

(c) Use (63) to prove that ¢, not identically constant, can assume its maximum and
minimum values only on the boundary B of any region R in which V*¢ = 0 throughout.
Proor: Suppose that ¢ assumes its maximum at any point P of R not on B. Con-
struct, with P as center, a spherical surface B’ in R having radius so small that
(8¢/0n) < 0 everywhere on B’. Because of part (b) we cannot have (d¢/dn) =0
identically on B’ for all sufficiently small radius. Thus (63) is contradicted. (The
argument against a minimum at P is similar.)

(d) Use part (c) to prove that, if V¢ = 0 throughout R and ¢ = constant on the
complete boundary B of R, then ¢ = constant throughout R. Also, use 2(b) to
prove this result.

b. Use exercise 4 to prove the following sequence of facts concerning the potential
¢ in the region R bounded by the conducting surfaces of a condenser as described in
the opening paragraph of 12-1(¢). That is, R is the region exterior to B;, on which
¢ = ¢1, and interior to B2, on which ¢ = ¢2; ¢1 < ¢2, and V3¢ = 0in R,

(a) If ¢ = 4:1 at any interior point P; of R, then ¢; < ¢; < ¢2. Through any
such point P; there passes a closed surface B on which ¢ has the constant value ¢;.
B is everywhere interior to B, and B, is everywhere interior to B;. Hint: On every
straight line segment joining B, to B; the continuous function ¢ must assume the
value ¢, at least once since ¢; < 4"1 < ¢2. Ete.

() For a given value of ¢, there is but a single closed surface ¢ = ¢; in
R (41 < ¢; < ¢2). HinT: Use exercise 4(b,d) to show, first, that there can be no
surface ¢ = constant in whose interior B; does not lie. From 4(d), also conclude
that the existence of two surfaces ¢ = ¢,, both of which enclose regions which contain
B, necessitates a finite subregion of R throughout which ¢ = ¢;, which is ruled out
by 4(b) and ¢1 < ¢».

(¢) From parts (a) and (b) conclude that there exists a one-parameter family of
equipotential (constant-¢) surfaces, closed in R, with the following property: The
surface ¢ = ¢; lies everywhere interior to the surface ¢ = ¢', if ¢; < <b',. (These
surfaces cannot have a point in common since ¢ is single-valued.)

(@) Let u = F(¢), where F'(¢) > 0 in R and F(¢1) = us, F(¢s) = us. Show that
% satisfies the requirement laid down in 12-1 (c) for the function u(z,y,2z): Namely,
U = upon Bk (k = 1,2); through each point of R there passes one and only one surface
f’f th? family u(z,y,2) = 4 lying entirely within R, such that u = A, is everywhere
interior to the region bounded by u = A; whenever A; < A..

Thus the existence of the required function v follows directly from the existence of

e
& |
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the potential function ¢; the latter we tacitly assume throughout (see 12-4). It
should be kept in mind, however, that it is not always a simple matter to determine
the function « in spite of the highly arbitrary character of the function F(¢); prior to
solution of the problem in which the use of u is required, the potential ¢ is not avail-
able to us!

8. (a) Given the differentiable function u = u(z,y,2) with z, y, z expressed in terms

of the independent variables u, v, w through the differentiable relationships
z = z(uvw), y = y(uo,w), z = z(u,0,w), (65)

derive the set of equations

1 = UzTy + UyYu + u.zu,
0 = uzzy + uyyy + uszy, (66)
0 = UzTw + UyYu + UsZe

(b) Use (66) to obtain the result

o

3(z,y,2) |* I
[6(u,v,w)]
with the denominator assumed not to vanish. Thus, through (85), equation (67)
provides the explicit expression of (v} + uj + u}) in terms of (u,v,w), as called for in
(11) and (12).

(¢) On the basis of (67) fill in the details of the following proof that the function
H(u) defined by (12) is independent of the particular choice of the functions v, w
congistent with the requirements enunciated in conjunction with equation (9):

Let v* = v*(z,y,2) and w"‘ = w*(z,y,2) be & second choice of the functions » and w.

LT, A n

ywe vnus IOl‘m, accorumg to ),

a(y,z) [ _a(z2) 1* ozy) 12
-f / '3(”*’"”“)], * La(v*,W*)] il ['“”*’"")] dw* dv*.  (68)

L—_l
[

(67)

up +up +up =

dw* dv*

(z,y,2)
(u,v*,w*)

If v = v(z,y,2) and w = w(z,y,2) are the original choice of the required functions,
express (68) as an integral over the variables v and w by means of the transformation
whose jacobian is [ (v*,w*}/d(v,w)]. With the aid of the relations (see 2-8(f))

o(y,2)  o(v*,w*) _ 9(y,2)
d*,w*) d(v,w) a(v,w)

A(u,p*,w*) a(v ,W )
o (u,v,w) a(v,w)

etec.,

(69)

and
a(z,y,2)  d(up*w*) _ B(z,y,z),
A(up*w*) o(u,v,w) d(u,v,w)

together with (67), thus show that H*(u) = H(u) as given by (12).
(d) Prove the final relation of (69).
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7. (a) Show that the integral (8) may be written

fu f [ uz / \
1= j j j (6 (P(ud + 4 + u2)as 5 = / (O ( j j b ds)du, (70)
uy /) I%l u A

where the surface A is a representative surface u = A in R (u; £ A < u2). The
partial derivative (du/dn) represents the rate of change of u along the normal to the
surfaces « = constant. HinT: For the first form of (70) choose the volume element
dS dn and use the transformation du = {(du/dn)|dn; for the second form use the fact

that the magnitude v ul 4+ ul + ul of the gradient of w (see 2-12(a)) is the rate of

change of u along the normal to a surface u = constant. The use of the absolute

value of (du/dn) makes immaterial the choice between inward or outward normal.
(b) Using (70), show that (12) becomes

2w = [[ |54 as. @)
A

(¢) With (12) written in the form (71) the method and results of 12-1(c) become
applicable to cases in which it is no simple matter to write an expression of the func-
tion u explicitly in terms of z, ¥, z. Thus, if it is most convenient to define u in
geometric terms, the integral (71) may lend itself to ready evaluation while (12) may
not.

For example, consider the case of the condenser formed by the concentric parallel
cubes of edge a; and a; (a; < az). We define the family of surfaces u = constant
as the aggregate of cubes concentric with, and parallel to, the boundary cubes and
having edge lengths between a, and a;. On any given member of this family, having
edge a, we assign the constant value u = }a.

Show that, with this geometric assignment of u, we have |(du/on)] = 1, so that
evaluation of (71) gives H(u) = 6a? = 24u?. Hence, with the aid of (16), show that
the capacity Cy of our cubical condenser satisfies the inequality

Co < 6ui1us _ 3a1a2 = 0.95 aar
(U — w) w(@: — a1) a: — ay

(72)

(d) Use the above method to obtain an upper bound for the capacity C’f, of the single
conductor consisting of the cube of side a;, but employ for the surfaces © = constant
the parallel surfaces of the cube. (A given ‘‘parallel surface’” B’ of the cubical
surface B, is a closed surface exterior to B, such that the distance from any point of
B’ to B, along an internal normal to B’ is the same at all points of B’. Thus B’ con-
sists of six squares, twelve quarter-circle cylinders, and eight octants of a sphere;
these twenty-six parts are joined smoothly. It is clear that any line normal to one
of the parallel surfaces of a given cube is normal to all.) HinT: If we associate with a
given parallel surface a value of u equal to the perpendicular distance from one of its
plane portions to the center of the given cube, the constant normal distance to B,

is (¥ — %ai1) and |(du/dn)|{ = 1, so that H(u), according to (71), is the area of the
parallel surface:

H(u) = 6a] + 6rai(u — 3a1) + 4w(u — 3ar)

Answer: C; < 0.7105a;. Compare with (72), with a; — .
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8. Given that the equipotential surfaces in a condenser consisting of two concentric
spheres are themselves spheres concentric with the conductors, derive the precise
expression for the potential according to the method outlined in the antepenultimate
paragraph of 12-1(c).

9. Show that the transformation (19) of 12-1(d) is such that each point of the
region R between the concentric ellipsoids of revolution u = u, and u = wu. is asso-
ciated with one and .only one triple of values (u,v,w), with u; S u S u, 0 S v < 7,
0= w< o

10. The precise capacity C, of the single conducting prolate spheroidal surface
given by (28), with b < a,is given by (see Abraham and Becker (referred to in 12-1(a)),
p. 64)

Cl — ‘\/(1,z — b2
* logl(a + Va? — b%)/b)

Expand the reciprocal of C; as a power series in [1 — (b/a)?], and compare the result
with the similar expansion of (1/C’) as given by (29). Thus prove directly that
C' z C,, and show that the accuracy of approximation of C, by C' is the better
the smaller the value of [1 — (b/a)?].

11. (@) Show that the inequality (37) of 12-2(a) may be rewritten in the form

(73)

a d
aror = o0Co 2 [[w¥as =~ [[o3tas (74)
B B

with the aid of Green’s theorem (30) of 2-14 and (34). HiINT: Use the fact that
vy = 0in R.
(b) Use Green’s theorem (31) of 2-14 to prove that

[[%as= [[Pas+ [[2as =0 (75)
JJ O JJ T P
B B B2
if V3% = 0 in the region R bounded by the condenser surfaces B; and B..
(c) Since ¢ = ¢10n Byand ¢ = ¢p20n Br (¢2 > ¢1), rewrite (74) as
dr(gs — $)Co 2 f/ ¥ s, (76)
B:

with the aid of (75).
(d) In case we let v = a U, (v2U: = 0), use (42) and (75) to rewrite (76) in the
form

> T3 77
Co2 (77)
where
aU 108
Iy = /fa—n‘dS, Li = [[ U, 22048 k= 12), (78)
B, B

12. (a) Use (77) and (78) of exercise 11 to obtain a lower bound for the capacity C,
of the cubical condenser described in exercise 7(c). HiNT: Place the origin of coordi-
nates at the center of the condenser, with axes parallel to the cube edges, and make the
choice of U, given by (44). By symmetry argument thus show that any integral of
(78) is equal to six times the integral carried out over one face of the cube. On the
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face z = 3a; of By, (8U1/3n) = —(9U1/0z);0n z = 3as of By, (3U:1/dn) = (3U,/dz).
Thus evaluate

$as [ias dy dz
Ja = —1203 /(; /(; (%az T y’ T z’)i = —41l', (79)
Yax [hak dy dz 24 /2
— — 1Y+l = —1)e+1 -1
Ly = 2a(—1rn [ [ Gty T~ TVt v

(k= 1,2).

. ™ a102
ANswER: C, = 673 cot-1 /2 G2 — a1
bound result (72) and—for g; — x—with the upper bound for the single cube
obtained in exercise 7(d).

(b) Prove that it is not mere coincidence that the result (79) is identical with the
value of J; found in (50). HinT: Note (75).

18. (a) Prove that the capacity per unit length ¢, of a cylindrical condenser, as
described in 12-3(a), is given by the maximum of (56) with respect to functions ¢
which satisfy both (57) and (58). HinT: Compare 12-2(a).

(b) Develop the principle embodied in part (a) along the lines of 12-2(a) and exercise
11 above to derive the result

= 0.60 —ﬂ; compare with the upper-
as — ay

J3
> 2
Co = 41r(L1 +L’)’ (80)
where here
oU _ ;1% -
Jg = /C’ %—&, Ly = /Cb U n ds (k = 1,2), (81)
U =U,y), viU = 0. (82)

(c) Use (80) to obtain a lower bound to the capacity per unit length ¢, of a ¢cylindri-
cal condenser whose trace in the zy plane consists of concentric parallel squares of
sides a: and a, respectively (a; < a;). For the function U satisfying (82) use
log /2 F 3?2, where the origin of coordinates is the common center of the squares.
HinT: Do not try to evaluate L, or L, individually as given in (81); the required sum
(L1 + L,), however, is readily evaluable. (Use polar coordinates for the integration.)
ANSWER:

1
Co = 3Tog (aa/ay) (83)

(d) Show that result (83) applies also to a cylindrical condenser whose trace in the

zy plane consists of the pair of concentric coaxial similar ellipses

x! 2 2 2
— -y—-=1, %2_*__1/__:.1 (a2>a1>0). (84)
2

ai ' ol alal

) (¢) Prove that the result (83) applies to any cylindrical condenser whose trace
in the zy plane is described, in plane polar coordinates, by the two equations » = a,g(0)
and r = ax(6), with a; > a; > 0. Show that the equality sign holds in (83) if
g(0) is a constant.

12114=(. )(a) Prove the inequality (59), where h(u) is given by (60). Hint: Compare
-1(C).
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(b) Show that (60) may be written also in the form
£ !l a..
h(u) = /C | a—z lds, (85)

where C is any curve u = constant as described in 12-3(¢). HinT: Compare exercise
7(a,b) above.

(c) Employ (59) together with (60) to obtain an upper bound for the capacity
per unit length ¢, of the cylindrical condenser described by (84). ANSWER:

(a® + 1)
Co E o
4o IOg (ag/al)

Compare with the lower bound given by (83).

(d) Employ (59) together with (85) to obtain an upper bound for the capacity per
unit length ¢, for the concentric-square cylindrical condenser described in exercise 13(c)
above. HinT: Compare the treatment given the cubical condenser in exercise 7(c).
ANSWER: ¢y < 2/[ log (a:/a1)]. Compare with the lower bound given by (83).



BIBLIOGRAPHY

Briss, GiLBerT A., (1) “Calculus of Variations,” Mathematical Association of
America, 1944.
, (2) “Lectures on the Calculus of Variations,” University of Chicago Press,

Chicago, 1947.
BowLza, OskAR, “Lectures on the Calculus of Variations,” Hafner Pub. Co., New York,

1946. Dover reprint.

NAarrmairam R 1) “Tirinhlat?s Prinainla ?? Tntarcatanan Puahliahara Trna Nl arer VAl
UULALYL, Lvy \L) AJILIVINCU B L LUUVLAT, ALVOIOUITVIIUTC 1 UVLISIIVID, LIkU., INCW 4L Ulh,
1950.

, (2) Uber die Eigenwerte bei den Differentialgleichungen der mathematischen

Physik, Mathematische Zeitschrift, Bd. 7, pp. 1-57, 1920.

and D. HiLBERT, ‘‘ Methoden der mathematischen Physik,” Vol. I, Chaps. 4,6,
Julius Springer, Berlin, 1931.

Fox, CHarLES, ‘‘An Introduction to the Calculus of Variations,” Oxford University
Press, New York, 1950.

FrankuIN, Puinip, “ Methods of Advanced Calculus,” McGraw-Hill Book Company,
Inc., New York, 1944.

GoursaT, Epouarp, “Mathematical Analysis” (translated by E. R. Hedrick),
Vol. I, Ginn & Company, Boston, 1904. Dover reprint.

INcE, E. L., ““Ordinary Differential Equations,”” Dover Publications, New York, 1944.

JacksoN, DuNuaM, ‘‘Fourier Series and Orthogonal Polynomials,”” Mathematical
Association of America, Oberlin, 1941.

KreLLoga, OLIVER D., ‘‘Foundations of Potential Theory,” Frederick Ungar Publish-
ing Co., New York, 1940. Dover reprint.

Love, A. E. H,, “ Mathematical Theory of Elasticity,”” Dover Publications, New York,
1944.

Pérya, G. and G. Szeed, ‘‘Isoperimetric Inequalities in Mathematical Physics,”
Princeton University Press, Princeton, 1951.

RavreiGH, Lorp J. W. 8., “Theory of Sound,” Dover Publications, New York, 1945.

Scurrr, L. 1., “Quantum Mechanics,” McGraw-Hill Book Company, Inc., New York,
1949.

SoxOLNIKOFF, IvaN 8., “Mathematical Theory of Elasticity,” McGraw-Hill Book

Company, Inc., New York, 1946.
Wharrtaxer, E, T, ¢ Analytical Dynamies,” Dover Publications, New York, 1944.

A TiTvy A L&l u O 5 5






INDEX

A

Abraham, M., 294n., 316
Action, 8588, 268-269
Approximation of eigenvalues (see Ritz
method)
Area, formula for surface, 10
maximum, in plane, 53-56
minimum surface, 115

minimum surface of revolu

30-32
Asymptotic distribution of eigenvalues
(see Eigenvalue-eigenfunction prob-

lems)
B

Bar bending, by couples, 212-217, 250-
251
‘““engineering theory,” 251
(See also Eigenvalue-eigenfunction
problems; Vibratjons)
Basic lemma, 16~17, 4344
Becker, R., 294n., 316
Bending by couples, bar, 212-217, 250~
251
plate, 224-228
Bending moment, 214-215, 250
Bernoulli, J., 19, 29, 67, 71
Bernoulli-Euler equation, 251
Bessel functions, 129-130
in circular-membrane problem, 194
in circular-plate problem, 259
Bibliography, 319
Black-body radiation, 198, 271
Bliss, G. A., vii, 2n., 20n., 29n., 31n., 319
Body forces, 199, 205
Bohr, N., 264, 275
Bolza, 0., vii, 2n., 319
Born, M., 277n.
Boundary conditions, distinction between
free and imposed, 114-115
elastic solid, general, 209-210

Boundary conditions, electrostatic poten-
tial, 294-205
relaxed conditions, 302-306
vibrating bar, 221
vibrating membrane, free edge, 153
elastically held edge, 152
vibrating plate, 231-236, 256257
free-edge square, 248-249
corner condition, 249
Brachistochrone, 19, 28-29
curve to fixed point, 41-43
optical solution, 71
point, to curve, 4041
to vertical line, 38
between two curves, 47

C

Capacity of condenser, 297
approximation of, from above, 208
300, 314-315
cubical condenser, 315
ellipsoidal condenser, 300-302, 316
from below, 302-306, 316
cubical condenser, 316-317
ellipsoidal condenser, 306-308
characterization, maximum, 304
minimum, 297
cylindrical, 309
approximation of, 317-318
characterization, maximum,
310, 317
minimum, 309, 310
Cavity radiation, 198, 271
asymptotic distribution of frequencies,
198
Change of variables (see Transforma-
tion)
Compadtibility, equations of, 204
Condenser (see Capacity of condenser)
Coordinates, generalized, 73
Couple (see Bending by couples)
Courant, R., viii, 2n., 171n., 311n., 319

309-

321
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D

Davisson, C. J., 264, 270
De Broglie, L., 264, 270, 271
Degeneracy, 154
(See also Eigenvalue-eigenfunction
problems)
Derivative of an integral, 5
Determinants, 8-9
Dirichlet, existence of minima of integral,
310-311
principle of, 311
problem of, 296
Dynamics of particles, 72-92

E

Eigenvalue-eigenfunction problems, 99
quantum mechanics, 263
characterization, isoperimetric, 263,
280
minimum, 281
eigenvalues as energy levels, 263, 278
significance of normalization, 276,
279
(See also Helium; Hydrogen)
Sturm-Liouville, 119-131
asymptotic distribution, 196-197
characterization, isoperimetric, 119
maximum-minimum, 196
minimum, 130
orthogonality, 130
(See also Sturm-Liouville prob-
lem)
three-dimensional vibrations, 197-198
vibrating bar, 221-224
clamped, 244-246
explicit solution, 252-255
isoperimetric characterization, 223
orthogonality, 223-224

wibhratine mambrana 145148
Viorailng memoraneg, 145—i1490

, 152
approximation, 188-192
asymptotic distribution, 177-188
characterization, isoperimetric, 147-
148, 152-153
maximum-minimum, 171-173
consequences, 173-176
minimum, 164-167
consequences, 167-170
limitations, 170-171
degeneracy, 154, 155, 163-164, 167n.

CALCULUS OF VARIATIONS

Eigenvalue-eigenfunction problems, vi-
brating membrane, normalization,
146, 152

1TV, 104

orthogonality, 154-157
rectangular, 161-164
vibrating plate, 236-240
approximation, 240-244
clamped square, 244-248, 260
characterization, isoperimetric, 237~
238, 257
maximum-minimum, 240, 258
minimum, 239-240, 258
circular, 259-260
degeneracy, 237
orthogonality, 238-239
vibrating string, 98-100, 115-116
approximation, 107-114, 117-118
asymptotic distribution, 196—-197
characterization, isoperimetric, 116
minimum, 102-105
normalization, 99, 101
orthogonality, 101
Einstein, A., 271
Elasticity theory, 199-260
approach to dynamical problems, 210-
211
boundary conditions, general, 208-210
equations, of equilibrium and motion,
general, 209
Electrostatic intensity, 294
Electrostatics, 294-318
two-dimensional problems, 308-310
End-point conditions (see Boundary con-
ditions; Undetermined end points)
Energy, total, 75-76
eigenvalues in quantum mechanics,
263, 278
helium atom, 286
one-electron atom, 275
equivalence with hamiltonian, 77
in least-action principle, 85-88
in reduced Hamilton-Jacobi equa-
tion, 83
(See also Kinetic energy; Potential
energy)
Equations of compatibility, 204
Equilibrium, 90
of elastic plate, 260
Euler-Lagrange equations, 20-23
degenerate cases, 25-26, 134135
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Euler-Lagrange equations, in dynamics
of particles, 75, 92
first integrals, 24-25, 34, 45, 52
higher derivatives, 46, 61, 64
isoperimetric problems, 50, 95, 134
several dependent variables, 32-33, 52,
60
two or more independent variables, 94,
95, 133, 134
(See also Transformation)
Euler’s theorem on homogeneous func-
tions, 6
Extremizing function, 23
Extremum, 2, 23
of double integral, 93-95
of n-tuple integral, 133
of triple integral, 132-133

F

Fermat’s principle, 67-71

in quantum mechanics, 268-269
Flexural rigidity, of bar, 217

of plate, 228
Force components, generalized, 89-90
Fox, C., 319
Franklin, P., 3n., 319
Fundamental lemma, 16-17, 43—44

~
O

Generalized coordinates, 73
Generalized force components, 83-90
Generalized momenta, 76
Generalized velocity components, 74
Geodesics, 18, 26-27, 61-63, 65

on cone and cylinder, 45

in plane, 17-18, 24

on sphere, 27-28, 62-63

on surface of revolution, 28, 45
Germer, L. H., 264, 270

Goldschmidt discontinuous solu
Goursat, E., 3n., 319

Gradient, 12

Green’s theorem, 12-15

Group velocity, 290

3
(V]
it

H

Hamilton equations of motion, 78
transformed, 79-82
Hamilton integral, 74

323

Hamilton-Jacobi equation, 82
reduced, 83, 84
in quantum mechanics, 262, 269, 277
Hamiltonian, 76-77, 79, 82
Hamilton’s principle, 74-75, 77
application to vibrations, of bar, 218-
221
of membrane, 145, 148-151, 159
of plate, 229-231
of string, 96-97, 105
extended, 88-90, 92
application to motion, of elastic
solid, 205-209
of membrane under transverse
force, 193
of plate under transverse force,
260
of string under transverse force,
116
Hartree model of the atom, 286-290
Hedrick, E. R., 319
Helium atom, 281
approximation of ground-state energy,
281-286
singly ionized, 275
Hermite differential equation, 131
Hilbert, D., viii, 171n., 311, 319
Homogeneous functions, Euler’s theorem
on, 6
Hooke’s law, 203-204
Hydrogen atom, 271-275
energy levels, 275
spherically symmetric wave functions,
274

I

Ince, E. L., 99n., 121n., 124n., 125n., 319
Indeterminacy, principle of, 277
Integration by parts, 5
Isoperimetric problems, 48-57, 65

two or more independent variables,
95, 133-134

also  Eigenvalue-eigenfunction
problems)

(See

J

Jackson, D., 127xn., 319
Jacobi, C. G. J., vii

(See also Hamilton-Jacobi equation)
Jacobian, 9-10, 136, 140-141, 293
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Kent, G., viii

Kinetic energy, 73
of elastic deformation, 205
of vibrating bar, 218
of vibrating membrane, 143
of vibrating plate, 228
of vibrating string, 96
Kronecker delta, 101

L

Lagrange equations of motion, 75, 92
(See also Euler-Lagrange equations)
Lagrange multipliers, 6, 49, 63
(See also Isoperimetric problems)
Lagrangian, 74
Laguerre polynomials, 128-129, 274
Laplace’s equation, 295, 309
Laplacian, 12
transformation of, 138-142
Least action, principle of, 85-88, 268-269
Legendre, A. M., vii
differential equation, 131
Lemma, basic, 16-17, 43—44
Line integral, 6, 7
Linear independence, 9
Love, A. E. H., 319

M

Maximum-minimum characterization of
eigenvalues (see Eigenvalue-eigen-
function problems)

Mechanics (see Dynamics of particles;
Quantum mechanics)

Membrane, 142

(See also  Eigenvalue-eigenfunction
problems; Vibrations)

Membrane system, definition of, 167

“narrower” relationship, 168

Minimum characterization of eigenvalues
(see Eigenvalue-eigenfunction prob-
lems)

Moment, bending, 214-215. 250

of inertia (area), 214

Momenta, generalized, 76

Morse, P. M., 259n.

CALCULUS OF VARIATIONS

N

Newton, 1., 19, 74, 75
Normal derivative, 7-8, 11-12
Normalization, 99
(See also Eigenvalue-eigenfunction
problems)

0

Optics, geometric (see Fermat’s principle)
Orthogonality, 101

(See also Eigenvalue-eigenfunction
problems; Schmidt process of
orthogonalization)

P

Parametric representation, 34-36
Phase velocity, 266, 267, 269
of a particle, 269
Piecewise continuity, 4
Piecewise differentiability, 4
Planck, M., 271
Planck’s constant, 262n., 271
Plate bending, by couples, 224-228
by transverse-force distribution, 260
(See also Eigenvalue-eigenfunction
problems; Vibrations)
Poisson’s ratio, 203-204
Pélya, G., 319
Potential, electrostatic, 294
minimum characterization, 295, 311-
312
Potential energy, 72, 89
of elastic deformation, 205, 212
bar bent by couples, 216-217
plate bent by couples, 227-228
vibrating bar, 218
vibrating plate, 228
of electrostatic field, 295
of helium atom, 281
of many-electron atom, 287
of one-electron atom, 272
of vibrating membrane, 143-145
elastic binding of edge, 148
of vibrating string, 96

Q

Quantum mechanics, 261-293
comparison with classical mechanics,
276-277
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Quantum mechanics, reduced Hamilton-
Jacobi equation in, 262, 269, 277

Eigenvalue-eigenfunction

envaluc-cigeiiiill

nlen
Uvo

problems; Schrodinger )
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R

Radiation, 198, 271
Rayleigh, Lord, J. W. 8., 247n., 249n.,
319
Rayleigh-Ritz method, 241n.
(See Ritz method)
Ritz, W., 241
Ritz method, 241
in electrostatics, 296
in Hartree method, 286-290
for helium atom, 281-286
for vibrating membrane, 188-192
for vibrating plate, 240-244
clamped square, 244-248
for vibrating string, 107-114
Rod (see Bar bending)
Rope, hanging, 56-57, 64, 66

S

Saint-Venant’s principle, 211n.
Scalar product, 12
Schiff, L. I., 319
Schmidt process of orthogonalization,
155-157
Schrodinger, E., 261-264, 268-270
mechanics-optics analogy, 268-269
(See also Wave functions)
Schrédinger equation, for several parti-
cles, 277-280
for single particle, 263, 270
first derivation, 262-263
second derivation, 268-270
Schwarz’s inequality, 44
Schwinger, J., vii
Separation of variables, 98, 160-161
Snell’s law, 68
Sokolnikoff, 1. S., 201n., 204n., 217n., 319
Strain, 201-203
Strain tensor, 202-203
Stress tensor, 200-201
Stress vector, 200
String, elastic (see Eigenvalue-eigenfunc-
tion problems; Vibrations)

325

Sturm-Liouville problem, 119-131
singular cases, 127-130
Bessel functions, 129-130
Hermite equation, 131
Laguerre polynomials, 128-129
Legendre equation, 131
(See also Eigenvalue-eigenfunction
problems)
Surface forces, 199-200, 205
on cylindrical bar, 213
on rectangular plate, 225-226
Surface integral, 11
Szego, G., 319
Szego, P., viil

T

Taylor’s theorem for several variables,
10, 201-202
Thomson, G. P., 264, 270
Transformation, canonical, 79-82
of Euler-Lagrange equation, 126-127
two or three independent variables,
135-138
of laplacian, 138-142
of linear differential equation, 121-127
of multiple integral, 10
to ‘normal, arc coordinates,’’ 231-233
of Sturm-Liouville system, 121-127

U

Uncertainty principle, 277
Undetermined end points, 36-41, 51
Undetermined multipliers, 6

(See also Lagrange multipliers)

v

Velocity components, generalized, 74
Vibrations, of bar, 217-221
variable cross section, 252
of gas, 98
of membrane, 142-145
circular, 194
elastically held edge, 148-153
free edge, 153
general solution, 158-160
inhomogeneous boundary conditions,
193
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Vibrations, of membrane, natural fre-
quencies, 146, 160
nodal lines, 196
rectangular, 161-164
under transverse force, 193
of plate, 228-236
circular, 259-260
general solution, 258
natural frequencies, 237, 248
rectangular, 240-249
under transverse force, 260
of string, 95-98
general solution, 105-107
natural frequencies, 100
under transverse force, 116-117
of uniform density, 117
in three dimensions, 197-198
(See also Eigenvalue-eigenfunction
problems)

CALCULUS OF VARIATIONS

w
Wave equation, 264

for a particle, 270
time-independent, 265
(See also Schrodinger)
Wave functions, 263
physical interpretation, 275-279
(See also Hydrogen atom)
Wave mechanics (see Quantum mechanics)
Wave phenomena in general, 264-268
Weierstrass, K., vii, 311
Weinstein, A., 247n.
Weinstock, E. B., viii
Whittaker, E. T., 319
Work, 90
of stretching, membrane, 143-144

string, 96
Y
Young’s modulus, 203





