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Preface

Physiology is a dynamic discipline, and as new information and concepts emerge and our
understanding evolves, the material we teach must also change. Each chapter of the third edition of
Essential Medical Physiology has been updated and revised to encompass this new information.
The authors and I have tried to eliminate errors that appeared in the previous edition without
introducing new ones. We are grateful to our colleagues and students for help in identifying
mistakes and inconsistencies, and we ask for their continued aid in improving future editions. In
addition, four new chapters have been added integrating material in the important areas of
exercise, heart failure and circulatory shock, maternal adaptations to pregnancy, and diabetes.

Each of the authors is an acknowledged expert in the field he or she is writing about. This is the
major strength of this text. In contrast to many texts, which are single-authored or written by
members of a single department, the authors represent seven different medical schools. Each has
more than 20 years of experience teaching medical students in his or her area of expertise. All are
nationally and internationally known for their research and contributions in the field about which
they are writing. This expertise is manifested in many different ways. Six authors have written
monographs for medical or graduate students. Seven are, or have been, the chairs of their
departments and responsible for the content of the course in medical physiology. Six have served as
consultants for developing the Part I examination for the National Board of Medical Examiners,
and three have chaired the Physiology Test Committee for that organization. This experience has
made it possible for each author to select the material that is essential to the discipline of medical
physiology. Each is an excellent writer and has provided a thorough, up-to-date treatment of this
material. As editor, I am grateful to them for their willingness to contribute their time and abilities
to this project.

Most modern textbooks contain features to make them easier for students to use and to identify
important concepts. Each chapter begins with a page-indexed chapter outline and a bulleted
summary of the major points covered. Basic items and concepts in the text appear in bold type the
first time they are used and defined. Chapters contain clinical notes emphasizing the relationships
between physiology and clinical medicine. This clinically-related material has been highlighted and
serves to reinforce the physiology as well as identify clinical relevance.

With this edition, however, we have gone one step further and created a set of outlines
integrated with the figures in the text. As our research has become more cellular and molecular the
classical boundaries between basic science departments have disappeared. Most departments
responsible for teaching physiology have faculty members who were not trained as medical
physiologists. It is our hope that these outlines, presented as a compact disc, will aid in the
organization of lecture notes or serve as the basis for student handouts.

Simply stated, physiology is the study of function. Function occurs at three levels: molecular,
subcellular, and cellular. Events at these levels in turn determine the activities of tissues, organs,
and systems. Understanding at each level is necessary to appreciate the overall function or
dysfunction of an individual. The overriding principle of physiology is the integration of a variety
of mechanisms. For example, how does the kidney produce urine? And how is this process
regulated so that the volume and salt content of urine are matched to the salt and water intake of
the individual and the loss of salt and water via other processes such as respiration and sweating?
Each of the authors has presented and integrated in his or her section the material that is necessary
to medical physiology as it is taught in most medical schools. Cell biology is integrated as part of
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the physiologic discipline as it arises, not in a separate section. Chapters often found in physiology
textbooks that are better suited to disciplines such as histology, immunology, or biochemistry have
been omitted. This textbook contains the information the authors and editor believe essential to
providing a strong background in physiology for the practice of medicine. This is the basis of the
title chosen for the text.

Physiology is the primary basic medical science. It is essential to pharmacology, the study of the
effects of drugs on physiologic processes. Most of medicine itself is pathophysiology. We hope that
each student will realize that the study of physiology should continue throughout his or her career.
With that in mind, a few references are included at the end of each chapter. They cite well-written,
recent articles that provide a wealth of information as well as extensive bibliographies for further,
more detailed reading.
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¢ Physiologic processes have evolved to maintain
the constancy or stability of the internal envi-
ronment. This tendency toward maintenance of
physiologic stability is homeostasis.

e Living things are open systems.

e The total body water is contained within two
major compartments—the intracellular com-
partment and the extracellular compartment.
The intracellular compartment is further sub-
divided into the plasma and the interstitial fluid
compartments.

e The intracellular compartment is characterized
by low intracellular Na* and CI~ concentrations
and a high K* concentration. The intracellular
compartment comprises approximately 25 L,

KEY POINTS

which is approximately 35% of total body
weight.

The extracellular compartment is divided into
the plasma and interstitial compartments; the
former comprises approximately 3 L and the
latter approximately 12 L. These compart-
ments are characterized by high Na* and CI~
concentrations and a low K* concentration.
Four organs provide the interfaces between the
extracellular fluid compartment and the outside
world: the skin, alimentary canal, lung, and
kidney. The proper interactions among these
organs and the external environment is essen-
tial for homeostasis.

Essential Medical Physiology, Third Edition

Copyright © 2004, Elsevier Science (USA)
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4 Body Fluid Compartments and Their Contacts with the Outside World

HOMEOSTASIS: THE SUBJECT
OF PHYSIOLOGY

If one had to describe, with a single word, what
physiology is all about, that word would be homeostasis.
This word was coined by the great American physiol-
ogist, Walter B. Cannon, in his book entitled The
Wisdom of the Body (1939) and refers to regulatory
mechanisms by which biologic systems tend to maintain
the internal stability necessary for survival while
adjusting to internal or external threats to that stability.
If homeostasis is successful, life continues; if it is
unsuccessful, disease and perhaps death ensue.

Cannon’s notion of homeostasis was an extension of
the concept first introduced by one of the founders of
modern physiology, Claude Bernard, a physician by
training who made many seminal contributions to our
early understanding of digestion, metabolism, vaso-
motor activity of nerves, neuromuscular transmission,
and other areas of physiology. But perhaps his greatest
lasting contribution was the notion that all physiologic
processes are designed to maintain the internal environ-
ment, the milieu interieur, that bathes our cells, tissues,
and organs. The following is from his opening lecture in
a course in general physiology given at the College de
France in 1887:

The living body, though it has need of the surrounding
environment, is nevertheless relatively independent of it. This
independence which the organism has of its external environ-
ment derives from the fact that in the living being, the tissues
are in fact withdrawn from direct external influences and are
protected by a veritable internal environment which is
constituted, in particular, by the fluids circulating in the body.

In short, he suggested that we exist within our own
“hot houses” and that our existence depends on our
abilities to maintain that ‘““hot house.”

Although this notion may seem trivial now, at the
time when it was introduced it was revolutionary. It
proved to be prophetic and has influenced all physio-
logic thinking to this day.

ORIGIN OF OUR MILIEU INTERIEUR

There is good evidence that our predecessors, the
protovertebrates or prochordates, migrated from the
seas into brackish or fresh water during the Cambrian
period, almost 500 million years ago. During that
migration, which lasted some 200 million years, they
“locked” within themselves a fluid similar in composi-
tion to that of the seas from which they emerged. Some
of these early vertebrates returned to the oceans, which
had become saltier; others stayed in brackish or fresh
water; and still others chose to live on land. But,

regardless of their final habitats, the “sea” within all
vertebrates is remarkably similar in ionic composition to
the salinity of the Cambrian seas from which they
emerged. This sea that bathes all cells is rich in Na™ and
Cl7, in contrast with the intracellular fluid, which, in all
living forms including microorganisms, is rich in K* and
poor in Na*t and CI™.

LIVING THINGS ARE OPEN SYSTEMS

Maintaining a constant internal environment would
pose no problem if living things were closed systems, like
a solution in a sealed bottle. Instead, however, all freely
living forms are open systems constantly exchanging
matter and energy with the environment. The remark-
able thing is that despite this constant exchange,
essential for life, the compositions of our intracellular
and extracellular fluids are maintained remarkably
constant; this is what homeostasis is all about. How is
this accomplished?

BODY FLUID COMPARTMENTS AND THEIR
CONTACTS WITH THE OUTSIDE WORLD

The total body water (TBW) in higher animals is
distributed among three major compartments: the blood
plasma, the interstitial fluid (ISF), and the intracellular
fluid (ICF). The plasma is separated from the ISF
compartment by highly permeable capillaries; together,
plasma and ISF constitute the extracellular fluid (ECF)
compartment. This compartment is separated from the
ICF compartment by cell membranes, which in most
instances, as discussed in Chapter 3, are highly perme-
able to water but very selective with respect to the
passage of solutes. A fourth, small compartment, called
the transcellular fluid compartment, consists primarily
of fluid in transit in the lumina of epithelial organs (e.g.,
the gall bladder, stomach, intestines, and urinary
bladder), as well as the cerebrospinal fluid and the
intraocular fluid.

In an average human adult weighing approximately
70 kg, the TBW makes up approximately 60% of body
weight or about 40 L. The distribution of this water
among the plasma ISF and ICF compartments is shown
in Fig. 1, and the way in which the sizes of these
compartments are determined is discussed below. The
transcellular fluid compartment in such an individual
comprises approximately 2 to 4% of the TBW and
contains approximately 1 to 2 L of water.

The ECF of all vertebrates is in intimate contact
with four organs that interface with the external
environment. One is a tube that runs from mouth to
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FIGURE 1  Sizes of the major body fluid compartments and the four
organs that interface the extracellular fluid and the external environ-
ment. Total body water makes up approximately 60% of body weight.

anus—the alimentary canal. It is responsible for absorb-
ing water, essential elements, and the metabolites that
form our building blocks and fuel our activities; for the
most part, however, it is indiscriminant with respect to
what it will permit to enter the body. The second organ is
the lungs, which are responsible for exchanging oxygen
and carbon dioxide with the environment and, as
discussed below, are a source of water loss. The third
organ is the kidneys, which turn over the sea within us
many times each day and correct for the indiscretions of
our gastrointestinal tracts. In short, the composition of
our body fluids is determined not by what the mouth
takes in but by what our kidneys keep (Smith, 1961). The
final organ in contact with the external environment is,
of course, the skin, which plays a primary role in
temperature regulation, but is also a source of water loss.

It is the precise interplay of these interfaces (particu-
larly the alimentary canal, lungs, and kidneys) and the
external environment that maintains the constancy of
our milieu interieur and permits us to live a relatively free
and independent life. A large portion of this text is
devoted to considering how these organs perform those
essential tasks. But, for the moment, the precision of
these homeostatic processes can be illustrated by water
balance in the normal human. As illustrated in Fig. 2,
water is gained by the body via three sources: (1) water
ingested in the form of liquids, (2) water contained in
solid foods, and (3) water derived from oxidative
metabolism of carbohydrates. A small amount of water
(100-200 cc) is lost daily in the feces, and a rather
substantial amount of water (approximately 900 cc) is
lost by vaporization from the respiratory tract and skin;
the latter is referred to as insensible water loss and must

be distinguished from perspiration. These two routes of
water loss are relatively constant under conditions of
normal activity in a moderate climate. The remaining
water that must be lost to account precisely for the total
intake is excreted by the kidneys. Were it not for this fine
balance, an individual might gradually enter a state of
negative water balance and become dehydrated or a state
of positive water balance and become water loaded, both
potentially serious conditions.

IONIC COMPOSITION OF THE MAJOR
FLUID COMPARTMENTS

A comparison of the compositions of the three major
body fluid compartments with respect to their major
ionic components is shown in Fig. 3 and summarized in
Table 1. The ionic compositions of the plasma and ISF
are similar, as expected, inasmuch as they are separated
by highly permeable capillaries. The major difference
between these two compartments arises from the fact
that the capillaries are only sparingly permeable to
proteins, particularly albumin, so that the protein
composition of the plasma is much greater than that
of the ISF. Because of the Gibbs—Donnan -effect
discussed in Chapter 3, this asymmetric distribution of
anionic proteins brings about small asymmetries in the
distributions of the permeable ionic species, principally
Na't and Cl™. Thus, the concentration of Na™ in the
plasma is between 5 and 10% greater than that in the
ISF, and the concentrations of Cl~ and bicarbonate in
the ISF fluid are between 5 and 10% greater than those
in the plasma.

The ICF, separated from the “Cambrian sea within

b}

us” by highly selective cell membranes, has a

Intake Output
2500 -
Oxidative
metabolism
2000 |
Water Urine
content
z 1500 | of food
B
€
1000 |
Drink Insensible
500 L water
ol Feces

FIGURE 2  Balance between intake and output of water in a normal
adult.
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FIGURE 3  The major components of plasma, interstitial fluid, and intracellular fluid. Crosshatching refers

to other or minor components. Pr™, anionic proteins.

composition resembling that found in all living cells
down to the most primitive microorganisms. The
predominant cation by far is K*, whose positive
charge is largely balanced by anionic proteins and by
organic and inorganic phosphates; the next major cation
is Mg>*. The intracellular concentrations of Na™, CI~,
and bicarbonate are very low compared with those
found in the ECF.

BODY FLUID OSMOLARITY AND pH

Inasmuch as capillaries and most plasma cell mem-
branes are highly permeable to water, the osmolarity of
the plasma, ISF, and ICF compartments are equal and
have a value of approximately 295 mOsm/L. The pH of
the ECF compartment is approximately 7.4, whereas,
because of metabolic activities, that of the intracellular

TABLE 1 Important Components of Extracellular and
Intracellular Fluid Compartments
Extracellular® Intracellular”
Ca>* (mmol/L) 2.5 1 x 107*
CI™ (mmol/L) 110 ~10
HCO;3 (mmol/L) 20 ~10
K* (mmol/L) 4 120
Na*t (mmol/L) 140 14
Osmolarity (mOsm/L) 295 295
pH 7.4 7.1-7.2

“These are reasonably approximate values for the plasma and
interstitial fluid compartments. As noted in the text, because of
differences in protein concentration, these two compartments display
small differences in ion concentration.

"These are approximate values for many cell types.

compartment is somewhat more acidic and is approxi-
mately 7.1. The processes responsible for regulating the
osmolarity and pH of the body fluids are discussed in
Chapter 28.

MEASURING THE SIZES OF THE BODY
FLUID COMPARTMENTS

There is one simple principle underlying all
approaches to measuring the sizes of the fluid com-
partments—namely, the principle of conservation of
matter. As illustrated in Fig. 4, if a certain quantity (Q)
of some substance is injected into a fluid compartment
having a volume (V), then, when an equilibrium (or
steady-state) distribution is achieved, the concentration
of that substance in the container will be Q/V.

Concentration = Q/V (1)

If we know Q and can determine the value of Q/V,
it is a simple matter to determine V, the volume of
distribution.

Many substances can be employed to determine the
sizes of the body fluid compartments. The essential
characteristics of all are that they (1) are nontoxic at the
concentrations employed, (2) are neither synthesized nor
metabolized, and (3) do not bring about shifts in fluid
distribution among the compartments.

Plasma Volume

The simplest of all of the body fluid compartments to
measure is the plasma volume (PV). A substance is used
that does not readily permeate capillary walls so that,
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Concentration
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Q
v

FIGURE 4  Principle underlying all methods for measuring the
volumes of the body fluid compartments.

V=

after intravenous injection into the plasma, it remains
within the vascular bed at least for the time necessary to
achieve a uniform distribution (Fig. 5A). A substance
commonly employed for this purpose is serum albumin
labeled with radioactive iodine (I-albumin).

Example: An amount of '*'I-albumin having
350,000 counts per minute (cpm) is injected intra-
venously. One hour later, 10 mL of whole blood are
withdrawn and centrifuged. The whole blood consisted
of 5.5 mL of plasma and 4.5 mL of packed blood cells.
Then, 1 mL of the plasma is removed and found to
contain 100 cpm. Thus,

In this case, therefore,

350,000

PV=—""
v 100 cpm/L

=3.5L 3)

Given these data, one can also determine the total blood
volume employing a measure known as the hematocrit,
which is defined as the fraction of the total blood
volume comprised of cells, mainly red blood cells. In this
case, the hematocrit (Hct) is

4.5
Hct = =4 4
ct=-5=4 4)
The total blood volume (TBV) is given by:
PV
TBV =—— 5
1 — Hct 5
In this case, therefore,
3.5
TBV=""=64L 6
.55 ©

Another substance that is frequently employed to
measure plasma volume is a dye, Evan’s blue dye or
T-1824, which binds avidly to serum albumin and can be
determined colorimetrically.

Finally, one can employ the same principle to
determine the volume of red cells in the plasma using
red cells that have been labeled with chromium-51. In
this case, an amount of chromium-labeled red cells is
injected intravenously, but instead of counting the
plasma collected after 1 hour, one discards the plasma

PV=_=_ 2) and determines the concentration of chromium-51 in
oV the packed red cells. This provides a measure of the
[ ] ° ® e o L
a ° ® ‘.Plasma PY i b ° ... ® Pasma ® © @ € lew '...’ Plasma o o:
° o o 00 e %% 5 %%%e, °e
Py [ ] e o
® o o 0® oo ® o 00 00 ©° o o
INRRNEE=RRRNNEN PRI ESEERT (1 1]
L]

@
[ ] °
L]
— Lungs °
[ ]

Interstitial Fluid
P E Lungs 12L Kidneys >

Cell Membranes
Intracellular Fluid

25L

NMAAINAANAANANANNS

W

— Stomach Intestinal ATract == — Stomach Intestinal pATract ===
[]
-t Skinw ! I -t Skinw o o © ! |. °

Interstitial Fluid

o © [ ] 0L () oo COCK)
121 ) Kidneyz ..,. [ ] .12L .: Kldn;ys X o’
e o, .... * oo 0o

® o o o ©04%"°
Cell Membranes

Intracellular Fluid
25L

NMNAAINAANAANAANNS

W

° ' °®e
ntra ceIIuIar Fde.O' : o,
SRR
° ° °
°e s00 % :'.:o.o...

FIGURE 5  Principles underlying the measurement of (A) plasma volume, (B) extracellular fluid volume, and (C) total body water.
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total volume of red blood cells in the circulation.
Then, knowing the hematocrit, one can determine the
total PV.

Extracellular Fluid Volume

To determine the volume of the ECF compartment, a
substance is used that can readily permeate capillary
walls but not cell membranes (Fig. 5B). The most
commonly employed substance for this purpose is a
polyfructoside, inulin, which has a molecular weight of
approximately 5500 and a radius of approximately 15
A, or 1.5 nm. This substance is inert and nontoxic.
(Another important use of inulin is discussed in
Chapter 26.)

The only minor complication that arises in determin-
ing the size of the ECF compartment (illustrated in
Fig. 5B), stems from the fact that substances that can
readily permeate the capillary wall are readily filtered by
the renal glomeruli and may be excreted; this is
particularly true for inulin, which, after filtration, is
excreted completely. Thus, in applying the principle of
conservation of mass, one must take into account the
amount of the substance lost from the body in the
course of the measurement.

Example: An individual’s urinary bladder is cathe-
terized and drained, then 2.4 g of inulin is injected
intravenously; 6 hours later, a venous sample is with-
drawn and found to have a plasma inulin concentration
of 0.1 mg/mL. During those 6 hours, 200 mL of urine
was produced having an inulin concentration of 5 mg/
mL. Thus, 1.0 g of the original 2.4 g of inulin injected
was lost. It follows that the ECF volume is given by:

O(injected) — Q(lost)

ECF = 7
0/V (7)

In this case, therefore,
ECF = 24000& =14L (8)

Total Body Water

The volume of TBW can be determined using a
substance that can rapidly permeate cell membranes
and distribute itself uniformly throughout the ECF and
ICF compartments. One commonly used substance for
this purpose is antipyrine, which is highly lipid soluble
and inert. Other substances that can be used for this
purpose are isotopic forms of water such as deuterated
water or tritiated water. As illustrated in Fig. 5C, this
measurement is complicated because these substances
are lost from the body via every route open for the loss

of water. Fortunately, however, only approximately 2
hours are needed for them to achieve a uniform
distribution in the TBW and, during that period, the
amount of water lost by the body is less than 1% of
the TBW.

Interstitial and Intracellular
Fluid Compartments

The sizes of the ISF and ICF compartments cannot
be measured directly. The volume of the ISF compart-
ment is the difference between those of the ECF
compartment and the PV:

Visk = Vecr — PV )

The volume of the ICF compartment is given by the
difference between the volume of total body water and
that of the extracellular fluid compartment:

Vicek = TBW — Vgcr (10)

ALTERATIONS IN BODY
FLUID COMPARTMENTS

The sizes of the body fluid compartments can be
altered under a variety of normal and pathophysiologic
circumstances. In attempting to analyze how this
happens, several principles must be kept in mind. The
first is that most cell membranes are highly permeable
to water, so that at all times the body fluid compart-
ments are isotonic with the plasma; the only exception is
the renal medulla, which is discussed in Chapters 27 and
28. The second is that the driving force for water
movement across biologic barriers is a difference in the
effective osmolarity across those barriers. As will be
discussed in Chapter 3, the effective osmolarity is
determined only by those solutes that exert an osmotic
force across the membrane.

Dehydration

Dehydration (water deprivation, intense perspiration,
vomiting), which initially is a loss of water from the
ECF compartment, causes an increase in the concen-
trations of NaCl (the predominant ions in that
compartment) and plasma proteins and, hence, the
effective osmolarity of that compartment. This increase
results in water being drawn out of the intracellular
compartment to maintain isosmolarity. The final result
is a decrease in the volume of all of the fluid
compartments.
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Infusion of 2 L of Isotonic Saline
(150 mmol/L NacCl)

Because of the pump-leak properties of the cell
membranes discussed in Chapter 3, Na® and Cl~ are
excluded from the cells. Because the infused fluid is
isosmotic, almost all the infused fluid remains in the
extracellular compartment and there is no change in the
size of the intracellular compartment.

Infusion of Isotonic Urea (300 mmol/L)

Because urea permeates most cell membranes rapidly,
the isotonic urea infusion distributes itself throughout
the TBW, leading to an increase in the volumes of all
fluid compartments.

Rapid Infusion of Pure Water

Because water permeates all cell membranes rapidly,
all body fluid compartments expand.

Ingestion of 100 g of NaCl Tablets

The ECF becomes hyperosmotic and draws fluid
from the intracellular compartment. There is no change
in TBW, but water redistributes from the intracellular to
the extracellular compartments.

Infusion of Isosmotic Saline (NaCl) Solution
Containing 20% Albumin

The ECF compartment expands and the IFC
compartment shrinks. This occurs because Na* and
albumin distribute almost entirely in the extracellular
fluid compartment, and the albumin results in increased
osmotic pressure of that compartment. Because most
albumin remains in the plasma, the PV expands much
more than the ISF volume.

Infusion of Isosmotic (5%)
Glucose Solution

Because the end products of glucose metabolism are
carbon dioxide and water, the situation is not much
different from infusion of water: all body fluid com-
partments expand.

Suggested Readings

Gamble JL. Chemical anatomy, physiology and pathology of extra-
cellular fluid. Cambridge, MA: Harvard University Press, 1958
Edelman IS, Leibman J. Anatomy of body water and electrolytes. Am

J Med 1959; 27:256-277
Smith HW. From fish to philosopher. Garden City, NY: Doubleday,
1961
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KEY POINTS

Survival of a multicellular organism requires
that different cells assume different functions.
Genetic information is encoded in the nucleo-
tide sequence of DNA. Complementary pairing
of purine and pyrimidine bases permits accu-
rate replication and transmission of stored
information.

Synthesis of a complementary strand of RNA is
the first step in gene expression.

The primary RNA transcript is converted to
messenger RNA by removal of extraneous
intervening sequences and splicing the remain-
ing segments together. Alternate splicing may
produce more than one messenger RNA
template.

¢ Synthesis of proteins depends on base pairing

of each transfer RNA with the mRNA template
and the enzymatic activity of the ribosomes.
Proteins can change their shape and conse-
quently their activity when bound to other
molecules or when covalently modified.

Cells change their activity in response to
signals received from the internal or external
environment. The most common means of
information exchange is through chemical
signals.

Target cells convert information they receive
from their environment to intracellular biochem-
ical reactions that produce changes in cellular
behavior.
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12 Specialization of Cellular Function

e Receptors bind signals with high specificity and
affinity and undergo a conformational change
sufficient to initiate a biochemical reaction.
Receptor number and activity are subject to
regulation.

e Receptors in the G-protein-coupled receptor
superfamily are glycoproteins that thread
through the plasma membrane seven times
and transmit their signal by activating guanine
nucleotide-binding proteins.

e The concept of the second messenger is that
information from activated surface receptors is
transmitted to intracellular effectors by mole-
cules that initiate biochemical responses within
the cell and its organelles. The ensuing
responses are a function of the differentiated
state of the cell rather than of the molecule

KEY POINTS (continued)

that causes activation or inhibition of cellular
responses.

e Receptors for steroid hormones, thyroid
hormone, and vitamins A and D are transcrip-
tion factors that bind directly to response
elements in DNA and, when bound to their
agonists, activate or repress expression of
responsive genes.

e Secretory cells synthesize their products from
simple precursor molecules taken up from the
blood.

e For chemical signals to deliver information
effectively, they must be eliminated from the
vicinity of the receptor as soon as possible after
the message has been received. This is accom-
plished by metabolic degradation, reuptake
into secretory granules, or dilution.

SPECIALIZATION OF CELLULAR FUNCTION

All cells in a multicellular organism have the same
basic needs for survival and, because they share a
common genetic heritage, have the same potential for
carrying out all of the various cellular functions.
However, the “social contract” that governs cells in a
complex organism requires that different cells selectively
develop particular capabilities that allow them to
perform or participate in the performance of certain
specialized tasks on behalf of the organism as a whole.
Red blood cells, for example, have the highly specialized
ability to transport oxygen and carbon dioxide, while
some cells in the gastric mucosa are specialized to secrete
acid, and muscle cells are equipped with the structural
and enzymatic apparatus that generates the contractile
force that propels the organism toward its next meal or
away from predators. Determination of which cellular
capacities will be expressed and which will remain dor-
mant resides in the province of the differentiation pro-
gram to which a particular cell or cell lineage commits in
the course of development. Such programs of differentia-
tion require the timely expression of some genes and the
silencing of others, with the result that different cells
develop particular morphological, biochemical, and
physical features in addition to those general house-
keeping functions required for survival of all cells.

Specialized functions of cells and their arrangement
into tissues and organs provides the whole organism
with mechanisms to cope with a changing and often
hostile environment in ways that ensure survival of the

individual and perpetuation of the species. The complex
functions of organ systems that are discussed in
subsequent chapters require precise coordination of
the activities of the individual cells of which they are
composed. Such coordination is critically dependent
upon an exchange of information between cells, between
cells and their environment, and between the organism
and its environment. Control of cellular activity has two
separate but closely related aspects; one aspect relates to
determining the complement of the “machinery” that a
cell has available to carry out a particular task (i.e., what
genes are expressed and to what degree), and the second
aspect relates to governing the rate at which the
machinery operates to perform that task.

Regulation of Gene Expression

Although selective expression of some combinations
of genes during cellular differentiation accounts for the
wide range of cellular phenotypes in complex organisms,
regulation of gene expression does not end when cells
become terminally differentiated. Except for red blood
cells, which have no nuclei, all cells increase or decrease
expression of some of their genes to bring functional
capacity into alignment with changing physiological
demands. We therefore consider briefly some pertinent,
but general, aspects of gene regulation distilled from the
wealth of information that has come to light in recent
years. For a detailed understanding of this important
topic, the student is urged to consult one of the many
textbooks dedicated to molecular biology.
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DNA Structure

We may consider the gene to be a stretch of
deoxyribonucleic acid (DNA) that contains both the
coded information that governs its regulation and the
amino acid sequence of one, or sometimes more than
one, protein. The sum total of all of the genes is called
the genome, which in humans is estimated to contain
between 30 and 35 thousand pairs of genes. DNA
consists of a chain of many millions of deoxyribose (a
five-carbon sugar) molecules linked together by phos-
phate groups that form ester bonds with the 3" hydroxyl
group of one sugar and the 5 hydroxyl group of its
neighbor (Fig. 1). Carbon 1 of each deoxyribose is
attached by N-glycosidic linkage to an organic base,
which may be adenine (A), guanine (G), thymine (T), or
cytosine (C). A nucleotide is the fundamental unit of the
nucleic acid polymer and consists of a base, a sugar, and
a phosphate group. The information stored in DNA is
encoded in the sequence of its constituent nucleotides.
The ability of purine bases A and G to form comple-
mentary pairs with pyrimidine bases T and C on an
adjacent strand of DNA is the fundamental property
that permits accurate replication of DNA and transmis-
sion of stored information (Fig. 2). In the cell, DNA
forms a double helix of two strands oriented in opposite
directions, with each A on one strand pairing with a T
on the complementary strand and each G pairing with a
C. The long double strands of DNA are organized into
nucleosomes, each of which consists of a stretch of about
180 nucleotides tightly wound around a complex of
eight histone molecules. The nucleosomes are linked by
stretches of about 30 nucleotides, and the whole strand
of nucleoproteins is tightly coiled in a higher order of
organization to form chromosomes. Each chromosome
contains one double helix of DNA in which 50 to 250
million base pairs code for thousands of genes lined up
like a string of beads. Humans have 23 pairs of
chromosomes, with one member of each pair inherited
from each parent.

Gene Transcription

For the information encoded in the DNA to guide
protein synthesis, a complementary strand of ribonucleic
acid (RNA) must be synthesized to serve as the template
that guides assembly of amino acids into proteins. The
synthesis of RNA transfers encoded information from
DNA to RNA and is therefore called transcription.
RNA differs chemically from DNA in two ways: Its
sugar is ribose instead of deoxyribose, and it contains
uracil (U) instead of thymine. Only part of each gene is
transcribed. Untranscribed portions include sequences
of bases involved in regulation of transcription and
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FIGURE 1  Composition of DNA. DNA is a polymer of the five-

carbon sugar, deoxyribose, in diester linkage with phosphate (P)
forming ester bonds with hydroxyl groups on carbons 3 and 5 on
adjacent sugar molecules. The purine (adenine or guanine) and
pyrimidine (thymine or cytosine) bases are linked to carbon 1 of each
sugar. The numbering system for the five carbons of deoxyribose are
shown in blue at the top of the figure. The chemical bonds forming the
backbone of the DNA chain are also shown in blue. The 5" or 3’ ends
refer to the carbons in deoxyribose.
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FIGURE 2 Complementary base pairing by the formation of
hydrogen bonds between thymine and adenine and between cytosine
and guanine. RNA contains uracil in place of the thymine found in
DNA. Uracil and thymine differ in structure only by the presence of
the methyl group (CH;) found in thymine.

the sometimes very long stretches of DNA that lie
between the regulatory sequences. The promoter is the
particular nucleotide sequence located upstream of the
3’ end of the transcribed portion that determines where
the enzymatic machinery attaches and in which direction
it will face. To initiate transcription, a multimolecular
complex of nuclear proteins called general transcription
factors and RNA polymerase Il must be assembled on
the promoter. Assembly begins with the binding of one
of these transcription factors (called TFIID) to a
particular nucleotide sequence, usually TATA, in the
promoter. Sequential binding of other transcription
factors aligns the RNA polymerase on the promoter,
after which phosphorylation of the polymerase launches
its movement along the DNA template as it assembles
the RNA transcript. Access of the general transcription
complex to a promoter generally requires loosening of
the tightly coiled DNA strand and is accomplished in
part by acetylation of nucleosomal histones. The rate of
expression of a particular gene is controlled not only by
proteins that bind to DNA sequences in the promoter,
but also by proteins that bind to other sequences in
more distant regulatory regions of DNA. Regulatory
proteins are transcription factors that may act as
enhancers or repressors of gene expression (Fig. 3).

There are hundreds of such proteins, which are
expressed in different combinations in different cell
types and at different times in their life cycles. In many
cases, genes for regulatory proteins are themselves
targeted for regulation.

RNA Processing

Genetic information is stored in the nucleus, but
proteins are synthesized in the cytoplasm. The RNA
transcript that emerges from the nucleus to direct
synthesis of one or more proteins is called messenger
RNA (mRNA), and the process of converting informa-
tion carried by nucleic acids to proteins is called
translation. Each amino acid encoded in mRNA is
specified by a codon of three adjacent nucleotides. For
example, alanine is encoded as CGA, while serine is
specified as AGC. Not all of the nucleotides in the
transcribed part of the gene have counterparts in
mRNA. This is because the nucleotides that specify
portions of the protein product or untranslated regula-
tory components of mRNA are interrupted by long
stretches of DNA that have no known coding function.
The portions of the gene that have complementary
sequences in mRNA are called exons and the intervening
stretches of DNA are called introns (see Fig. 3). The
portions of RNA transcribed from introns are excised
from the primary RNA transcript and destroyed. The
remaining fragments representing the exons are spliced
together by a complex apparatus of RNA and protein
called a spliceosome to produce the mRNA. In proces-
sing the RNA transcribed from some genes, the
splicecosomes may sometimes skip over stretches of
RNA transcribed from one or more exons with the
result that alternately spliced mRNAs are formed. This
is one way that a single gene can give rise to several
different proteins (Fig. 4).

Translation

Translation of mRNA requires two additional forms
of RNA: ribosomal RNA and transfer RNA (tRNA).
Each tRNA molecule reacts at one end with a specific
amino acid, and at its other end it contains a triplet of
nucleotides that are complementary to the codon in
mRNA that specifies that amino acid. In this way,
complementary base pairing between the tRNA and the
mRNA lines up the amino acids in the appropriate
sequence. The ribosomes are comprised of a large and a
smaller subunit and are complexes of RNA and many
different proteins. The ribosomes hold the reaction
components together in the correct orientation and
catalyze peptide bond formation. Initiation of protein
synthesis requires a complex of regulatory and catalytic
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FIGURE 3  Transcription and RNA processing. The DNA strand contains all of the stored information for
expression of the gene including the promoter, distant regulatory elements (not shown), binding sites (response
elements) for regulatory proteins, and the coding for the sequence of the protein (exons) interrupted by
intervening sequences of DNA (introns). Exons are numbered 1-5. The primary RNA transcript contains the
complementary sequence of bases coupled to a poly A rail at the 3’ end and a methyl guanosine cap at the 5" end.
Removal of the introns and splicing the remaining exons together produce the messenger RNA (mRNA) that
contains all of the information needed for translation including the codons for the amino acid sequence of the
protein and untranslated regulatory sequences at both ends.
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FIGURE 4  Alternative splicing of mRNA can give rise to different proteins. Numbers indicate exons.
Exon 1 is untranslated. N, amino terminus; C, carboxyl terminus.

proteins called initiation factors, and its continuation
requires elongation factors. For translation to begin, the
two subunits of the ribosome must be assembled at a
precise position on the mRNA because deviation by
even a single nucleotide in either direction would specify
a totally different protein. Protein synthesis begins when
a special initiator tRNA carrying methionine binds to
the AUG start codon in the mRNA and proceeds to

elongate the peptide chain by adding one amino acid at
a time from the amino terminus toward the carboxyl
terminus. The ribosome moves stepwise along the
mRNA, catalyzing peptide bond formation and displa-
cing the newly unloaded tRNA as the next amino acid is
positioned by its tRNA (Fig. 5). When the ribosome
reaches any one of three “‘stop” codons it releases the
completed protein and dissociates from the mRNA.
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FIGURE 5 Translation. A molecule of transfer RNA (1RNA),
charged with its specific amino acid, phenylalanine (Phe), and already
linked to the growing peptide chain, is positioned on the mRNA by
complementary pairing of its triplet of nucleotides with its codon of
three nucleotides in the mRNA. A second molecule of tRNA charged
with its specific amino acid, tryptophan (7ry), has docked at the
adjacent triplet of nucleotides and awaits the action of ribosomal
enzymes to form the peptide bond with phenylalanine. Linking the
amino acid to the peptide chain releases it from its tRNA and allows
the empty tRNA to dissociate from the mRNA. A third molecule of
tRNA, which brought the preceding molecule of leucine (Leu), is
departing from the left, while a fourth molecule of tRNA, carrying its
cargo of glycine (Gly), arrives from the right and waits to form the
complementary bonds with the next codon in the mRNA that will
bring the glycine in position to be joined to tryptophan at the carboxyl
terminus of the peptide chain. The ribosome moves down the mRNA,
adding one amino acid at a time until it reaches a stop codon.
(Adapted from Alberts et al., Molecular biology of the cell, New York:
Garland Publishing, 1994.)

During rapid protein synthesis multiple ribosomes bind
to a single mRINA separated by about 80 nucleotides to
form polysomes. In this way, a single molecule of mRNA
is used repetitively to synthesize multiple copies of a
protein.

Posttranslational Processing

Most newly translated proteins must be modified
and translocated to appropriate cellular or extracellu-
lar sites before they are ready to assume their
biological functions. The peptide chain that emerges
from the ribosome is subjected to various steps of
posttranslational processing and directed toward an
appropriate cellular compartment even before its
synthesis is complete. For example, the N-terminal
peptide of proteins destined to be secreted or inte-
grated into membranes passes through a specialized
pore in the membrane of the endoplasmic reticulum
where the proteins are folded into their proper
configurations and processed. Processing may include
removal of the N-terminal “leader” sequence that
provided the signal for entering the endoplasmic

reticulum, formation of disulfide bonds between
cysteines on adjacent loops of the protein, proteolytic
cleavage at one or more internal sites, attachment of
carbohydrate or lipid moieties, and the formation of
complexes with one or more products of other genes.
Cleavage may release one or more biologically active
proteins or peptides from a single precursor protein
(see Fig. 6). Cleavage may also produce separate
noncovalently attached subunits of a protein complex.
Instructions for posttranslational processing and
targeting to precise cellular loci are encoded in short
sequences of amino acids within the protein itself.
Mutations in these critical areas therefore can have
profound effects on the stability or functionality of a
protein even when amino acid sequences in catalytic
or regulatory domains are unchanged. Similarly, how
a protein folds or coils to assume its final shape is
determined largely by its amino acid sequence, but
proper folding is sometimes assisted by interaction
with other proteins called chaperones.

From the foregoing, it is apparent that expression of
the final product of any gene is controlled at multiple
steps. The most thoroughly studied, and perhaps most
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FIGURE 6  Examples of posttranslational processing. The straight
chain primary translation product (A) folds into its proper conforma-
tion (B), either spontaneously or with the aid of cellular proteins called
chaperons. Cysteines brought into alignment in the folded protein can
now be oxidized to form disulfide bridges (C). Proteolytic clipping by
processing proteases cleave peptide bonds (D), and one or more chains
of carbohydrate is added (E).
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important, of these regulated steps is the initiation of
gene transcription, when the assembly of a complex
array of regulatory factors provides a variety of
opportunities for cell-specific and temporally dependent
fine tuning. This is the principle site of regulation of
gene expression by extracellular agents. After transcrip-
tion, both the splicing process to form the mRNA and
the stability of the mRNA are also subject to regulation,
as is the process of mRNA transport out of the nucleus.
Splicing may be cell specific, so that the same RNA
transcript of a gene may give rise to different mRNAs
in different cells. The complex reactions associated
with the initiation of protein synthesis are also subject
to control. Enzymatic processing of the translation
product may determine whether or not an active protein
or multiple proteins are formed and targeted to
appropriate cellular loci. Proteolytic cleavage in differ-
ent cell types can form different protein products from
the same precursor depending on the availability and
activity of processing enzymes of different specificities.
In fact, as a result of alternate splicing of RNA and the
complexities of posttranslational processing, it has been
estimated that the 30 to 35,000 pairs of genes in the
human genome may give rise to as many as 2,000,000
proteins.

Protein Degradation

Synthesis is not the only determinant of the comple-
ment of proteins present at any time within a cell.
Proteins have limited life times and may be degraded
within a few minutes to a few years after synthesis. Each
cellular protein has a characteristic half-life, but chang-
ing physiological circumstances may shorten or lengthen
life spans of some proteins; protein degradation is a
regulated process. Most cellular proteins are destroyed
by the ubiquitin—proteosame proteolytic pathway.
Proteins destined for destruction are tagged by the
covalent addition of multiple copies of a 76-amino-acid
peptide called ubiquitin, which is named for its ubiqui-
tous presence in all eukaryotic cells. Understanding of
the factors that guide selection of any particular protein
molecule for destruction is incomplete. Ubiquinated
proteins attach to and are unfolded and threaded into a
barrel-shaped complex of proteins called the protea-
some. Proteolytic activity on the inner surface of the
proteasome cleaves proteins into small fragments that
are released into the cytosol along with intact ubiquitin,
which can then be recycled. The fragments are taken
up by the lysosomes and degraded to free amino acids.
The overall process requires an input of energy derived
from the breakdown of ATP and involves a series of
enzymatic transformations. Lysosomes also degrade
misfolded or otherwise impaired proteins immediately

after synthesis. Extracellular proteins, including signal
molecules and some membrane proteins, are taken up by
endocytosis and transferred to lysosomes, where they
are degraded.

Regulation of Protein Function

Much of cell function and its regulation depends
upon two basic characteristics of proteins and nucleic
acids. We have already seen that DNA and RNA bind
with high affinity and great specificity to complementary
sequences in other nucleic acid molecules. Similarly,
proteins bind to nucleic acids and to other proteins with
high specificity. Proteins can also bind specifically to
small molecules, including ions and metabolites. This
property depends upon the complementarity of shape,
charge, and hydrophobicity of interacting surfaces, Van
der Waals attractions, and the formation of hydrogen
bonds. Such interactions may position a protein at a
favorable or unfavorable location with respect to its
substrate or regulatory proteins. The second important
characteristic of proteins is their ability to assume
different conformations when bound to other molecules
or when modified covalently by the addition or removal
of a small substituent. Such conformational changes
may expose, reconfigure, or mask reactive surfaces and
thereby profoundly influence the ability of the protein to
bind other molecules, to catalyze biochemical reactions,
to migrate to or become fixed at a particular cellular
locus, and to provide cellular motility.

Protein Phosphorylation

The most important covalent modification of
proteins in this regard is the reversible transfer of the
bulky, negatively charged terminal phosphate group of
ATP (adenosine triphosphate) to ester linkages with
hydroxyl groups on serine, threonine, or tyrosine
residues. Phosphorylation of proteins is catalyzed by
enzymes called protein kinases, which typically contain
regulatory as well as catalytic domains. There are
hundreds and perhaps thousands of protein kinases
that each recognize particular amino acid sequences or
motifs in their substrates. Specificity of protein phos-
phorylation is conferred by the amino acid sequences of
substrates and by the accessibility of substrates to
kinases.

Protein phosphorylation was originally thought to
result from formation of phosphate esters of serine and
threonine residues. When it was later recognized that
the hydroxyl group in tyrosine residues may also be
phosphorylated, the term tyrosine kinases was coined to
distinguish this class of enzymes from the protein
kinases that phosphorylate serine and threonine
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residues. The enzymes that catalyze the dephosphoryla-
tion of proteins are known as protein phosphatases and
tyrosine phosphatases. These enzymes are less diverse
than their kinase counterparts, have a broader range of
substrate specificities, and often are constitutively
active, but there are important exceptions to these
generalizations.

Phosphorylation/dephosphorylation reactions re-
gulate a wide variety of cellular functions. Regulation
by this means often involves a cascade of phosphor-
ylation reactions, with each kinase serving as substrate
for the next kinase in a series. Sequential phosphoryla-
tion, and thereby activation, of protein kinases rapidly
amplifies a regulatory signal. For example, a single
activated protein kinase molecule might catalyze the
phosphorylation and hence activation of ten molecules
of a second kinase, each of which might then phos-
phorylate ten molecules of a third kinase which might
then phosphorylate and activate ten molecules of the
final effector of the controlled function. In just three
steps, the influence of the first activated kinase is
amplified 1000-fold. It is important to note that this
cascade of reactions can change cellular function
within just a few seconds because it modifies the
activity of molecules that are already present in the
cell. In contrast, changing cell function by modifying
gene expression requires many time-consuming steps
and usually has a latency of 30 minutes or more.

The consequences of phosphorylation and dephos-
phorylation are not limited to conformational changes
in the proteins that are the substrates for kinases and
phosphatases (Fig. 7). Phosphorylation-related changes
in one protein may increase or decrease its ability to
bind to other proteins, which may thereby become
activated or inhibited. In addition, the phosphate ester
of tyrosine residues along with the adjacent amino acids
in a loop of protein may provide a specific docking site
to which a complementary peptide sequence in another
protein may bind. These interactions are important in
regulation of cell function by extracellular agents and in
forming protein complexes required to carry out some
particular cellular task. One important task that may be
regulated in this way is control of gene expression
through modification of the activity of nuclear regula-
tory proteins.

Partial Hydrolysis

Another means of regulating protein function is
through proteolytic cleavage. Clipping off a segment of
protein can expose a reactive surface on the remaining
protein or may simply permit a conformational change
to occur. Additionally, the activities of some proteins
may be restrained by the presence of other proteins that

ATP ADP

- e
‘ ATP\-/‘ADP

FIGURE 7 Phosphorylation of proteins produces changes in
configuration that result in (A) increasing or umasking of catalytic
activity or (B) directly enabling proteins to interact. These phenomena
might also occur as a result of dephosphorylation. In (C), phosphory-
lation of one protein provided a docking site for a second protein
which permitted interaction with a third protein.

act as inhibitors. Proteolytic destruction or inactivation
of such an inhibitor allows expression of the activity.
Alternatively, the activities of some proteins are limited
by the binding of a portion of their peptide chains to a
particular cellular locus which restricts their access to
substrate. Cleaving a peptide bond in the portion of the
protein that anchors it frees the rest of the protein to
diffuse to its substrate.

COORDINATION OF CELLULAR ACTIVITY WITH
CHANGING DEMANDS OF THE INTERNAL AND
EXTERNAL ENVIRONMENT

Cells perceive a variety of chemical and physical
factors as indicators of environmental change and
respond to them in coordinated and characteristic
ways. The final response, or output, of any specific
cell and the signals, or inputs, to which it responds are
determined by its particular differentiated state. Thus,
a pancreatic beta cell perceives glucose and secretes
insulin, a muscle cell perceives acetylcholine and
contracts, and a retinal cell perceives light and stops
releasing inhibitory neurotransmitter. Despite their
different specialized functions, however, all cells draw
upon a surprisingly limited set of molecular mechanisms
to connect input and output.
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Physiological Signals

Cells modify their activity in response to information
received from their immediate environment, including
such physical signals as light, heat, distortion of their
surfaces by stretching or compression, and a vast array
of chemical signals that may originate in the external
environment or in other cells. Chemical signals are the
most common form of information transfer that cells
use to communicate with each other. Chemical signals
may be simple substances such as ions, metabolites, or
derivatives of amino and fatty acids, or they may be
complex molecules such as peptides, proteins, glyco-
proteins, and steroids (Table 1). Signal molecules may
be fixed on the surfaces of cells or the supporting
extracellular matrix, or they may be dissolved in
extracellular fluids. In general, signals confined to
surfaces of cells or to extracellular matrix direct cellular
behavior during development, wound healing, blood
clotting, immunosurveillance, and other processes that
involve cell migration. Soluble messages govern the
various activities associated with maintenance of the
internal environment, coping with the external environ-
ment, and reproduction. Mechanisms for information
transfer, however, follow a similar pattern, regardless of
whether the cell moves to contact a fixed signal or a
mobile signal reaches a fixed cell. These activities are the
substance of physiology; hence, the molecular bases for
cellular communication are considered in detail below
and in later chapters.

Secretory Products

Soluble signals have been categorized according to
the cell of origin or the mode of delivery to the recipient,
or target, cells. Generic terms for signal molecules are
agonists, because they produce an effect, or ligands,
because, in producing their effect, they bind to target
cells. Secretions that are released from one cell and reach
nearby target cells by diffusion through the extracellular
space are called paracrine. Some secretory products may
also act on the cells that produced them, in which case
they are called autocrine secretions. Communication
that depends purely on diffusion is highly efficient when
the distances between communicating cells are short, but
it becomes increasingly inefficient when distances exceed
a few cell diameters. Nerve cells are specialized to
conduct electrical impulses with great speed (as high as
120 m/sec) over the long distances they span and to
release neurotransmitters from their terminals. Neuro-
transmitters diffuse across the synaptic spaces in a
paracrine manner to reach adjacent target cells. Alter-
natively, some secretory products enter the circulation
and are delivered to distant target cells by the blood
stream. This mode is called endocrine secretion, and the
secretory products are called hormones. Secretions of
nerve cells that are carried by the blood to distant target
cells are called neurohormones, and this category of
communication is referred to as neuroendocrine. Secre-
tions of cells of the immune system are called cytokines
or [ymphokines and may behave in a paracrine,

TABLE 1 Some Examples of Chemical Signals

Signal type

Signal molecule

Cell or tissue of origin

Target cell

Gas
Simple ions

Metabolites or
derivatives

Small peptides

Proteins

Glycoproteins
Steroids

Nitrous oxide
Sodium
Calcium
Acetyl choline
Epinephrine
Histamine
y-Aminobutyric acid
Prostaglandins
Thromboxane
Gastrin
Substance P
Oxytocin

Glucagon
Platelet-derived

growth factor
Growth hormone
Interleukin 1
Chorionic gonadotropin
Aldosterone
Progesterone

Vascular endothelium

Various nerves
Adrenal medulla

Mast cells

Nerve cells

Many different cells
Platelets

Gastric mucosa

Nerve cells
Hypothalamic neurons

Pancreatic alpha cells
Platelets

Pituitary somatotropes
Macrophages

Fetal trophoblast
Adrenal cortex
Corpus luteal cells
Placenta

Smooth muscle

Kidney (macula densa)

Parathyroid chief cell

Muscle, nerves

Heart, liver, muscle, fat

Vascular smooth muscle

Nerve

Many different cells

Vascular endothelium

Gastric parietal cells

Nerve cells

Uterine smooth muscle, mammary
myoepithelium

Hepatocytes

Vascular endothelium

Various

Lymphocytes

Corpus luteal cells

Renal tubular cells

Uterine endometrium and
myometrium
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autocrine, or endocrine manner. Paracrine or autocrine
secretions that stimulate cells to divide or differentiate
are called growth factors. Pharmacologists refer to all of
these secretions as autocoids. This array of terms arose
from the independent discovery of chemical messages by
workers in different disciplines. However, the terminol-
ogy should not obscure the fact that, from the perspec-
tive of the target cell, all of the foregoing are merely
chemical signals regardless of where they originate or
how they reach their targets. In the ensuing sections
we consider all of these secretions simply as chemical
signals to emphasize the generality of the cellular
processes involved.

Responses of Target Cells

The general sequence of events that occurs in cells
when a signal is received is shown in Fig. 8. The input
may be a physical signal or any of the classes of chemical
signals listed in Table 1. To perceive a signal, the target
cell must have a receptor for it. A receptor is a
specialized molecule or complex of molecules that is
capable of recognizing a specific signal and triggering
the chain of events that produces a characteristic
response. Interaction with a signal is thought to
change the configuration of the receptor and thereby
change the way the receptor molecule interacts with
nearby molecules in the response pathway. Transducer is
the term used to describe the molecular mechanism for
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FIGURE 8 Events in cellular communication. Input signals are
recognized by specific receptors and translated into a biochemical
change by a transducer mechanism. The biochemical signal then acts
on the cellular apparatus or effector to produce a physiological
response or output. The output may feed back directly or indirectly to
affect the source of the input signal and increase or decrease its
intensity. The output may also act directly or indirectly to modulate
the cellular response to a signal by augmenting or damping events at
the level of the receptor, the transducer, or the effector apparatus.

converting the receptor-signal interaction into a
biochemical change within the cell. The effector
describes the cellular machinery that produces the
cellular response(s). Examples of cellular responses
include secretion, contraction, relaxation, phagocytosis,
cell division, or cell differentiation. Defective, unneeded,
or unwanted cells may also receive signals that initiate
reactions that lead to their death. The process of
programmed cell death is called apoptosis.

Responses may be achieved by activation or inhibi-
tion of the enzymatic apparatus already present in the
target cell or may require production of new enzymes,
secretory products, or structures through changes in
gene transcription or translation. A response or output
from one cell may directly or indirectly become the input
signal to another cell. Cellular input and output
arranged in series may produce a feedback effect to
shut down (negative feedback) or reinforce (positive
feedback) production of the initial signal (see Chapter
37). Output from other cells may modulate the response
of a target cell by modifying some aspect of the receptor,
the transducer, or the effector.

Complex series of biochemical reactions referred to
as signaling pathways or transduction pathways connect
receptors with responses. Although thousands of signals
produce highly specific responses in their target cells,
relatively few families of signaling pathways may be
utilized in different combinations in different cell types.
In addition, the presence of multiple isoforms of key
intermediate molecules contributes to the uniqueness of
transduction pathways for different signals. By isoforms
we mean closely related molecules that perform similar
functions. Different isoforms of a protein may be
products of different genes, or they may be products
of the same gene and arise from alternative splicing of
RNA or posttranslational protein processing. Even very
small structural differences can confer significant differ-
ences in regulatory properties or in the specificity of
interaction with other molecules.

Characteristics of Receptors

Because most chemical signals reach their target cells
by way of extracellular fluids, they may be accessible to
many different types of cells, but only certain cells
respond to certain signals. This selectivity resides in the
receptors; only those cells that have receptors for a
signal can respond to it. All known receptors are
proteins or glycoproteins. To function as a receptor, a
molecule must have a domain that binds to the signal
molecule with a high degree of selectivity and a domain
that is sufficiently altered by agonist binding that its
ability to interact with other molecules is changed.
Similar considerations hold for photoreceptors and
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mechanoreceptors, for which photons of a specific
wavelength or a mechanical perturbation produce a
characteristic conformational change.

Photo-, mechano-, and most chemoreceptors reside
on the cell surface and thus provide unimpeded access to
signal molecules; however, receptors for some chemical
signals are also found within the cytosol or the cell
nucleus. To interact with receptors that are located in
the cell interior, signal molecules must be able to cross
the plasma membrane readily and resist degradation
by intracellular enzymes. Receptors have very limited
tolerance for variations in the structure or nature of
signals. This property confers specificity and ensures
that cells recognize and respond only to certain appro-
priate signals. Receptors for chemical signals can
recognize and bind their agonists even though most
agonists are present at very low concentrations, usually
less than 0.1 M (1077 M). In addition to high affinity,
receptors have a limited capacity and hence may become
saturated when the concentration of agonist is high.
Affinity and capacity of receptors for their agonists are
two important determinants of the range of responses
that a given cell can express.

The number of receptors in a cell is not fixed. Some
receptors may only be expressed at certain stages of the
life cycle of a cell or after a cell has been stimulated by
other signals. Many cells adjust the number of receptors
they express in accordance with the abundance of the
signal that activates them. Frequent or intense stimula-
tion may cause a cell to decrease the number of
receptors expressed. This phenomenon is called down-
regulation. Conversely, cells may upregulate receptors in
the face of rare or absent stimulation by their agonists or
in response to another signal. Consequences of changes
in receptor abundance are discussed in detail in Chapter
37. In addition, cells may temporarily activate or
inactivate receptors by adding or removing phosphate
or by sequestering them in vesicles to prevent access to
agonists. Inactivation of receptors, called adaptation or
desensitization, 1is called homologous desensitization
when produced by its own ligand, and heterologous
desensitization when caused by other agonists acting
through their receptors.

Receptors that reside in the plasma membrane may
be uniformly distributed over the entire surface of a cell
or they may be confined to some discrete region such as
the neuromuscular junction or the basal surface of renal
tubular epithelial cells. Receptors in many cells are not
fixed in place by attachments to the cytoskeleton, and
can migrate laterally in the plane of the membrane.
Some cell surface receptors are concentrated in
specialized surface invaginations called caveolae. In
some cells, receptors that are occupied by their ligands
may cluster at one pole, a phenomenon known as

capping. Clustering may be important for initiating some
cellular responses. Also, membrane receptors are inter-
nalized either alone or bound to their ligands by a
process called receptor-mediated endocytosis. Some cells
recycle receptors between the plasma membrane and
internal membranes and can vary the rate of transfer
and hence the relative abundance of receptors on the
cell surface. Receptors, like other cellular proteins, are
broken down and replaced many times during the
lifetime of a cell.

SIGNAL TRANSDUCTION THROUGH
RECEPTORS THAT RESIDE IN THE
PLASMA MEMBRANE

The G-Protein-Coupled
Receptor Superfamily

The most frequently encountered cell surface recep-
tors belong to a very large superfamily of proteins
that couple with guanosine nucleotide binding proteins
(G-proteins) to communicate with intracellular effector
molecules. This ancient superfamily is widely expressed
throughout eukaryotic phyla. G-protein-coupled recep-
tors are crucial for sensing signals in the external
environment, such as light, taste, and odor, as well as
internal signals in the form of hormones, neurotrans-
mitters, immune modulators, and paracrine factors
(Table 2). So pervasive are the responses mediated by
these receptors in this superfamily that about 30% of
all effective pharmaceutical agents target actions medi-
ated by them. Considerably more than 1000 different
G-protein-coupled receptors are expressed in humans,
with perhaps as many as 1000 expressed in the olfactory
epithelium alone (see Chapter 54).

All  G-protein-coupled receptors contain seven
membrane-spanning «-helices comprised of about 25
amino acids each (Fig. 9). The single long peptide chain
that constitutes the receptor threads back and forth
through the membrane seven times, creating three
extracellular and three intracellular loops. For this
reason, these receptors are sometimes called heptahelical
receptors, or serpentine receptors. The amino terminal
tail is extracellular and along with the external loops
may contain covalently bound carbohydrate. Outward
facing components of the receptor, including parts of
the a-helices, contribute to the agonist recognition and
binding site. They tend to be more extensive in receptors
for larger proteins and may also form all or part of the
binding pocket for such agonists. The intracellular
domain consists of the carboxyl-terminal peptide and
the internal loops that connect the transmembrane
helices. The intracellular domain also contains one or
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TABLE 2 Some Examples of Molecules That Signal Through G Protein-Coupled Receptors

Agent Target cell

Major effect on cell

Calcium

Adenosine Cardiac muscle
Epinephrine Hepatocyte

Angiotensin II Vascular smooth muscle
Acetylcholine Cardiac node cells

Interleukin-8
Thyroid-stimulating hormone

Lymphocytes

Glutamate Hippocampal neurons
Prostaglandin E, Uterine smooth muscle
Somatostatin Pituitary somatotrope

Cholecystokinin
Vasopressin

Parathyroid chief cell

Thyroid follicle cell

Pancreatic acinar cell
Renal tubular cell

Inhibits hormone secretion
Decreases contractility
Increases glucose production
Increases contraction

Slows heart rate

Increases cell migration
Increases hormone synthesis and secretion
Induces long-term potentiation
Increases contractility

Inhibits secretion

Stimulates enzyme secretion
Increases water permeability

more surfaces that interact with the G-proteins. In
addition, the intracellular portion may contain amino
acid sequences required for receptor internalization by
endocytosis and phosphorylation sites that regulate
receptor function.

G-proteins are heterotrimers comprised of alpha,
beta, and gamma subunits, which are products of
different genes. Lipid moicties covalently attached to
the alpha and gamma subunits insert into the inner leaflet
of the plasma membrane bilayer and tether the
G-proteins to the membrane (Fig. 10). The alpha
subunits are GTPases, enzymes that catalyze the conver-
sion of guanosine triphosphate (GTP) to guanosine
diphosphate (GDP). In the unactivated or resting state,
the catalytic site in the alpha subunit is occupied by GDP.
When the receptor binds to its ligand, a conformational
change transmitted across the membrane allows its
cytosolic domain to interact with the G-protein in a
way that causes the alpha subunit to release GDP in
exchange for a molecule of GTP and to dissociate from
the beta/gamma subunits, which remain tightly bound
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FIGURE 9  G-protein-coupled receptor. The seven transmembrane
alpha helices are connected by three extracellular and three intracel-
lular loops of varying length. The extracellular loops may be
glycosylated, and the intracellular loops and C- terminal tail may be
phosphorylated. The receptor is coupled to a G-protein consisting of a

GDP-binding « subunit closely bound to a Sy component. The o and y
subunits are tethered to the membrane by lipid groups.

to each other. Though tethered to the membrane, the
dissociated subunits can diffuse laterally along the inner
surface of the membrane. In its GTP-bound state, the
alpha subunit interacts with and modifies the activity of
membrane-associated enzymes that initiate the physio-
logical response. The liberated beta/gamma complex can
also bind to cellular proteins and modify enzyme
activities or membrane permeability to ions.

Hydrolysis of GTP to GDP restores the resting state
of the alpha subunit, allowing it to reassociate with the
beta/gamma subunits to reconstitute the heterotrimer.
Because the hydrolysis of GTP is relatively slow, the
alpha subunit may interact multiple times with effector
enzymes before it returns to its resting state. In addition,
because some G-proteins may be as much as 100
times as abundant as the receptors they associate with,
a single liganded receptor may interact sequentially
with multiple G-proteins before it dissociates from the
agonist. These characteristics provide mechanisms for
amplification of the signal. That is, interaction of a
single signal molecule with a single receptor molecule
may result in multiple signal-generating events within
a cell.

Desensitization and Downregulation of G-Protein-
Coupled Receptors

In addition to simple dissociation of an agonist from
its receptor, signaling is often terminated by active
cellular processes that may also desensitize receptors
to further stimulation. G-protein-coupled receptors
may be inactivated by phosphorylation of serine or
threonine residues in one of their intracellular loops
catalyzed by a special G-protein receptor kinase. Such
phosphorylation uncouples the receptor from the «
subunit and promotes binding to a cytoplasmic protein
of the p-arrestin family. p-Arrestin was originally
described in photoreceptors, where rapid arrest of the
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FIGURE 10 Activation of G-protein-coupled receptor. (I) Resting state. (II) Hormone binding
produces a conformational change in the receptor that causes (I11) the « subunit to exchange ADP for
GTP, dissociate from the By subunit, and interact with its effector molecule. The By subunit also
interacts with its effector molecule. (IV) The « subunit converts GTP to GDP which allows it to
reassociate with the By subunit, and the hormone dissociates from the receptor, restoring the resting

state (I).

response to light is crucial for visual acuity. Similar
proteins were subsequently found in other G-protein
signaling systems where binding to g-arrestin may lead
to receptor internalization and downregulation by
sequestration in intracellular vesicles. Sequestered recep-
tors may recycle to the cell surface, or, when cellular
stimulation is prolonged, they may be degraded in
lysosomes.

G-Proteins and Signal Transduction

At least 20 different isoforms of G« have been
identified and can be categorized into four different
classes according to similarities in their amino acid

sequences. Each class includes the products of several
closely related genes, and, in general, each class signals
through characteristic transduction pathways. Alpha
subunits of the “s” (stimulatory) class (Gog) stimulate
the transmembrane enzyme, adenylyl cyclase, to cata-
lyze the synthesis of cyclic 3',5" adenosine monophos-
phate (cyclic AMP, or cAMP) from ATP (Fig. 11).
Alpha subunits belonging to the “q” class stimulate the
activity of the membrane-bound enzyme phospholipase
C-beta (PLC-B) which catalyzes hydrolysis of the
membrane phospholipid phosphatidylinositol 4,5-
bisphosphate to liberate inositol 1,4,5 trisphosphate
(IP3) and diacylglycerol (DAG) (Fig. 12). Alpha sub-
units of the “i” (inhibitory) class (Ge;) inhibit the
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FIGURE 11  Cyclic adenosine monophosphate (CAMP).
activity of adenylyl cyclase and may also activate other
enzymes. Beta/gamma subunits released from their
association with this class of Ga subunits may interact
with membrane proteins that allow passage of potas-
sium (potassium channels), and activate PLC-8. Alpha
subunits of the 12/13 class are understood less well, but
appear to activate pathways that lead to gene transcrip-
tion. The differences in transduction pathways activated
by the different classes of G-proteins are not absolute,
and many points of crossover of these pathways have
been observed.

The Second Messenger Concept

For a chemical signal that is received at the cell surface
to be effective its information must be transmitted to
the intracellular organelles and enzymes that produce the
cellular response. To reach intracellular effectors, the
G-protein-coupled receptors rely on intermediate mole-
cules called second messengers, which are formed and/or
released into the cytosol in response to agonist stimula-
tion (the first message). Second messengers activate
intracellular enzymes and also amplify signals. A single
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FIGURE 12  Phosphatidylinositol-bisphosphate. When cleaved by
phospholipase C, inositol 1,4,5 trisphosphate (IP3) and diacylglycerol
(DAG) are formed. R1 and R2 are long-chain fatty acids in ester
linkage with glycerol.

agonist molecule interacting with a single receptor may
result in the formation of tens or hundreds of second
messenger molecules, each of which might activate an
enzyme that in turn catalyzes formation of hundreds
of thousands of molecules of product. Most of the
responses that are mediated by second messengers are
achieved by regulating the activity of protein kinases that
catalyze the phosphorylation of serine or threonine
residues in effector proteins. Unlike responses that
require synthesis of new cellular proteins, responses
that result from these reactions occur very quickly;
therefore, such second-messenger-mediated responses
are turned on and off without appreciable latency.
However, second messengers can also promote the
phosphorylation of transcription factors and thus
regulate expression of specific genes. These responses
require considerably more time and are seen only after
a delay.

Although a very large number of agonists act through
surface receptors, to date only a few substances have
been identified as second messengers. This is because
receptors for many different extracellular signals utilize
the same second messengers. When originally proposed,
the hypothesis that the same second messenger might
mediate the vastly different actions of many different
agents was met with skepticism. The idea did not gain
widespread acceptance until it was recognized that the
special nature of a cellular response is determined by the
particular enzymatic machinery with which a cell is
endowed rather than by the signal that turns on that
machinery. Thus, when activated, a hepatic cell makes
glucose, and a smooth muscle cell contracts or relaxes.

The Cyclic AMP System

Cyclic AMP was the first of the second messengers to
be recognized. The broad outlines of cAMP-mediated
cellular responses to hormones are shown in Fig. 13.
Cyclic AMP transmits a signal primarily by activating
the enzyme protein kinase A (PKA). When cellular
concentrations of cAMP are low, two catalytic subunits
of PKA are firmly bound to a dimer of regulatory
subunits which keeps them in an inactive state. An
increase in cAMP leads to reversible binding of two
molecules of cAMP to each regulatory subunit and
liberates the catalytic subunits, which are now free to
phosphorylate their substrates. Cyclic AMP that is not
bound to regulatory subunits is degraded to 5-AMP
by the enzyme cyclic AMP phosphodiesterase, which,
though subject to regulation, is usually constitutively
active. As cAMP concentrations fall, bound cAMP
separates from the regulatory subunits, which then
reassociate with the catalytic subunits, thus restoring
the basal activity of PKA. Constitutively active phos-
phatases rapidly remove phosphate groups from the
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FIGURE 13 Effects of cAMP. Activation of protein kinase A
accounts for most of the cellular actions of cAMP (upper portion of
the figure). Inactive protein kinase consists of two catalytic units (C),
each of which is bound to a dimer of regulatory units (R). When two
molecules of cyclic AMP bind to each regulatory unit, active catalytic
subunits are released. Phosphorylation of enzymes, ion channels, and
transcription factors of the CREB family activates or inactivates these
proteins. Cyclic AMP also binds to the « subunits of cyclic nucleotide-
gated ion channels (lower portion of the figure), causing them to open
and allow influx of sodium and calcium.

activated proteins and return the cell to its unstimu-
lated state.

Protein-kinase-A-dependent  phosphorylation  of
enzymes leads to rapid responses, including mobilization
of metabolic fuels, secretion, muscle contraction or
relaxation, and changes in membrane permeability.
Cyclic AMP can also signal changes in gene expression.
Some activated PKA migrates to the nucleus, where it
catalyzes the phosphorylation of certain transcription
factors that regulate the expression of certain genes by
binding to nucleotide sequences called response elements,
in the promoter region. Because regulation of these
genes is sensitive to cAMP, the regulatory sequence
is called the cAMP response element (CRE), and
the phosphoprotein that binds to it is called a cAMP
response element binding (CREB) protein. One or more
forms of CREB are found in the nuclei of most cells and
control expression of genes that are involved in such
diverse processes as learning, glucose synthesis, and ion
excretion.

Some effects of cAMP are independent of PKA.
Cyclic AMP can also bind directly to certain plasma
membrane proteins that function as cation channels.
These proteins form tetrameric structures that span the
entire thickness of membrane. When bound to cAMP,
they change their configuration in such a manner that
they form an open channel that allows sodium and

calcium ions to enter the cell. Activation of cAMP gated
cation channels in olfactory receptor cells, for example,
initiates the transmission of an electrical impulse in
olfactory nerves. Cyclic AMP gated cation channels are
widely distributed, but except for their role in sensory
perception their function is not understood.

Calcium and Calmodulin

Although calcium is always abundantly available in
extracellular fluid, it too can serve as a second
messenger, largely because its concentration in cyto-
plasm can undergo abrupt dramatic changes. In the
resting state, the intracellular free calcium concentration
i1s about 10,000 times lower than that of the extracellular
fluid. This enormous discrepancy is maintained by
limited permeability of the plasma membrane to
calcium, the presence of a large reservoir of intracellular
proteins that can bind calcium and therefore buffer its
concentration, and by membrane proteins that can
transfer calcium out of the cell or sequester it in storage
sites in the endoplasmic reticulum. The pumps and
exchangers that carry out these tasks are discussed in
Chapter 3. After stimulation by some agonists, the
concentration of free calcium may increase tenfold or
more. This dramatic change is brought about in part by
release of calcium from within the endoplasmic reticu-
lum, and in part by an influx of calcium from the
extracellular fluid through channels that can be induced
to open and allow calcium ions to diffuse across the
membrane. Some calcium channels are voltage sensitive
and open when the membrane depolarizes to some
critical level (see Chapter 4). Opening of voltage-
sensitive calcium channels requires the flow of current
in the form of positively charged ions that cross the
membrane through other ion-specific channels. Some
calcium channels are controlled by phosphorylation—
dephosphorylation reactions and some are even activa-
ted by calcium itself.

Increased calcium concentrations activate a variety of
enzymes and trigger such events as muscular contrac-
tion, secretion, and polymerization of tubulin to form
microtubules. Although calcium can directly activate
some proteins, it generally does not act alone. Virtually
all cells are endowed with a protein called calmodulin,
which reversibly binds four calcium ions. When
complexed with calcium, the configuration of calmodu-
lin is modified in a way that enables it to bind to certain
enzymes, usually protein kinases, and thereby activate
them. Calcium/calmodulin-dependent protein kinase II
(CAM-kinase II) is a widely distributed multifunctional
protein kinase that may catalyze the phosphorylation of
many of the same substrates as PKA, including CREB
and other nuclear transcription factors. Several other
proteins (e.g., troponin C) that are closely related to
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calmodulin also bind calcium and activate enzymes in
some cells (see Chapter 7). Increased cytosolic calcium
can also activate calcium-dependent protein phospha-
tases and proteases and thereby also modify the
activities of some proteins. Free calcium is removed
from the cytosol by proteins in the plasma membrane
that transfer one molecule of calcium to the extracellular
fluid in exchange for two molecules of sodium and by
ATP-dependent membrane pumps that may resequester
it in intracellular storage sites or transfer it to the
extracellular fluid. As the intracellular concentration of
free calcium is restored to its resting low level, calcium is
released from calmodulin, which then dissociates from
the various enzymes it has activated, and the resting
state is reinstituted.

The DAG and IP; System

Both products of phospholipase-C-catalyzed hydro-
lysis of phosphatidylinositol 4,5 bisphosphate, DAG,
and IP; behave as second messengers (Fig. 14). IP;
diffuses through the cytosol to reach its receptors in the
membranes of the endoplasmic reticulum and stimulate
release of stored calcium into the cytoplasm. Because
of its lipid solubility, DAG remains associated with
the plasma membrane, promotes the translocation of
another protein kinase (protein kinase C, or PKC) from
the cytosol to the plasma membrane by increasing its
affinity for phosphatidylserine in the membrane, and
activates it. Protein kinase C has also been called the
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FIGURE 14  Signal transduction through the inositol trisphosphate
(IP3) diacylglycerol (DAG) second messenger system. Phosphatidyli-
nositol 4,5 bisphosphate (PIP,) is cleaved into IP; and DAG by the
action of a phospholipase C (PLC). DAG activates protein kinase C
(PKC), which then phosphorylates a variety of proteins to produce
various cell-specific effects. IP; binds to its receptor in the membrane
of the endoplasmic reticulum causing release of calcium (Ca? ") which
further activates PKC, directly activates or inhibits enzymes or ion
channels, or binds to calmodulin, which then binds to and activates
protein kinases and other proteins.

calcium, phospholipid-dependent protein kinase because
the members of this enzyme family that were initially
discovered require both phosphatidylserine and calcium
to be fully activated. The simultanecous increase in
cytosolic calcium concentration resulting from the
action of IP; complements DAG in stimulating the
catalytic activity of some members of the PKC family.
Some members of the PKC family are stimulated by
DAG even when cytosolic calcium remains at resting
levels. Proteins phosphorylated by the various forms
of PKC are involved in regulation of metabolism,
membrane permeability, muscle contraction, secretion,
and gene expression.

Inositol 1,4,5 trisphosphate is cleared from cells by
stepwise dephosphorylation to inositol. DAG is cleared
by addition of a phosphate group to form phosphatidic
acid, which may then be converted to a triglyceride or
resynthesized into a phospholipid. Phosphatidylinosi-
tides of the plasma membrane are regenerated by
combining inositol with phosphatidic acid, which may
then initiate stepwise phosphorylation of the inositol.

Arachidonic Acid Metabolites

The phosphatidylinositol precursor of IP; and DAG
also contains a 20-carbon polyunsaturated fatty acid
called arachidonic acid (Fig. 15). This fatty acid is
typically found in ester linkage with carbon 2 of the
glycerol backbone of phospholipids and may be liber-
ated by the action of a diacylglyceride lipase from the
DAG formed in the breakdown of phosphatidylinositol.
Liberation of arachidonic acid is the rate-determining
step in the formation of the thromboxanes, the pros-
taglandins, and the leukotrienes (see Chapter 40). These
compounds, which are produced in virtually all cells,
diffuse across the plasma membrane and behave as local
regulators of nearby cells. Thus, the same ligand—
receptor interaction that produces DAG and IP; as
second messengers to communicate with cellular orga-
nelles frequently also results in the formation of
arachidonate derivatives that inform neighboring cells
that a response has been initiated. Phosphatidylinositol
is only one of several membrane phospholipids that
contain arachidonate. Arachidonic acid is also released
from more abundant membrane phospholipids by the
actions of the phospholipase A, class of enzymes that
can be activated by calcium, by PKC-dependent phos-
phorylation, and by By subunits of G-proteins.

G-Protein-Coupled Receptors and Ion Channels

Evidence is accumulating that G-proteins also link
activated receptors to ion channels, which act as the
effectors of agonist stimulation in much the same
manner that adenylyl cyclase or phospholipase C are
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FIGURE 15 Diacylglycerol (DAG), formed from phosphatidylinositol 4,5 bisphosphate (PIP,)
by the action of phospholipase C, may be cleaved by DAG lipase to release arachidonate, the
precursor of the prostaglandins and leukotrienes. Arachidonate is also released from other
membrane phospholipids (e.g., phosphatidylcholine) by the action of the enzyme phospholipase A2.

the effectors of responses to other G-protein receptors.
In particular, it appears that the By subunit complex
may activate potassium channels, and that « subunits
may interact with calcium channels. The exact nature
of the interaction of these proteins with ion channel
proteins is not yet known. Because some membrane
channel proteins are substrates for PKA and perhaps
PKC, G-proteins also affect channels indirectly. Alter-
ing ion channel activity by the actions of G-protein-
dependent agonists frequently results in modulating the
responsiveness of target cells to the actions of other
agonists.

Complexities of G-Protein-Related Transduction

We have described only a very limited set of generic
mechanisms by which hundreds or perhaps thousands of
diverse agonists arising in the external environment
(e.g., light, odorants) and internal environment, includ-
ing neurotransmitters and hormones, modify the behav-
ior of their target cells through G-protein receptors. At
first glance, there seem to be too few postreceptor
mechanisms to accommodate the vast array of signals
that impinge on cells. Actually, enormous diversity and
complexity of responding systems can be achieved
through selective, cell-specific expression of specific
isoforms of almost every component of the response

systems described above. To date, 16 genes for the
G-protein « subunits have been isolated. Including alter-
nately spliced products, mammals express at least 20
different @ subunits, each endowed with unique proper-
ties that shape its activity. Considering that 5 different S
and 7 different y subunits have also been described, the
number of possible heterotrimeric G-proteins is poten-
tially quite large. Eight different genes code for isoforms
of adenylyl cyclase that are stimulated or inhibited by
different isoforms of G« and that have different
sensitivities to phosphorylation (and hence modulation)
by PKA, PKC, or CAM-kinase. Cyclic AMP can be
degraded by phosphodiesterases belonging to four
different families, one of which is activated by
calcium/calmodulin and another by cyclic GMP. There
are 2 major classes of PKA and at least 12 isoforms. Of
the 9 isoforms of PKC, only 4 are considered to be
conventional and require calcium for activation. Other
forms are calcium independent, and all 9 are down-
regulated by prolonged stimulation.

Cyclic GMP

Cyclic guanosine 3’,5-monophosphate (cGMP) is
formed from guanosine triphosphate by the enzyme
guanylyl cyclase which is not coupled to G-protein
receptors. Though considerably less versatile than
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cAMP, cGMP plays an analogous second messenger
role in many cells, particularly in smooth muscle cells, in
platelets, and in the rods and cones of the visual system
where it has been most thoroughly studied. Absorption
of a photon of light causes a conformational change in
rhodopsin, the visual pigment in rod cells, in much the
same way that other G-protein linked receptors are
activated by ligands (see Chapter 51). Activation of
rhodopsin causes the « subunit of the heterotrimeric
G-protein, transducin, to exchange its bound GDP for
GTP and to dissociate from the Sy subunits. Instead of
protein kinase, the catalytic component activated by
transducin is a cyclic nucleotide phosphodiesterase that
converts cyclic GMP to 5-GMP (Fig. 16). In the dark
or resting state, cGMP binds to and activates cation
channels in the membrane that allow sodium and
calcium ions to enter. Activation of phosphodiesterase
accelerates the hydrolysis of cGMP, lowering its
concentration and allowing the channels to close.
Closure of the channels changes the electrical properties
of the cell membrane and the rate of neurotransmitter
release. The decline in intracellular calcium concentra-
tion that results from closure of cGMP-gated cation
channels de-inhibits guanylyl cyclase, and allows cGMP
concentrations to return to the resting level.

In smooth muscle cells, guanylyl cyclase activity may
either be an intrinsic component of some transmem-
brane receptors or reside in the cytosol as a soluble
protein. Both the transmembrane and the soluble forms
of guanylyl cyclase are directly stimulated by agonists
without the intercession of G-proteins. Increased
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FIGURE 16 Role of cGMP in photoreception. In the dark, cyclic
GMP (¢cGMP) binds to cyclic nucleotide-gated channels, keeping them
open, so that both sodium (Na ™) and calcium (Ca®") enter the cell. In
response to a photon of light, rhodopsin induces an allosteric change in
its associated G-protein, transducin (T), causing the « subunit to
exchange GDP for GTP and dissociate from the Sy subunits. The free
o subunit binds to cyclic nucleotide phosphodiesterase (PDE) and
stimulates the degradation of cGMP. Decreased cGMP concentrations
favor release of the bound nucleotide and closure of the cGMP-gated
channels.

formation of ¢cGMP in these and other cells activates
protein kinase G, which, like PKA, catalyzes the
phosphorylation of serine and threonine residues in
various regulatory proteins. In platelets, activation of
protein kinase G prevents clot formation by interfering
with a constellation of reactions that promote clotting.
Cyclic GMP also activates phosphodiesterase in some
cells, and at least some of its biological effects may be
explained by accelerated degradation of cAMP.

Receptor Channels

Activation of G-proteins and formation of second
messengers require several seconds and cannot account
for the rapid transfer of information seen at neural
synapses or the neuromuscular junction (see Chapter 6).
Rapid transfer of information leading to -electrical
changes in membranes (depolarization or hyperpolar-
ization) is mediated by a special group of receptors
found in nerves and muscles. These receptors are
bifunctional. They have both recognition and effector
domains and do not require the intercession of transdu-
cer molecules. A good example is the nicotinic receptor
for the neurotransmitter acetylcholine. This receptor is a
large complex that spans the thickness of the membrane.
It is also an ion channel comprised of five subunits, the
products of four genes. When a molecule of acetylcho-
line binds to each of the two « subunits, an allosteric
shift in configuration opens the channel for about a
millisecond to allow passage of both sodium and
potassium ions. Initially, influx of sodium exceeds the
efflux of potassium, so that the membrane depolarizes
rapidly, causing the muscle to contract. Other examples
of transmitter-gated ion channels are the receptor
channels in the central nervous system that open to
admit sodium when stimulated by glutamate or seroto-
nin and those that open to admit chloride when
stimulated by glycine or y-aminobutyric acid (GABA).

Receptors That Signal Through
Tyrosine Kinase

A large group of agents, including hormones, cyto-
kines, and growth factors, stimulate their target cells by
exciting receptors that signal through activated tyrosine
kinases (Table 3). The intracellular portions of the
receptor tyrosine kinases have intrinsic tyrosine kinase
activity. The tyrosine-kinase-associated receptors have
no intrinsic tyrosine kinase activity, but the intracellular
domain contains a sequence of amino acids that
interacts with cytosolic tyrosine kinase molecules of
the Janus kinase (JAK) family (Fig. 17). Although these
receptors belong to several different structural families,
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TABLE 3 Some Examples of Tyrosine-Kinase-Dependent
Receptors

Tyrosine kinase-associated

Receptor tyrosine kinases receptors

Insulin
Insulin-like growth

factor I (IGF-1)
Epidermal growth factor (EGF)
Fibroblast growth factor (FGF)
Platelet-derived growth

factor (PDGF)
Nerve growth factor (NGF)

Erythropoietin (EPO)
Growth hormone (GH)

Prolactin
Interleukins 2,3,4,5,6,7,9,11,12,15

y-Interferon

Leukemia inhibitory factor (LIF)

there are sufficient similarities in their modes of signal
transduction to consider them as a group. These
receptors rely on physical association between proteins
(protein—protein interactions) and trigger formation of
large aggregates of proteins to transmit the signal.

The tyrosine-kinase-dependent receptors have only a
single membrane-spanning region and a seemingly less
complex architecture than the G-protein receptors. The
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FIGURE 17 Prototypic tyrosine-kinase-dependent receptors.
Receptor tyrosine kinases contain an intrinsic tyrosine kinase catalytic
domain (indicated in blue) in the part of the receptor that extends into
the cytosol. In the absence of ligand, they usually consist of a single
peptide chain (1) which forms a dimer after binding to its agonist (A).
Some receptor tyrosine kinases (2) are more complex, with subunits
held together by disulfide bonds, whether or not the agonist is present.
The tyrosine-kinase-associated receptors have no intrinsic catalytic
activity but associate with cytosolic tyrosine kinases (indicated in blue).
Some of these receptors (4) are composed of two or more dissimilar
subunits in the absence of agonist, but all form dimers in the presence
of agonist. Dimers of receptor tyrosine kinases contain two molecules
of agonist, while dimers of the tyrosine-kinase-associated receptors
contain only one molecule of agonist. Dimerization upon receptor
binding leads to phosphorylation (P) on tyrosine residues in the
receptor itself or perhaps on the associated kinase as well.

extracellular portions contain the ligand binding site.
Agents that excite these receptors often promote cell
division (mitogens) or differentiation. Their actions,
which generally, but not exclusively, involve changes in
gene expression, are slower in onset and more prolonged
than most effects of ligands that act through G-protein-
linked receptors. A notable exception is insulin (see
Chapter 41), which may increase glucose transport
across plasma membranes within just a few minutes.

For most of the tyrosine-kinase-dependent recep-
tors, agonist binding causes two receptor molecules to
come together to form a dimer as the first step in signal
generation. Dimerization brings the cytosolic portions
into close proximity to each other and permits the
tyrosine kinase associated with each member of the
dimer to phosphorylate tyrosine residues on the other.
Dimerization generally produces a complex of two
receptor tyrosine kinase molecules along with one or
two agonist molecules. The insulin and insulin-like
growth factor (IGF) receptors, which are dimeric even
in the unliganded state (see Chapters 41 and 44),
become activated upon binding two agonist molecules.
The platelet-derived growth factor (PDGF) receptor
complex is formed when a dimer PDGF binds to two
receptor molecules. Tyrosine-kinase-associated recep-
tors for growth hormone (see Chapter 44), prolactin
(see Chapter 47), erythropoietin and many cytokines
form dimers when two receptor molecules bind a
single agonist molecule. Some of the tyrosine kinase-
associated receptors have two or three subunits so that
each half of the dimer contains an agonist binding
subunit and a signaling subunit that binds to tyrosine
kinase. Curiously, the same signaling subunit, called
gpl30, is found in receptors for several different
cytokines.

The protein substrates for receptor-activated tyrosine
kinases may have catalytic activity or may act only as
scaffolds or adaptor proteins to which other proteins are
recruited and positioned so that enzymatic modifica-
tions are facilitated. Phosphorylated tyrosines act as
docking sites for proteins that contain so-called Src
homology 2 (SH2) domains. SH2 domains are named
for the particular configuration of the tyrosine phos-
phate binding region originally discovered in v-Src, the
cancer-inducing protein tyrosine kinase of the Rous
sarcoma virus. SH2 domains represent one type of a
growing list of modules within proteins that recognize
and bind to specific complementary motifs in other
proteins. Different SH2 groups recognize phosphory-
lated tyrosines in different contexts of adjacent amino
acid residues. Typically, multiple tyrosines are phos-
phorylated so that several different SH2-containing
proteins are recruited and initiate multiple signaling
pathways.
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Tyrosine-kinase-dependent receptors generally signal
to the nucleus and regulate gene transcription through
multiple pathways. One way that these receptors
communicate with the genome is through activation of
the mitogen-activated protein (MAP) kinase cascade
(Fig. 18). MAP kinase is a cytosolic enzyme that is
activated by phosphorylation of both serine and tyro-
sine residues and then enters the nucleus, where it
phosphorylates and activates certain transcription
factors. Activation of MAP kinase follows an indirect
route that involves a small G-protein, called Ras, which
was originally discovered as a constitutively activated
protein present in many tumors. Ras proteins belong to
a family of small G-proteins that function as biochem-
ical switches to regulate such processes as entry of
proteins into the nucleus, sorting and trafficking of
intracellular vesicles, and cytoskeletal rearrangements.
The small G-proteins are members of the same super-
family as the « subunit of the heterotrimeric G-proteins
but do not form complexes with By subunits or interact
directly with receptors. The small G-proteins are
GTPases that are in their active state when bound to
GTP and in their inactive state when bound to GDP.
Instead of liganded receptors, the small G-proteins are
activated by proteins called nucleotide exchange factors
that cause them to dissociate from GDP and bind GTP.
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FIGURE 18 Phosphorylation of tyrosines on a receptor (R)
following agonist (A) binding provides docking sites for the attach-
ment of proteins that transduce the hormonal signal. The growth
factor binding protein 2 (GRB2) binds to a phosphorylated tyrosine in
the receptor and binds at its other end to the nucleotide exchange
factor SOS, which stimulates the small G-protein Ras to exchange its
GDP for GTP. Thus activated, Ras in turn activates the protein kinase
Rafl to phosphorylate mitogen-activated protein (MAP) kinase and
initiate the MAP kinase cascade that ultimately phosphorylates
nuclear transcription factors. The y isoform of phospholipase C
(PLCy) docks on the phosphorylated receptor and is then tyrosine
phosphorylated and activated to cleave phosphatidylinositol 4,5
bisphosphate (PIP,), releasing diacylglycerol (DAG) and inositol
trisphosphate (IP3) and activating protein kinase C (PKC).

They remain activated as they slowly convert GTP to
GDP, but inactivation can be accelerated by interaction
with GTPase-activating proteins (GAPs).

One of the proteins that docks with phosphorylated
tyrosine residues is the growth factor binding protein 2
(Grb2). Grb2 is an adaptor protein that has an SH2
group at one end and other binding motifs at its
opposite end which enable it to bind other proteins,
including a nucleotide exchange factor called Sos. By
means of these protein—protein interactions, the activa-
ted receptor can thus communicate with Sos, which
activates Ras. Ras in turn activates the enzyme Raf
kinase which phosphorylates and activates the first of a
cascade of MAP kinases that ultimately result in
phosphorylation of nuclear transcription factors.

The gamma isoform of phospholipase C is another
effector protein that is recruited to tyrosine-phosphory-
lated receptors by way of its SH2 group. It is also a
substrate for tyrosine kinases and is activated by
tyrosine phosphorylation it catalyzes the formation
of DAG and IP; in the same manner as already
discussed for the beta isoforms associated with
G-protein coupled receptors. In this manner, tyrosine-
kinase-dependent receptors stimulate cellular changes
that depend on protein kinase C and the calcium/
calmodulin second messenger system, including phos-
phorylation of nuclear transcription factors by calmod-
ulin kinase (see Fig. 18).

Another mechanism for modifying gene expression
involves activation of a family of proteins called Srat
(signal transducer and activator of transcription)
proteins. The Stat proteins are transcription factors
that reside in the cytosol in their inactive state and have
an SH2 group that enables them to bind to tyrosine-
phosphorylated proteins. Upon tyrosine phosphoryla-
tion, Stat proteins dissociate from their docking sites,
form homodimers, and migrate to the nucleus, where
they activate transcription of specific genes (Fig. 19).

Yet another important mediator of tyrosine kinase
signaling is phosphatidylinositol-3 (PI-3) kinase, which
catalyzes the phosphorylation of carbon 3 of the inositol
of phosphatidylinositol bisphosphate in cell and orga-
nelle membranes to form phosphatidylinositol 3.,4,5
trisphosphate (PIP5). PI-3 kinase consists of a regulatory
subunit that contains an SH2 domain and a catalytic
subunit. Binding of the regulatory subunit to phos-
phorylated tyrosines of the receptor-associated complex
activates the catalytic subunit. Activation of PI-3 kinase
plays a key role in transducing signals from tyrosine-
kinase-dependent receptors to downstream events. The
enzymes activated by PIP; are protein kinases that
regulate cellular metabolism, vesicle trafficking, cyto-
skeletal changes, and nucleotide exchange factors that
control the activity of the small G-proteins.
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FIGURE 19 Hormone receptors (R) associate with the JAK family
of cytosolic protein tyrosine kinases (J), and following binding of
agonist (A) and dimerization become phosphorylated on tyrosines.
Proteins of the STAT family (S) of transcription factors that reside in
the cytosol in the unstimulated state bind to the phosphorylated
receptor and, upon being tyrosine phosphorylated by JAK, dissociate
from the receptor, form homodimers, and migrate to the nucleus where
they activate gene transcription.

INTRACELLULAR RECEPTORS

To reach intracellular receptors, agonists must get
across the plasma membrane. The steroid hormones and
vitamin D (see Chapters 40, 43, and 45-47) are
derivatives of cholesterol and readily diffuse through
the lipid bilayer of the plasma membrane because they
are highly lipid soluble. Similarly, the thyroid hormones
(see Chapter 39), which are w-amino acids, have large
nonpolar constituents and penetrate cell membranes
both by diffusion and to some extent by carrier-
mediated transport. Retinoic acid (vitamin A) is also
quite lipid soluble, as is the gas nitrous oxide (NO). With
the exception of the soluble form of guanylyl cyclase,
which is an intracellular receptor for NO (see Chapter
17), all of the known intracellular receptors belong to
the nuclear receptor superfamily of transcription factors
that includes receptors for the steroid hormones, thyroid
hormone, vitamins D and A, and derivatives of

arachidonic acid. Because no ligands have yet been
identified for some members of this superfamily, they
are known as “‘orphan’ receptors.

Nuclear receptors enhance or repress expression of
some genes in a manner that is both agonist specific and
cell specific. They are comprised of a single long peptide
chain that ranges in length from about 350 amino acids
for the thyroid hormone receptor (see Chapter 39) to
more than 1000 amino acids for the mineralocorticoid
receptor (see Chapter 40). Functionally, they can be
divided into three domains. The N-terminal region,
which accounts for most of the variability in length,
contains an activation function (AF1) that regulates the
transcription-promoting activity of the receptor as a
consequence of its interaction with other transcription
factors. It may be phosphorylated at multiple sites,
usually on serine or threonine residues but sometimes
also on tyrosine residues. Phosphorylation may increase
its ability to interact with other transcription factors.
The middle portion is the region with the greatest
similarity of amino acid sequence among family
members and is the part that binds to DNA. The
carboxyl-terminal portion contains the hormone bind-
ing domain and a second activation function. It also
contains a leucine-rich sequence that provides a surface
for dimer formation with another nuclear receptor
molecule.

In the unactivated state, the steroid hormone receptor
subfamily of nuclear receptors may be located in the
cytoplasm or in the nucleus. In the absence of ligand, the
steroid hormone receptor is associated with a large
complex of chaperon proteins (also called heat shock
proteins) and is folded in such a way that the DNA
binding surface is masked by the associated proteins.
Ligand binding produces a change in shape that
activates the receptor and causes it to dissociate from
the chaperon proteins. Upon activation, the receptor
forms a dimer with another activated receptor molecule
and binds to specific nucleotide sequences in DNA
called hormone response elements. These elements might
be located in the immediate vicinity of the promoters of
responsive genes or at appreciable distances away. The
receptors activate or repress transcription of specific
genes either by interacting directly with the basal
transcription complex at the promoter or indirectly
through interactions with other proteins that serve as
accessory factors and coregulators (Fig. 20). It is likely
that there are many coregulatory proteins, and that the
complement of such factors available in any particular
cell contributes to the determination of which genes will
be affected. It is noteworthy that the receptors for
several different steroid hormones may bind to the same
hormone response elements, although the complement
of genes activated is quite hormone specific. This
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FIGURE 20  General scheme of steroid hormone action. Steroid
hormones penetrate the plasma membrane and bind to intracellular
receptors found largely in the nucleus (except adrenal steroid
receptors). Hormone binding activates the receptor, which forms
complexes with other proteins and binds to specific acceptor sites
(hormone response elements, HRE) on DNA to initiate transcription
and formation of the proteins that express the hormonal response. The
steroid hormone is then cleared from the cell.

apparent paradox may be resolved if we assume that the
role of the hormone response element is simply to
anchor the receptor to the DNA in responsive genes,
but whether or not a particular gene is transcribed is
also determined by the combination of interacting
transcription activators that associate with the receptor
and the basal transcription complex. The thyroid
hormones and retinoic acid act by a slight variation
of this scheme; unoccupied receptors are already bound
to their response elements in the DNA and do not
form complexes with chaperons. Unoccupied receptors
are either inactive until the ligand is bound or act as
repressors in the absence of hormone. These receptors
may form heterodimers with each other and in some
cases with orphan receptors. Further discussion of signal
transduction by this superfamily is found in chapters
that discuss the actions of the various hormones.

INTEGRATION OF SIMULTANEOUS SIGNALS

As must already be quite obvious, binding of a signal
molecule to its receptor sets in motion intracellular
signaling pathways that are both intricate and complex.
Cells express receptors for multiple signaling molecules
and are simultaneously bombarded with excitatory,
inhibitory, or a conflicting mixture of excitatory and
inhibitory inputs from different agents whose signaling

pathways may run in parallel, intersect, coincide,
diverge, and perhaps intersect again before influencing
the final effector molecules. Some signaling pathways
must compete for common substrates as well as for the
final effector molecules that express the final alterations
in cellular behavior. Target cells must integrate all
inputs by summing them algebraically and sometimes
geometrically and then respond accordingly. For exam-
ple, in the hepatocyte, both glucagon and epinephrine
stimulate adenylyl cyclase, each by way of its own
G-protein-coupled receptor. The effects of these signals
combine to produce a more intense activation of
adenylyl cyclase than would result from either one
alone. At the same time, these cells may also be receiving
some input from insulin, an action of which is activation
of cAMP phosphodiesterase, which breaks down
cAMP. In the pancreatic beta cell, which secretes
insulin, epinephrine binds to two classes of G-protein-
coupled receptors: «, receptors, which couple to adeny-
lyl cyclase through a Ge;, and B receptors, which couple
to adenylyl cyclase through a Gag. The two receptors
thus transmit conflicting information; in this case, the
inhibitory influence of the «, receptor is stronger and
prevails. Figure 21 shows an example of how several
signaling pathways might operate simultancously.
Integration occurs at various levels along signal
transduction pathways, with cross-talk among the
various G-protein-receptor-mediated signaling path-
ways or among the various tyrosine-phosphorylation-
dependent pathways and among G-protein- and tyro-
sine-kinase-mediated pathways and nuclear-receptor-
mediated pathways. Integration thus is not limited to
the rapidly expressed responses that result from phos-
phorylation/dephosphorylation reactions but can also
occur at the level of gene transcription or may involve a
mixture of the two. In fact, phosphorylation of nuclear
receptors catalyzed by MAP kinase, CAM kinase II, or
PKC alters their ability to bind to other nuclear factors
and hence may increase or decrease their ability to
influence gene transcription. In responding simulta-
neously to multiple inputs, cells are able to preserve the
signaling fidelity of individual hormones even when
their transduction pathways appear to share common
effector molecules. Understanding of how cells accom-
plish this is still incomplete, but part of the explanation
may derive from the findings that many of the protein
molecules involved in complex intracellular signal
transmission do not float around freely in a cytoplasmic
“soup” but are anchored at specific cellular loci by
interactions with the cytoskeleton or membranes of
intracellular organelles. Protein kinase A, for example,
may be localized to specific regions in the cell by special-
ized proteins called AKAPs (A kinase anchoring
proteins), and various forms of PKC are localized by
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FIGURE 21  Cells may simultaneously receive inputs from agonists A, B, and C. Agonist B,

acting through a G-protein-coupled receptor activates adenylyl cyclase (AC) through the a
stimulatory subunit (e). Agonist C binds to its G-protein-coupled receptor which, through the
inhibitory subunit (o;), inhibits adenylyl cyclase and, through the e« subunit, activates
phospholipase C (PLC), resulting in the cleavage of phosphatidylinositol 4,5 bisphosphate (PIP,)
and the release of diacylglycerol (DAG) and inositol trisphosphate (IP3). Agonist A, acting through
a tyrosine kinase receptor, activates CAMP phosphodiesterase (PDE), which degrades cAMP. The
cell must then sum all of these signals into an integrated response.

interacting with RACKs (receptors for activated C
kinase). It is also possible that different agents use
specific combinations of signal transduction pathways
and that convergence of signals at critical reactions
provides the reinforcement or dampening that enables
cells to distinguish between agonists and appropriate
cellular responses.

BIOSYNTHESIS, STORAGE, AND SECRETION OF
CHEMICAL SIGNALS

Signal molecules generally are formed from simple
precursors within the signaling cell, but occasionally
common metabolites are used as signals without enzy-
matic modification. For example, glycine and glutamate
are neurotransmitters in the brain. Sometimes only one or
two enzymatic steps are needed to convert a common
metabolite to a potent signal; histamine, for example, is
formed by decarboxylation of the amino acid histidine,
and adenosine is formed when adenosine monophos-
phate (5 AMP) is dephosphorylated. A complex series of
enzymatic reactions may be used to build steroid
hormones from a simple metabolite such as acetate, or
secretory cells may accomplish the same end simply by
putting the finishing touches on cholesterol that they take
up from the blood (see Chapters 40 and 45-47).
Enzymatic reactions may take place in the cytosol or
within cellular organelles. Often, the biosynthetic path-
way meanders from one cellular compartment to another,

requiring energy-consuming, carrier-mediated transport
to transfer precursors across intracellular membranes. As
already described, all protein and peptide signal mole-
cules, like other cellular proteins, are synthesized on
ribosomes, processed in the endoplasmic reticulum and
Golgi apparatus, and then packaged for later secretion by
the process of exocytosis (Fig. 22). Specific reactions in
biosynthesis and processing of signal molecules are
discussed in subsequent chapters.

Secretory Granules and Vesicles

Cells usually maintain ample stores of the signal
molecules they produce and therefore can respond
rapidly and repeatedly to whatever changes in the
internal or external environment might call forth
secretion. Notable exceptions are the steroid hormones
and the derivatives of arachidonic acid which are
synthesized from stored precursors in the initial phase
of the secretory process. Secretory products are usually
segregated from the rest of the cell and stored in highly
concentrated form in membrane-bound vesicles. In
histological sections, stored secretory products appear
as vesicular or granular inclusions for which the staining
properties are often sufficiently distinctive to give the
cell its name (e.g., eosinophils, chromaffin cells). At
present, there is little reason to believe that synaptic
vesicles that store neurotransmitters in nerve terminals
are fundamentally different from the secretory granules
of cells that secrete protein hormones or from the
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FIGURE 22 The leader sequence or signal peptide of proteins
destined for secretion enters the cisternae of the endoplasmic reticulum
even as peptide elongation continues. In the endoplasmic reticulum (1),
the leader sequence is removed, (2) the protein is folded with the
assistance of protein chaperons, sulfthydryl bridges may form (3), and
carbohydrate may be added (glycosylation) (4). The partially processed
protein is then entrapped in vesicles (5) that bud off the endoplasmic
reticulum and fuse with the Golgi apparatus (6), where glycosylation is
completed, and the protein is packaged for export in secretory vesicles
(7) in which the final stages of processing take place.

granules in white blood cells that give rise to the name
granulocyte.

Secretory vesicles are not inert receptacles;
rather, they are active participants in the production,
processing, and delivery of secretory products to the cell
exterior. Their membranes are formed in the Golgi
apparatus and are similar or identical in composition to
the plasma membrane; they are selectively permeable
and are endowed with the capacity for active transport
of ions and complex molecules in either direction.
Consequently, the composition of fluids in the interior
of the vesicles is different from the composition of the
cytosol. Carrier molecules in vesicular membranes
account for the uptake of small signal molecules from
the cytosol. Even the large amounts of signal molecules
stored within vesicles have little osmotic impact because
they are either complexed to macromolecules or precip-
itated out of solution.

The secretory granule provides a unique environment
for enzymatic processing of secretory products and for
protecting them from the degradative apparatus of the
cell. Some enzymes required for synthesis or modi-
fication of secretory products may be intrinsic proteins
in the vesicular membrane. In some cases, enzymes

necessary for final processing of protein and peptide
signal molecules are packaged along with the signal
precursor before the vesicle is released from the Golgi
apparatus. More than 200 different proteins have been
found within the secretory vesicles that store the
hormone insulin, but only a few of these are precursors
of insulin or byproducts of processing of insulin.

Exocytosis

The process by which the contents of secretory
vesicles are delivered to the extracellular fluid is called
exocytosis. Depending upon the type of cell, exocytosis
may occur over the entire surface or be localized to a
small discrete area. For example, nerve cells release their
neurotransmitters only at synapses that comprise only a
tiny fraction of their surface area. When an appropriate
signal is received by the secretory cell, storage granules
move to the cell surface generally triggered by an
increased concentration of cytosolic calcium, and their
surrounding membranes fuse with the plasma
membrane. The area of fusion then breaks down and
opens the storage vesicle to the extracellular fluid
(Fig. 23). Membranes that surrounded secretory vesicles
before fusion are retrieved from the plasma membrane
by endocytosis. In some cells, particularly in nerve
endings, these fragments of membrane are reformed into
new secretory vesicles, refilled with signal molecules, and
recycled many times over. In addition to providing some
economy, reuptake of vesicular membranes or their
equivalent prevents expansion of the cell surface areca
that would otherwise occur as secretory vesicles repeat-
edly fuse with the cell membrane.

During exocytosis, the entire contents of the secretory
vesicle are released, including signal molecules, precur-
sors, byproducts, and processing enzymes. In some
instances (e.g., adrenal medullary cells, pituitary corti-
cotropes), more than one of these products may
have biological activity. Although one normally
thinks of this process in terms of secretion of signal
molecules, occasionally the processing enzyme is the
critical secretory product. For example, the proteolytic
enzyme renin is released by the kidney when blood
volume decreases (see Chapter 29 and 40). Renin
catalyzes the rate-determining step in the formation of
the hormone angiotensin from its precursor, which
circulates in the blood.

The cellular events that control exocytosis are still
incompletely understood, but it has been recognized
for many years that an increase in the concentration
of free calcium in the cytosol is essential both for
fusion of the vesicular membrane with the plasma
membrane and for extrusion of vesicular contents.
Movement of secretory granules to peripheral areas of
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FIGURE 23  Exocytosis. Secretory vesicles bud off the trans-Golgi
compartment (1) and move into the cytosol (2), where they await a
signal for secretion. Secretion (3) is usually accompanied by increased
cellular calcium which causes elements of the cytoskeleton to
translocate secretory granules to the cell surface (4). The membrane
surrounding the granule fuses with the plasma membrane, opening the
secretory vesicle to the extracellular fluid and releasing the processed
protein(s) along with enzymes and peptide fragments.

the cell is a necessary prelude to fusion and probably
also requires calcium. Positioning of granules in the
submembranous zone usually occurs before the actual
secretory event. Some of the calcium-activated mole-
cules and the proteins in the vesicular and plasma
membranes that enable docking and fusion to occur
have been identified, but a discussion of this complex
topic is beyond the scope of this text; the interested
student is encouraged to consult recent texts of cell
biology.

Calcium that triggers secretion is released from
intracellular organelles or gains access to the cytosol
through calcium channels in the plasma membrane. In
nerves and some glandular cells, the arrival of an
electrical signal, the action potential, opens voltage-
sensitive calcium channels. In some cells, calcium
channels may open when they are phosphorylated by
PKA or when they interact with an activated G protein.

These processes were considered above in the discussion
of the molecular events set in motion after a signal
molecule interacts with a receptor. Secretion, after all, is
one of the common responses of cells to stimulation by a
signal molecule.

It is obvious that synthesis must be coupled in some
way with secretion, as cells rarely exhaust their supply of
secretory product. It is likely that the same events that
initiate secretion simultaneously initiate synthesis. It is
also possible that cells have some mechanism for
monitoring how much signal is stored and synthesize
signal molecules when storage depots fall below some
threshold level.

Clearance of Chemical Messages

For a molecule to function as a signal, it must be
present in the environment of the target cell only during
periods of information transfer. If the signal were not
eliminated once the message was received, the target cell
would remain in a state of constant activation or
inhibition or would become exhausted and unresponsive
to subsequent stimulation. Thus, elimination of signal
molecules is as important as their secretion, and
elaborate mechanisms have evolved to accomplish this
task. In some cases effective signaling may be term-
inated simply by dilution followed by elimination at a
distant site.

In general, signal molecules interact reversibly with
their receptors and little is consumed or transformed in
delivering their message. Target cells may take up signal
molecules bound to their receptors (receptor-mediated
endocytosis), separate signal from receptor in the
endosomes, and then deliver the signal to the lysosomes
for destruction and the receptor back to the cell
membrane. Target cells may also produce hydrolytic
enzymes on their surface in the vicinity of their receptors
(e.g., acetylcholin esterase at the neuromuscular junc-
tion; see Chapter 6), thus efficiently destroying signal
molecules that are not bound to receptors. One
economical way to eliminate signal molecules is for the
secreting cell to take them up again and repackage them
in secretory vesicles for future use. This mechanism is
utilized by terminals of sympathetic nerves and neurons
in the brain. Most target cells rely on dilution of signal
molecules in the large volume of extracellular fluid as
they diffuse away from their receptors after the message
has been delivered. Signal molecules are then destroyed
by enzymes in extracellular fluid or blood or by
specialized organs such as liver or kidney which alter
the signals chemically and excrete the degraded
products. Signals may be totally degraded or simply
transformed so that they are no longer recognizable by
receptors in target cells.
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The subject matter of this chapter covers a broad range of topics
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Bray D, Lewis J, Raff M, Roberts K, and Watson JJ, Molecular
biology of the cell, fourth ed., New York: Garland Publishing, 2002.
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Biochemistry, Annual Review of Physiology, Endocrine Reviews, and
many other excellent journals.
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¢ Biologic membranes are composed of a phos-
pholipid bilayer containing peripheral and inte-
gral proteins.

Diffusion of nonelectrolytes takes place from a
higher concentration to a lower concentration.
The rate of diffusion across a membrane is a
linear function of the concentration difference.
The permeability coefficient for diffusion of a
solute through the lipid matrix of the
membrane increases with increasing solubility.
Water-soluble solutes cross membranes by
restricted diffusion though water-filled protein
channels. The permeability coefficient for diffu-
sion of uncharged solutes through channels
decreases with increasing molecular radius.

KEY POINTS

The permeability coefficients of ions depend
on radius and charge.

The rate of diffusion of charged solutes
depends on both the concentration gradient
and the electrical potential difference across
the membrane.

Diffusion potentials arise to preserve electro-
neutrality in the face of differences in ion
mobility.

The orientation of a diffusion potential is such
that it accelerates the movement of less mobile
ions and retards the movement of more mobile
ions.

The Nernst potential is the electrical potential
difference at which there is no ionic flow in
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spite of the presence of a concentration
difference. An ion is said to be ‘actively
transported’ if its distribution cannot be
described by the Nernst equation.

e The osmotic pressure is the hydrostatic pres-
sure necessary to prevent volume displace-
ment when there is a concentration difference
of a solute across a semipermeable membrane.
The osmotic pressure is a linear function of the
concentration difference across the membrane.

e The reflection coefficient of a solute is a
measure of the relative permeabilities of the
membrane to water and solute or the ability of
the membrane to distinguish between solute
and solvent.

KEY POINTS (continued)

e The rate of volume displacement across a
membrane is a linear function of the hydro-
static pressure difference across the
membrane.

e Facilitated diffusion refers to carrier-mediated
processes that are not coupled to a source of
energy.

® Primary active transport refers to carrier-
mediated processes directly coupled to a
source of chemical energy. All primary active
transporters in animal cells are ATPases.

e Secondary active transport refers to carrier-
mediated processes indirectly coupled to
a source of energy—for example, an ion
gradient.

MEMBRANE COMPOSITION AND STRUCTURE

Historical Perspectives: The Dawning of
Membrane Biology

The first suggestion of the existence of biological
membranes is generally attributed to the botanist Carl
Wilhelm Nageli (1817-1891), who became a pioneer in
the application of microscopic techniques to the study
of cell detail through his attempts to relate structure
and function. In his classic work Primordialschlauch,
published in 1855, he pointed out that the region
immediately adjacent to the inner surfaces of the walls
of plant cells appeared to differ from the underlying
protoplasm and conjectured that this may be because
the protoplasm becomes a firmer gel on contact with
the extracellular fluid. Two decades later, another
botanist, W. Pfeffer, noted that, when plant cells were
placed in concentrated solutions, the protoplasm
shrank away from the wall and appeared to be
surrounded by a distinct structure, or “‘membrane.” In
his treatise dealing with these studies (Osmotische
Untersuchungen), he argued that these membranes
were discrete structures that could serve as selective
barriers for the passage of substances into and out of
cells. This was merely a guess, but one that had the
virtue of being correct; that guess is sometimes
referred to as Pfeffer’s postulate.

It was not until 1890 that Ernst Overton confirmed
Pfeffer’s guess. Overton compared the solubility of a
large number of solutes in olive oil with the ease with
which they permeate (enter) cells and, as is discussed in
greater detail in the following sections, concluded that

Pfeffer’s membrane behaved very much as if it were
made up of lipids similar to olive oil and thus differed
from the aqueous protoplasm.

This first clue to the composition of biological
membranes takes us back many years, and, indeed, it
would not be too much of an exaggeration to say that
the earliest contribution in this area can be attributed to
Pliny the Elder (A.D. 23-79) who noted, “Everything is
soothed by oil, and this is the reason why divers send out
small quantities of it from their mouths, because it
smoothes every part which is rough” (Natural History,
Book II, Section 234). Apparently, pearl divers made a
habit of diving with a mouthful of oil when the surface
of the water was rippled by winds; when they ejected the
oil, it would “‘soothe the troubled waters” and increase
underwater visibility.

In 1762, Benjamin Franklin was purportedly
reminded of this calming effect of oil by an old sea
captain, and, in 1765, when he was the American
ambassador to the Court of St. James, he performed an
experiment that is a landmark in the science of surface
chemistry. Franklin poured olive oil onto a pond in
Clapham Common (near London) and noted that the
ripples caused by the wind were indeed calmed. He also
astutely noted that a given quantity of oil would only
spread over a definite area of the pond; the same
quantity of oil would always cover the same area, and
twice that volume of oil would cover twice that area.
Knowing the volume of oil poured on the pond and the
area covered, Franklin calculated that the thickness of
the layer formed by the oil was about 25 A (2.5 nm) and
that it “could not be spread any thinner.” Current
measurements of the thickness of a monomolecular
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FIGURE 1  (A) Monolayer formed by phospholipids at an air-water
interface. (B) A phospholipid bilayer separating two aqueous
compartments. (C) A bimolecular lipoprotein membrane.

layer (Fig. 1A) of olive oil on water have not signifi-
cantly improved on Franklin’s estimate.

In 1925, Gorter and Grendel, stimulated by the
findings of Franklin and Overton, performed a series of
studies that had a major impact on all subsequent
thinking dealing with membrane structure. These inves-
tigators extracted the lipids from erythrocyte
membranes of a variety of species and calculated the
area covered by these lipids when spread on water to
form a monomolecular layer. They also approximated
the total area of the membranes from which the lipid
was extracted and concluded that the area of the
monomolecular layer was twice the membrane area;
that is, there was sufficient lipid to form a double or
bimolecular layer of lipid around the cells, with each
layer being about 25 A thick (Fig. IB).

In 1935, Davson and Danielli modified the model
proposed by Gorter and Grendel by including protein in
the membrane structure. The bimolecular lipoprotein
model they proposed is illustrated in Fig. 1C. The
essential features of this model are (1) a bimolecular
lipid core that is 50 A (5 nm) thick and corresponds to
the Gorter—Grendel model; and (2) inner and outer
protein layers attached to the polar head groups of the
lipids by ionic interactions. This model enjoyed 25 years
of essentially universal acceptance.

Current Concepts: The Fluid-
Mosaic Membrane

Since 1945, the application of increasingly sophisti-
cated analytical and ultrastructural techniques to the
study of the composition and structure of biologic
membranes has met with remarkable success. First, the
early notion that biologic membranes are made up of a
mixture of lipids and proteins has been firmly estab-
lished for all such barriers throughout the animal and
plant kingdoms. The proportions of these two compo-
nents differ among different cell membranes. In general,
membranes that primarily serve as insulators between
the intracellular and extracellular compartments and
have few metabolic functions (e.g., myelin) are made up
of a relatively high proportion of lipids compared to
proteins. On the other hand, membranes that surround
metabolic factories (e.g., hepatocytes, mitochondria) are
relatively rich in protein content compared to lipid
content.

Second, it is now generally accepted that the lipids
that comprise biologic membranes are primarily from
the group referred to as phospholipids. While cholesterol
is present in the membranes of many eurokaryotic cells,
it is not found in most prokaryotic cells. All phos-
pholipids are derivatives of phosphatidic acid, which
consists of a phosphorylated glycerol backbone to
which two fatty acid tails are attached by ester bonds.
The most prevalent phospholipids found in biologic
membranes, such as phosphatidylcholine, phosphatidyl-
serine, phosphatidylinositol, and phosphatidylethanol-
amine, result from esterification of the free phosphate
group of phosphatidic acid with the hydroxyl groups of
choline, serine, inositol, and ethanolamine, respectively.
The important point is that all phospholipids contain a
water-soluble (hydrophilic) head group (i.e., the phos-
phorylated glycerol backbone and its conjugates) and
two water-insoluble (hydrophobic or lipophilic) tails.
Such molecules are referred to as amphiphatic (or
amphipathic). The prefix amphi- derives from both the
Greek and Latin and means “having two sides”; e.g.,
amphibians live in air (on land) and in water. When
these compounds are poured onto water, their hydro-
philic head groups enter the aqueous phase and their
hydrophobic tails simply wave in the air (Benjamin
Franklin’s observation; see Fig. 1A). But, when these
molecules are confronted with two aqueous compart-
ments, they will spontaneously form a bilayer (per the
Gorter—Grendel model; see Fig. IB), with their water-
soluble head groups immersed in the two aqueous
phases and their lipid tails forming a hydrophobic core.

Finally, perhaps the most revolutionary advance in
this area has been our understanding of the way
in which these proteins and lipids are assembled in
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FIGURE 2  Schematic representation of the fluid-mosaic model
proposed by Singer and Nicholson, featuring a phospholipid bilayer
containing peripheral and integral proteins. Some proteins actually
form channels that allow ions to move across the membrane.

biological membranes. It is now clear that the phos-
pholipids and cholesterol form an “oily” fluid bilayer in
which the adherent proteins are free to float around at
will. Some of these proteins span the thickness of the
bilayer; these so-called integral proteins have hydro-
phobic middles and hydrophilic ends, so that their ends
protrude into the intracellular and extracellular watery
compartments, while their middles are glued by hydro-
phobic bonds within the oil (Fig. 2). Other proteins are
electrostatically attached to either the inner or outer
surface of the bilayer; they are referred to as peripheral
proteins. In stark contrast to the Davson—Danielli
bimolecular lipoprotein model (Fig. 1C), which has a
rather static appearance, this fluid-mosaic model is
dynamic and possesses structural features that afford
avenues for communication between the extracellular
milieu and the intracellular compartments by virtue
of signal transduction and the selective exchange of
solutes. In short, the fluid-mosaic model provides an
ideal basis for the correlation of membrane structure
and function.

DIFFUSION OF NONELECTROLYTES

The term diffusion refers to the net displacement
(transport) of matter from one region to another due
to random thermal motion. It is classically illustrated
by an experiment in which an iodine solution is placed
at the bottom of a cylinder and pure water is carefully
layered above this colored solution. Initially, there is a
sharp demarcation between the two solutions; however,
as time progresses, the upper solution becomes
increasingly colored, and the lower solution becomes
progressively paler. Ultimately, the column of fluid
achieves a uniform color, and the diffusion of iodine
ceases. This state of maximum homogeneity, or
uniformity, will persist as long as the cylinder is
undisturbed; a perceptible deviation from homogeneity

on the part of the entire column or any bulk
(macroscopic) portion of the column will never be
observed. The properties of the system, at this point,
are said to be time independent, or, stated in another
way, the system is said to have achieved a state of
equilibrium.

The kinetic characteristics of diffusion can be readily
developed by considering the simplified case illustrated
in Fig. 3. Compartment o and compartment i both
contain aqueous solutions of some uncharged solute (i)
at concentrations C? and CI, respectively, where the
superscripts  designate the compartment and the
subscript designates the solute. (An uncharged solute
refers to a molecule that bears no net charge and thus
includes solutes that have an equal number of oppositely
charged groups such as zwitterions.) These compart-
ments are separated by a sintered glass disk, which,
because it possesses many large pores, may be treated as
if it were an aqueous layer having a cross-sectional areca
A (the total area of the pores) and a thickness Ax; the
disk simply serves as a barrier to prevent bulk mixing of
the two solutions. We assume that each compartment is
well stirred so that the concentrations C¢ and C! are
uniform. Furthermore, for the sake of simplicity, we will
also assume that both compartments have sufficiently
large volumes so that their concentrations remain
essentially constant during the period of observation,
despite the fact that solute i may leave or enter these
compartments across the disk.

Because the solute molecules are in continual random
motion, due to the thermal energy of the system, there is
a continual migration of these molecules across the disk
in both directions. Thus, some of the molecules origi-
nally in compartment o will randomly wander across the
barrier and enter compartment i. The rate of this
process, because it is the result of random motions, is
proportional to the likelihood that a molecule in
compartment o will enter the opening of a pore in the
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FIGURE 3 Random movement of solute i across a highly porous
sintered disk having a thickness of Ax.
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disk and is therefore proportional to C¢. Thus, we may
write:

Rate of molecular migration (diffusion)
from o to i = kC?

where k is a proportionality constant. Similarly, we
may write:

Rate of molecular migration (diffusion)

from i to 0 = kC'

The rate of net movement of molecules across the
barrier is the difference between the rates of these two
unidirectional movements so that:

Rate of net molecular migration (diffusion)
across barrier k(C? — C)) = kAC;

Thus, the net flow of an uncharged solute across a
permeable barrier due to diffusion is directly propor-
tional to the concentration difference across the barrier.
In addition, the rate of transfer is directly proportional
to the cross-sectional area 4 and inversely proportional
to the thickness of the barrier Ax; that is, for a given
concentration difference AC;, doubling the area of the
disk will result in a doubling of the rate of transfer from
one compartment to the other, whereas doubling the
thickness of the disk will halve the rate of transfer.
Therefore, we may replace k with a more explicit
expression that contains a new proportionality constant,
D;, where k = AD;/Ax, and we obtain:

Rate of net migration (diffusion) across
the barrier = AD;AC;/Ax

Dividing both sides of this expression by 4, we obtain
the rate of net flow per unit area, which is often referred
to as the flux (or net flux). This is commonly symbolized
by J;, which is expressed in units of amount of substance
per unit area per unit time (e.g., mol/cm? hr). Thus,

Jl' :D,'ACI'/AX (1)

where D; is the diffusion coefficient of the solute i and is
a measure of the rate at which i can move across a
barrier having an area of 1 cm? and a thickness of 1 cm
when the concentration difference across this barrier is
1 mol/L. The coefficient D;is dependent on the nature of
the diffusing solute and the nature of the barrier or the
medium in which it is moving (interacting); we shall
examine this dependence in further detail below. If J; is

expressed in mol/cm? hr, Ax in cm, and AC;in mol/1000
cm’, then D; emerges with the (somewhat uninforma-
tive) units of cm?/hr.

Equation 1 describes diffusion across a flat or planar
barrier having a finite thickness. Such systems are often
called discontinuous systems, inasmuch as the barrier
introduces a sharp and well-defined demarcation
between the two surrounding solutions. Diffusion of
iodine into water, in the experiment described above,
represents a continuous system, as there is no discrete
boundary between the two solutions. The general
expression for diffusion in a continuous system can be
derived from Eq. 1 by simply making the thickness of
the disk vanish mathematically. Thus, as Ax approaches
0, AC;/Ax approaches dC;/dx so that:

Ji = Di[dC;/dx] 2

Equation 2 was derived in 1855 by Fick, a physician,
and is often referred to as Fick’s (first) law of diffusion.
It simply states that the rate of flow of an uncharged
solute due to diffusion is directly proportional to the
rate of change of concentration with distance in the
direction of flow. The derivative dC,/dx is referred to as
the concentration gradient and is the driving force for the
diffusion of uncharged particles. Thus, Eq. 2 states that
there is a linear relation between the diffusional flow of i
and its driving force, where D, is the proportionality
constant. Equation 2 is but one example of many linear
relations between flows and driving forces observed in
physical systems. For example, Ohm’s law states that
there is a linear relation between electrical current (flow)
and its driving force, the voltage (electrical potential
difference), where the proportionality constant is the
electrical conductance g (recall that g = 1/R, where R is
resistance). Thus, we can write:

I=gV or IR=V 3)

We will see below that the diffusion of charged
particles (ions) can be described by a combination of
Egs. 2 and 3, where the driving force is a combination of
the concentration difference (or gradient) (chemical
force or potential) and the electrical potential difference
(or gradient).

DIFFUSION THROUGH SELECTIVE BARRIERS

A sintered glass disk is highly porous, and the
dimensions of the water-filled pores that penctrate the
disk are extremely large compared with molecular
dimensions. For this reason, the diffusing solute
molecules behave as if they were passing through an
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FIGURE 4  Partitioning of a lipophilic solute (A) and a hydrophilic
solute (B) across the interfaces of a lipid membrane. The solid lines
illustrate concentration profiles in the two solutions and within the
lipid membrane.

aqueous layer and are unaffected by the presence of the
barrier; in other words, they are not significantly
influenced by either the openings or the walls of the
pores through which they pass. The diffusion coefficient
of a solute within the disk is the same as its diffusion
coefficient in a continuous aqueous system (free solu-
tion), and the concentration of the solute just within the
disk at each interface is the same as its concentration in
the immediately adjacent aqueous solution. Thus, the
sintered glass disk is a nonselective barrier because the
properties of the solute within the disk are the same as
those in the surrounding solutions.

If, as illustrated in Fig. 4, the sintered glass disk is
replaced by a lipid membrane, the description of
diffusion becomes slightly more complicated. First the
concentration of the solute just within the membrane at
each interface, in general, will not be equal to the
concentration in the immediately adjacent aqueous
solutions. If the solute is hydrophilic (or lipophobic;
e.g., an ion), it will prefer the aqueous phase to the lipid
phase, and its concentration just within the membrane
will be less than that in the adjacent aqueous solutions.
On the other hand, if the solute is lipophilic (e.g., fats,
sterols, phospholipids), it will distribute itself so that the
concentration at the interfaces just within the lipid
barrier will exceed that in the adjacent aqueous solu-
tions. The distribution of a given solute between the
aqueous phase and the adjacent oil or lipid phase is
described, quantitatively, by a unitless number termed a
partition coefficient (also, a distribution coefficient). The
partition coefficient of a given solute i between two
solvent phases is determined in the following manner:
The two immiscible solvents, for example, olive oil and

water, together with an arbitrary amount of solute
are placed in a separately funnel. The funnel is then
stoppered and shaken until an equilibrium distribution
of solute 7 in the two phases is achieved. The olive oil—
water partition coefficient is defined as:

Equilibrium concentration of i in olive oil
" Equilibrium concentration of i in water

In this simple way, partition coefficients between lipid
and aqueous phases have been determined for a large
variety of solutes.

Returning to the example illustrated in Fig. 4A, it
follows that if the solute in the two compartments is
hydrophobic or lipophilic (K; > 1), the concentration
just within the membrane at the interface with compart-
ment o will be K;C?, and the concentration just within
the membrane at the interface with compartment i will
be K;C'. Thus, the concentration difference within the
membrane is K;, AC,, so that the partition coefficient
has essentially amplified the driving force for the
diffusion of the solute across the membrane. The flux
of solute through the lipid membrane due to diffusion is
now given by:

Jl' = Kl'D,'ACl'/AX (4)

where the diffusion coefficient D; now reflects the ease
with which the solute can move through the lipid and will
differ from the value of D; in an aqueous solution. (We
are assuming that diffusion through the membrane is
slow, or rate-limiting, compared to partitioning into and
out of the membrane at the two interfaces.) Conversely, if
the solute is highly water soluble (i.e., hydrophilic or
lipophobic), then K; < 1 and its concentration difference
within the membrane will be attenuated.

Now, in general, K;, D;, and Ax cannot be readily
determined. For this reason, these unknowns have been
lumped together to give a new term, the permeability
coefficient, P; , which is defined as:

P[ = K,‘D,‘/AX (5)

Because K; is unitless, when D; is given in cmz/hr and
Ax in cm, then P; has units of cm/hr. The permeability
coefficient of a given membrane for a given solute is
simply:

P =Ji/AC; (6)

and can be readily determined experimentally.
Clearly, the permeability coefficient of a membrane for
an uncharged solute is the flow of solute (in moles per
hour) that would take place across 1 cm? of membrane
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when the concentration difference across the mem-
brane is 1 M.

We now recapitulate some of the laws that apply to
diffusional movements across artificial as well as biologic
membranes. First and foremost, the driving force or sine
qua non for the net diffusion of an uncharged solute is a
concentration difference. In the absence of a concentra-
tion difference, a net flux due to diffusion is impossible.
In the presence of a concentration difference, diffusion
will take place spontaneously and the direction of the net
flux is such as to abolish the concentration difference. In
other words, diffusion only brings about the transfer of
net uncharged solutes from a region of higher concen-
tration to a region of lower concentration; the reverse
direction is thermodynamically impossible! For this
reason, transport due to diffusion is often referred to as
downhill (because the flow is from a region of higher
concentration to one of lower concentration) or passive
transport (because no additional energy need be supplied
to a system to enable these flows to take place; the
inherent thermal energy responsible for random mole-
cular motion is sufficient). As we shall see, there are
numerous biologic transport processes that bring about
the flow of uncharged solutes from a region of lower
concentration to one of higher concentration. These
uphill, or active, transport processes cannot be due to
diffusion and are dependent on an energy supply in
addition to simple thermal energy.

Within the membrane, the link between the driving
force, AC;, and the flow, J,, is the diffusion coefficient,
D,. This is the factor that determines the flow per unit
driving force, and it is determined by the properties of
the diffusing solute and those of the membrane through
which diffusion takes place. At the molecular level, the
diffusion coefficient is a measure of the resistance
offered by the membrane to the movement of the
solute molecule.

At the turn of the century, Einstein (1905) proposed
that the resistance experienced by a diffusing particle
results from the frictional interaction between the
surface of the particle and the surrounding medium
because the two, in essence, are moving relative to each
other. Drawing on Stokes’ law, which describes the
friction experienced by a sphere falling through a
medium having a given viscosity, Einstein demonstrated
that the diffusion coefficient of a spherical molecule
should be inversely proportional to both the radius of
the molecule and the viscosity of the surrounding
medium. Thus, when one is concerned with the diffusion
of a variety of solutes through a single medium
(fixed viscosity), the relative diffusion coefficients
should be inversely proportional to their molecular
radii. Einstein’s contributions to our understanding of
diffusion and the nature of the diffusion coefficient have

been repeatedly confirmed, and the Stokes—Einstein
equation has proved to be a valuable approach to the
calculation of molecular dimensions from measurements
of diffusion coefficients.

We can now make several educated guesses about the
permeability of biologic membranes to uncharged
solutes. First, because biologic membranes are primarily
composed of lipids, Eq. 5 suggests that the permeability
coefficients of solutes having approximately the same
molecular dimensions (same diffusion coefficients)
should vary directly with their partition coefficients
(Ks); that is, the more lipid soluble the molecule, the
greater its permeability coefficient. This deduction has
been verified repeatedly and is a statement of Overton’s
law. In fact, as already noted, Overton’s observation
that lipid-soluble molecules penetrate biologic
membranes more readily than water-soluble molecules
of the same size predated the chemical analyses of
membranes and was the first clue that biologic
membranes are made up of lipids.

Second, Eq. 5 also predicts that the permeability
coefficients of solutes having the same lipid solubilities
(same Ks) should vary inversely with their molecular
sizes; that is, the larger the molecule, the lower its
permeability coefficient. It should be noted that Ks can
vary over many orders of magnitude, whereas Ps
generally do not differ by more than a factor of five.
Thus, the permeability coefficients for simple diffusion
of uncharged solutes across biologic membranes are
more strongly influenced by differences in lipid solubi-
lity than molecular size.

MEMBRANE PORES AND
RESTRICTED DIFFUSION

By the early 1930s, the ability of Eq. 4 to describe
diffusion across biologic membranes was experimentally
well established, and the prevalent view was that cells
are surrounded by an intact or continuous lipid
envelope. This view was soon challenged by the
exhaustive studies of Collander and his associates on
the permeability of the plant cell Chara to a large
number of solutes. The results of these studies are
summarized in Fig. 5, where the permeability coeffi-
cients of a number of solutes (ordinate) are plotted
against their oil-water partition coefficients (abscissa).

Clearly, there is, in general, a direct linear relation-
ship between these parameters, as previously demon-
strated by Overton, but Collander also noted that small
water-soluble molecules tend to lie above the line
describing the best fit of the data. In other words,
small water-soluble molecules appear to permeate the
membrane more rapidly than could be accounted for on
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the basis of their lipid solubilities alone. This astute
observation led Collander to conclude:

It seems therefore natural to conclude that plasma membranes
of the Chara cells contain lipoids, the solvent power of which is
on the whole similar to olive oil. But, while medium sized and
large molecules penetrate the plasma membrane only when
dissolved in the lipoids, the smallest molecules can also
penetrate in some other way. Thus, the plasma membrane
acts both as a selective solvent and as a molecular sieve.

In short, he proposed that small, highly water-soluble
molecules can penetrate biologic membranes through
two parallel pathways: (1) they can dissolve in the lipid
matrix and diffuse through the membrane just as lipid-
soluble molecules do but to a very much lesser extent, or
(2) they can pass through channels or pores that
perforate the lipid envelope.

During the years that have elapsed since Collander’s
suggestion of a mosaic lipid membrane (i.e., a discon-
tinuous lipid layer perforated by water-filled channels),
a compelling body of evidence has accrued for the
presence of proteinaceous channels that span the lipid
bilayer and serve as the routes for the diffusional flows
of highly water-soluble solutes across biologic
membranes. These flows are often referred to as
restricted diffusion inasmuch as their rates are dramati-
cally influenced by molecular size.

DIFFUSION OF UNCHARGED SOLUTES

The prevalent view of diffusion of uncharged solutes
through biologic membranes is that:

1. Lipid-soluble molecules readily penetrate the
membrane by diffusion through the lipid bilayer.

Diffusion of Electrolytes

The permeability coefficients of large lipid-soluble
molecules may be quite high due to partition
coefficients that strongly favor their entry into the
lipid phase. These movements are often referred to as
simple diffusion.

2. Small water-soluble molecules, which have little

affinity for the lipid phase, may penetrate the
membrane through pores. This restricted diffusion
i1s, however, limited to small molecules; most cell
membranes are essentially impermeable to water-
soluble molecules having five or more carbon atoms.
Most, if not all, essential metabolic substrates (e.g.,
glucose, essential amino acids, water-soluble vita-
mins) cannot enter the cell to any appreciable extent
by this mechanism. As we shall see, other mecha-
nisms (carrier-mediated processes) are present that
mediate the entry of these substances into cells at
rates that are sufficiently rapid to sustain essential
metabolic processes.

3. Inasmuch as water and small water-soluble un-
charged molecules have finite lipid solubilities, it is
often difficult to determine experimentally the extent
to which they traverse biologic membranes by
diffusing through the lipid phase and/or by restricted
diffusion through pores. It is generally accepted that
the permeation rates of water and other small, polar
nonelectrolytes (e.g., urea, glycerol) through biologic
membranes (where determined) are too fast to be
accounted for by diffusion through the lipid phase
and that pores must be invoked. There is no doubt
that inorganic ions traverse biologic membranes
virtually exclusively via pores inasmuch as their
solubilities in lipid are minute. Indeed, a large
family of integral membrane proteins that serve as
selective channels for water movements across biolo-
gical membranes, named aquaporins, have been
identified, isolated, and extensively studied at the
molecular level. Some of these channels are almost
exclusively permeable to water, while others are also
permeable to small uncharged solutes such as urea.
Further, highly selective channels have been identi-
fied, as have clones and sequences for virtually
all major ions of physiological significance (e.g.,
Na*, K*, Ca®"), and they will be discussed later in
this book.

DIFFUSION OF ELECTROLYTES

The previous section dealt with the diffusion of
uncharged particles, but many of the fundamental
properties of the diffusional process described therein
also apply to the diffusion of charged particles. In both
instances, net flow due to diffusion is the result of
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random thermal movements, and the diffusion coeffi-
cients of the particles are inversely proportional to their
molecular or hydrated ionic radii. However, because
ions bear a net electrical charge, the diffusion of a salt
such as NaCl, which exists in aqueous solution in the
form of oppositely charged dissociated ions, is some-
what more complicated for two reasons. First, because
of the attractive force between particles bearing opposite
electrical charges, the ions resulting from the dissocia-
tion of a salt do not diffuse independently. Second,
under conditions of uniform temperature and pressure,
only a difference in concentration can provide the
driving force for the diffusion of uncharged particles;
net flows do not occur in the absence of concentration
differences. For the case of a charged particle, the
driving force for diffusion is made up of two compo-
nents: (1) a difference in concentration, and (2) the
presence of an electrical field. The effect of an electrical
field on the movement of charged particles is readily
illustrated by the familiar phenomenon of electropho-
resis. If an anode and a cathode are placed in a beaker
that contains a homogeneous solution of NaCl, CI™
will migrate toward the anode, and Na™' will migrate
toward the cathode. These net movements are due to
attractive and repulsive forces that act on charged
particles within an electrical field and take place despite
the initial absence of a concentration difference. Each of
these aspects of ionic diffusion is separately discussed
below.

Origin of Diffusion Potentials

Consider the system illustrated in Fig. 3. If a solution
containing equal concentrations of urea and sucrose is
placed in compartment o and distilled water is placed in
compartment i, both urea and sucrose will diffuse across
the sintered glass disk independently. Because urea is
smaller than sucrose, its diffusion coefficient will be
greater than that of sucrose (i.e., Dyrea > Dsucrose), and it
will move more rapidly in response to the same driving
force (ACyrea = ACsucrose) SO that, after sufficient time
has elapsed, the solution in compartment i will contain
more urea than sucrose. In essence, we have employed
differential rates of diffusion as a separatory method. If
the barrier is permeable to urea but impermeable to
sucrose, only urea will appear in compartment 7; this is
the principle of separation by dialysis. Now, let us
replace the solution in compartment o with an aqueous
solution of potassium acetate (KAc). This salt dissoci-
ates into a relatively small cation (K*) and a larger
anion (Ac ). If the diffusion of these ions were
independent (as in the example with urea and sucrose),
it would be possible, in time, to withdraw from
compartment i a solution that contains more cation

than anion—that is, a solution that has excess K*. This,
in fact, has never been observed. Indeed, the failure to
observe a separation of charge in solutions, as well as
compelling theoretical arguments, are the bases of a
universally accepted postulate known as the law of
electroneutrality. In essence, this law states that any
macroscopic or bulk portion of a solution must contain
an equal number of opposite charges; that is, it must be
electrically neutral. This is a very important statement
that must be kept in mind whenever we consider the
bulk movements of ions. Returning to our example of
the diffusion of KAc, we may ask, “Why does K™ not
outdistance Ac™? What is responsible for the mainte-
nance of electroneutrality under these conditions?” The
answer is that the tendency for K™ to outdistance Ac™
because of the difference in ionic size (and, hence,
diffusion coefficients) is counteracted by the electro-
static attractive forces that exist between these two
oppositely charged particles. This mutual attraction,
which tends to draw the two ions closer together, exactly
balances the effect of the difference in ionic size, which
would tend to draw them apart.

One may conceptualize the physical process as
follows. In Fig. 6, we see the small ion (K™) and the
larger ion (Ac™) lined up along a partition (the starting
line). When the partition is removed, the race begins.
Each ion initially moves from left to right at a rate
determined by its ionic size; in other words, each ion
initially diffuses from left to right at a rate determined
by its inherent diffusion coefficient (denoted by Dy and
Dac). Because Dy > Da., there will be an initial
separation of these oppositely charged ions, which, if
unopposed, would eventually lead to a violation of the
law of electroneutrality. However, the electrostatic
attraction between these particles tends to hold them
together. Thus, the attraction of Ac™ for K* tends to
slow down the rate of diffusion of K*, and, conversely,
the attraction of K™ for Ac™ tends to speed up the rate
of diffusion of Ac™. The net result is that the two ions
move from left to right at the same rate but in an
oriented fashion (K" in front of Ac™) and thus form a
small diffusing dipole (or ion pair). The diffusion co-
efficient of this ion pair, or dipole, is greater than that of
Ac™ alone but less than that of K™ (Dg > Dgac > Dac).

@\ ®
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FIGURE 6  Tllustration of dipole (ion pair) formation as a result of
the differential rates of diffusion of K* and Ac™.
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(The situation resembles what would happen if a fast
swimmer and a slow swimmer were connected by an
elastic cord; there would be an initial rapid separation of
the two swimmers, but soon the pair would move
together at a rate intermediate to the rate at which each
could swim independently.)

Now let us apply this “dipole” concept to diffusion of
KAc across a sintered glass disk. Consider the system
illustrated in Fig. 7. We place a well-stirred solution of
KAc in compartment o and a more dilute solution of
KAc in compartment 7; diffusion from o to i is initially
prevented by the presence of a solid partition adjacent to
the sintered glass disk (Fig. 7A). If we now pair up a K
ion with a neighboring Ac™ ion so as to form
hypothetical dipoles (using the convention that the
head of the arrow represents the positive ion), we find,
as shown in Fig. 7A, that the dipoles are randomly
oriented simply because the distribution of ions in a
homogeneous solution is random. Thus, for every dipole

A Removable Partition

Compartment

FIGURE 7  Generation of a diffusion potential as a result of oriented
ionic diffusion through a uniform membrane separating two well-
stirred compartments. The head of the arrow represents the positive
ion. (A) With the partition in place, the dipoles are randomly oriented,
and there is no electrical potential difference between compartments.
(B) When the partition is suddenly removed, the concentration
difference across the membrane causes the dipoles to orient within
the membrane and diffuse into the compartment with the lower
concentration.

pointed in a given direction there will be another dipole
of equal magnitude oriented in the exactly opposite
direction. The total dipole moments in compartments o
and i, as well as within the membrane, are therefore
equal to zero, and if electrodes are inserted into the two
compartments the electrical potential difference between
these electrodes will be zero.

If we suddenly remove the solid partition, K and
Ac™ will diffuse from the higher concentration in
compartment o to the lower concentration in compart-
ment 7 (Fig. 7B). For the reasons discussed above, this
diffusional process can be represented as a series of
dipoles crossing the sintered glass disk in an oriented
fashion. The random orientations of the dipoles,
characteristic of the two well-stirred homogeneous
solutions in compartments o and 7, have been converted
within the disk to an oriented distribution by the
presence of a concentration difference across the disk.
The sum of all these oriented dipoles can be represented
by a single dipole whose positive end is pointed toward
compartment /i and whose negative end is pointed
toward compartment o. If electrodes are inserted into
compartments o and i, compartment i will be found to
be electrically positive with respect to compartment o.

It is important to emphasize that there is no bulk
separation of charges because the distance between the
leading K™ ion and the lagging Ac™ ion averages only a
few (~10) angstrom units. The electrical potential
difference across the membrane is not due to a bulk
(chemically detectable) separation of charge but to the
fact that the ions cross the disk in an oriented fashion
rather than in a random fashion. In essence, the
orientation of the dipoles within the disk can be
viewed as having converted the disk into a battery
with the positive pole facing compartment i. (Techni-
cally speaking, there is a small separation of charges
sufficient to charge the capacitance of the membrane,
which is completed very rapidly; thereafter, the move-
ment of anions and cations across the membrane is one
to one. Furthermore, the amount of charge separation is
minute compared to the number of ions present in the
two solutions so that bulk electroneutrality is preserved;
see also Chapter 9.)

The electrical potential difference arising from the
diffusion of ions derived from a dissociable salt from a
region of higher concentration to one of lower concen-
tration is referred to as a diffusion potential. It arises
whenever the ions resulting from the dissociation of the
salt differ with respect to their mobilities or diffusion
coefficients. The orientation of the diffusion potential is
such as to retard the diffusion of the ion having the
greater mobility and to accelerate the diffusion of the
ion with the lower mobility so as to maintain electro-
neutrality. Thus, the magnitude of a diffusion potential
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will be directly dependent on the difference between the
mobilities of the anion and cation.

It can be shown that the diffusion potential (V)
arising from the diffusion of a salt that dissociates
into a monovalent anion and a monovalent cation is
given by:

D, —D_ 2.3RT o
- log § =i
s B o RU

where D, is the diffusion coefficient of the mono-
valent cation; D_ is the diffusion coefficient of the
monovalent anion; C¢ and C! are the concentrations
of the salt in compartments o and i, respectively;
R is the gas constant; 7 is the absolute temperature;
and F is the Faraday constant. At 37°C (T = 310K),
2.3 RT/F ~ 60 mV. Thus,

D, —D_ C?
=" log { —%
V {D+ i D} x 60 log { Cﬁ'} (mV) (8)

Equation 8 discloses the following characteristics of
diffusion potentials:

V=0 when C=C}

Clearly, when CY = Cﬁ, there can be no net flow due
to diffusion. Diffusion potentials can arise only in a
system containing ion gradients:

V=0 when D, =D_

Clearly, if both ions have equal mobilities (or sizes),
there is no inherent leader and no inherent lagger, so
dipoles are not formed. Another way of viewing this
condition is that, when both ions have the same
mobility, a one-to-one flow across the disk (i.e., bulk
electroneutrality) is assured by the fact that both ions
are driven by the same AC; a diffusion potential is not
necessary for the preservation of bulk electroneutrality.

When C? is not equal to C, the magnitude of V is
directly proportional to the difference between the
individual ionic diffusion coefficients. The orientation
of V is such that it retards the more mobile ion and
accelerates the less mobile ion. Thus, if the mobility of
the anion exceeds that of the cation, the more dilute
solution will be electrically negative with respect to the
more concentrated solution. Conversely, if the cation
has a greater mobility than the anion, the more dilute
solution will be electrically positive with respect to the
concentrated solution.

A particularly interesting situation arises when the
barrier is impermeant to one of the ionic species—say,

for example, the cation. When D, = 0, Eq. 8 reduces to:

)V =—601log {%} (mV) 9)

1

The same expression, with the opposite sign, is
obtained if we set D_ = 0.

Equation 9 states that, when one of the ionic species
of a dissociated salt cannot penetrate the barrier, V is
dependent only on the concentration ratio across the
membrane and is independent of the permeability (or
diffusion coefficient) of the ion that can penetrate the
barrier. The reason for this independence becomes
evident when we recall the law of electroneutrality. If
the membrane is impermeant to one of the ions, there
can be no net flow of the other, permeant, ion across the
membrane, or bulk electroneutrality would be violated.
Thus, despite the presence of a concentration difference,
there can be no net diffusion of salt across the barrier,
and the system is in a state of equilibrium. Because the
net flow of the permeant ion is prohibited, the mobility
of this ion is of no importance.

The following example may serve to clarify this point
and the roles played by concentration differences and
electrical potential differences in the overall driving force
for the diffusion of ions. Let us place a 0.1-M solution of
K" proteinate in compartment o and a 0.01-M solution
of the same salt in compartment i. If the barrier is
impermeant to the large proteinate anion, the electrical
potential difference across the barrier at 37°C will be:

V = 601og{0.1/0.01} = 60 mV

with the dilute solution electrically positive compared to
the concentrated solution. Now we may ask, “Why is
there no diffusion of K* from compartment o to
compartment i/ down a tenfold concentration difference
despite the fact that the membrane is highly permeable
to K™? The answer derives from the fact that there are
two forces acting on the K ion. There is a chemical
force arising from the fact that the concentration of K™
in compartment o is ten times that in compartment i;
this force tends to drive K™ from compartment o to
compartment 7. In addition, Eq. 9 tells us that there is a
60-mV electrical potential difference between compart-
ments o and i, with compartment 7 electrically positive.
This electrical potential difference tends to drive the
positively charged K ion from compartment i to
compartment o. These two oppositely directed driving
forces (the chemical force and the electrical force)
exactly balance each other so that there is no net
driving force for the diffusion of K™ and, hence, no net
movement.
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Equation 9 was derived by the great German physical
chemist Walther Hermann Nernst (1864—1941) from
thermodynamic considerations and is referred to as the
Nernst equation (also under these conditions it is often
referred to as the Nernst potential or the Nernst
equilibrium potential). In essence, it embodies the fact
that (under conditions of uniform temperature and
pressure) there are only two driving forces that influence
the diffusion of charged particles: a force arising from
concentration differences and a force arising from
electrical potential differences. When solutions having
different concentrations of the same dissociable salt are
placed on opposite sides of a barrier that is impermeant
to one of the dissociation products, there will be no net
movement of salt across the barrier despite the concen-
tration difference. Net movement of the permeant ion is
prevented by the development of an electrical potential
difference across the barrier whose magnitude and
orientation are such that they exactly cancel the driving
force arising from the chemical concentration difference
across the barrier. (A more detailed discussion of this
point is beyond the scope of this presentation. In
essence, the two forces that influence the movements of
charged particles—concentration differences and elec-
trical potential differences—can be converted into the
same units of force per ion or force per mole [e.g., dynes/
mol], and a tenfold concentration ratio at 37°C exerts
the same force on a monovalent ion as does a 60-mV
electrical potential difference. When, as in the above
example, the two forces are oriented in opposite
directions, the net force is zero, and there can be no
net flow.)

Criteria for Active Transport of lons

In a previous section we distinguished between
passive (or downhill) and active (or uphill) transport
of uncharged molecules. The sole criterion for this
distinction is the relation between the direction of the
net movement of the molecule and the direction of the
concentration gradient. If an uncharged molecule moves
or is transported from a region of higher concentration
to one of lower concentration, the transport process is
said to be passive (or downhill) because the flow is in
the direction of the driving force and thus can be
attributed entirely to the thermal energy prevalent at
any ambient temperature. Conversely, if the molecule
moves or is transported from a region of lower
concentration to one of higher concentration, the flow
is termed active (or uphill) because thermal energy alone
cannot account for this movement, and additional forces
must be involved.

The distinction between active and passive transport
of ions is slightly more complicated because both

concentration differences and electrical potential
differences can provide driving forces for the diffusional
movements of charged particles. This important point
may be clarified by the following example. Consider the
movement of K™ across a membrane separating
compartment o from compartment i (see Fig. 3) under
the following conditions: (1) the concentration of K in
compartment o is 0.1 M; (2) the concentration of K in
compartment i is 0.2 M; and (3) compartment i is
electrically negative with respect to compartment o by
60 mV. Thus, the chemical force acting on K™ is a
twofold concentration ratio tending to drive K™ from
compartment i to compartment o. The electrical force
acting on K1 is a 60-mV electrical potential difference
tending to drive it from compartment o to compart-
ment i. As we noted previously, a 60-mV electrical
potential difference is equivalent to a tenfold concen-
tration ratio; thus, in this example, the electrical driving
force exceeds the chemical driving force, and K™ will
diffuse from compartment o to compartment i sponta-
neously, even though the direction of net movement is
against the concentration gradient.

Now, in general, we can determine the equivalent
electrical force, E;, corresponding to a given concentra-
tion ratio by using the Nernst equation; that is,

E; = (RT/zF)In(C}/C) (10)

where z is the valence of the ion i, and E; is the
equivalent electrical potential of ion 7 across the mem-
brane (compartment i minus that of compartment o).
Thus, if compartment o is arbitrarily chosen as the
ground state and is defined as having a zero electrical
potential, then E; is the equivalent electrical potential
difference corresponding to a given concentration ratio
across the membrane with the magnitude and sign of
compartment i. (A voltmeter does not measure an
electrical potential but rather the difference between the
electrical potentials of the two points to which its
electrodes are connected. Thus, when we refer to the
electrical potential of one compartment, it must be with
reference to that of the other compartment, which is
chosen as the ground or zero potential compartment.
The universally accepted convention today is that the
extracellular, or outer [0], compartment is designated
to be the ground or reference in electrophysiologic
studies.)

At 37°C, Eq. 10 reduces to:

E; = (60/2)log(C?/CH)(mV) (11)

Now, using Eq. 11, we can determine the direction in
which an ion will diffuse in the artificial system
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illustrated in Fig. 3, knowing the concentrations of the
ion in compartments o and i and the electrical potential
difference across membrane V,,, where V,, is the
electrical potential of compartment i with respect to
that of compartment o. Let us illustrate this point by
considering some examples.

Example 1: C? = 10 mmol/L; C! = 100 mmol/L; z =
+1; and V,, = —60 mV. Substituting these values into
Eq. 11, we obtain E; = 60 log(1/10) = —60 log(10/1) =
—60 mV. Thus, the force of the tenfold concentration
ratio which is driving the cation to flow from compart-
ment 7 to compartment o is equivalent to 60 mV. But, at
the same time, compartment i is 60 mV negative with
respect to compartment o and this force tends to “hold”
the cation in compartment i. Thus, the net force on the
cation is zero, and there will be no net movement across
the membrane in either direction. The system is at
equilibrium. In short, when E; = V,,, the chemical
driving force arising from the concentration difference
(ratio) across the membrane is exactly counterbalanced
by the electrical driving force across the membrane, and
there will be no flow.

Example 2: ¢¢ = 5 mmol/L; C! = 100 mmol/L; z =
+1; and V,, = —60 mV. Now, from Eq. 11, E; = —78
mV. Thus, the chemical driving force for the flow of i
from compartment i to compartment o is 78 mV, but the
electrical holding force is only 60 mV. Thus, i will diffuse
across the membrane from compartment i to compart-
ment o.

Example 3: C? = 20 mmol/L; C: = 100 mmol/L; z =
+1, and V,, = —60 mmol/L. In this case, E; = —42 mV.
Thus, the chemical driving force tending to push 7 from
compartment i to compartment o is less than the
electrical driving force tending to pull the cation from
compartment o to compartment i. The net result will be
the diffusion of i from compartment o into compartment
i despite the fact that this flow is against a concentration
difference.

In summary, an uncharged substance is said to be
actively transported if net movement is directed against
a concentration difference. An ion is said to be actively
transported only if its net movement is directed against a
combined concentration and electrical potential differ-
ence; flow of an ion from a region of lower concentra-
tion to one of higher concentration is not by itself
inconsistent with simple diffusion. The Nernst equation
permits us to determine whether the movement of a
charged solute is passive or active.

For an uncharged solute, the rate and direction of
diffusion across a membrane can be described by the
equation:

Ji = P{(C? - Cl) (12)

where we define J; as positive when the flow takes
place from compartment o to compartment i; thus, when
Ci > (Y, the flow is from compartment i to compart-
ment o and is negative.

For an ion, J; is determined by the permeability of the
membrane and the total electrochemical driving force.
Now, it is often convenient to express J; as a current
given by I; = zFJ;, where z; is the valence of the ion, and
Fis the Faraday constant, which has the value of 96,500
coulombs (C)/mol. Thus, if J; is in units of moles per
unit area per unit time (e.g., mol/cmz/hr), then I; = z,FJ;
is in units of C/cm?/hr. Because electrical current flow is
given in amperes, which is in units of C/sec (i.e., the
amount of charge flowing per second), /; is in units of
amperes per unit membrane area, or A/cm?>.

Now, the equation describing the rate of diffusion of
an ion is:

Z,‘FJ,‘ = 1,* = G,‘(V- E,‘)

23RT, (¢
log =& 1
F 08 CJ (13)

= G,~|:V—

where the total electrochemical driving force is V — E;
(analogous to AC; for an uncharged particle), which
takes into account the two forces acting on the charged
particle, and G; is the conductance of the membrane to i
(the inverse of the resistance of the membrane to the
flow of i) and is analogous to P;.

Equation 13 has the form of Ohm’s law (i.e., I =
GV), which, as discussed above, has the same form
as Fick’s (first) law of diffusion, which relates the
rate of diffusion of an uncharged solute to its driving
force.

ION DIFFUSION THROUGH
BIOLOGIC CHANNELS

To this point, we have considered the diffusion of
ions across barriers without specifying the nature of the
pathway(s) traversed. Because all of the reasoning was
based on thermodynamic principles, the conclusions
arrived at in that chapter are valid regardless of the
nature of the barrier; that is, it could be a sintered glass
disk, a sheet of cellophane, a sheet of filter paper, a lipid
bilayer—whatever! Turning now to biologic mem-
branes, it has long been recognized that because ions
are scarcely soluble in lipids, they can only cross those
barriers by reversibly combining with some mobile
component of the membrane and/or by diffusion
through aqueous channels. There is now undeniable
evidence for both types of mechanisms, and in this
section we focus on the latter.
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Let us start by inquiring how rapidly ions might be
expected to traverse a lipid bilayer through an aqueous
pathway assuming that the diffusion coefficient is the
same as that in free aqueous solution. Let us assume that
the ion has a “‘naked” or crystal radius, r; = 0.15 nm, and
that its diffusion coefficient (D;) = 2 x 107> cm?/sec;
these are close to the values for K. Let us further
assume that the channel has a radius (r,) of only 0.2 nm,
that the bilayer has thickness Ax = 5 nm, and that the
concentration difference across the channel (AC;) = 100
mmol/L. From Eq. 1, it follows that:

J= (mf?D,-AC,-/Ax) =4 x 10~ mol/sec

and, multiplying by Avogadro’s number, J; = 2.5 X
10° ions/sec. If the ion is monovalent, then, because the
electronic charge is e=1.6 x 107" C, the current
attributable to this flux of ions is 0.4 x 107'% C/sec, or
0.4 pA. The important point of this exercise is that
ballpark estimates are consistent with the notion that
more than a million ions can diffuse per second across a
lipid bilayer through a very snug pore; this is sufficient
to generate a current that can be readily measured using
available amplifiers.

Since the mid-1970s, measurements of bursts of ionic
currents across biologic membranes have proven to be
entirely consistent with the above estimate and, together
with other evidence, leave little doubt that these bursts
are the results of ion movements through pores or
channels that are integral membrane proteins. During
the past two decades, many such channels have been
identified, cloned, sequenced, expressed, and subjected
to extensive study of structure—function relations.

The two methods that are employed to measure
single-channel activities of ion channels are illustrated in
Fig. 8. The first (Fig. 8A) was introduced in 1976 and is
referred to as the patch-clamp technique. Briefly, a
polished glass micropipette tip having a diameter of
approximately 1 um is pressed against a patch of cell
membrane, forming a seal that is essentially leakproof to
ions (seal resistance is greater than 1 billion ohms).
Thus, if there happens to be an ion channel in the
membrane patch, ionic currents into or out of the cell
will be entirely constrained within the pipette and the
connected circuitry. One may also mechanically rip
(excise) the patch of membrane together with the
channel off the cell and examine single-channel proper-
ties under artificial but well-defined and easily
controlled conditions.

The other technique involves reconstituting or incor-
porating membrane vesicles containing channels, or
purified channel proteins, into planar artificial lipid
bilayers separating two easily accessible and controlled
solutions (Fig. 8B).

A

FIGURE 8 (A) Measurement of ion currents through a single
channel by “clamping” a patch of membrane with a micropipette. (B)
Apparatus for reconstituting vescicles containing channels into a
planar lipid bilayer. The current-voltage (i-¥) converter measures the
small membrane currents by determining the voltage and developed
across a very large resistor.

A recording of the activity of a single ion channel is
illustrated in Fig. 9. (Note that the ordinate is in pA [i.e.,
107'? A] and the abscissa is in milliseconds.) The
openings are characterized by abrupt upward deflections
from the baseline that reach a plateau and then abruptly
close. An important characteristic of single-channel
activity is that the openings and closings are stochastic
or random processes. That is, when a channel will open
and how long it will remain open under fixed conditions
are independent of its past history (e.g., how long it was
closed before this opening or how long it was open the
last time it was open); the channel does not have a
memory. This characteristic enables one to analyze
single-channel activity using statistical or probability

FIGURE 9  Bursts of current accompanying the random openings of
an ion channel.
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theory. For example, by analyzing a large number of
opening and closing events, such as those shown in
Fig. 9, one can determine the open-time probability of
the channel, P,, that is, the likelihood that the channel
will be found in the open or conducting state at any
given moment or the fraction of time the channel is
open. Furthermore, if the channel can only randomly
switch between two states due to thermal motion, then
the transition between these states is given by:

ki
(closed state) —— (open state)
k1

where the ks are rate constants analogous to
those employed in chemical kinetics. In this instance,
ki is the probability of transitions from the closed
to the open state in unit time so that (I/k;) is the
mean duration of the closed states or the mean closed
time (z.). Likewise, k_; is the probability of transitions
from the open state to the closed state in unit time,
so that (I/k_;) is the mean open time (7,). It follows
that the open-time probability will equal the mean
open time divided by the mean total time; hence, P,= t,/
(to + 7o)

Now, because of the random nature of the openings
and closings of a channel, the mean duration of either
the open or closed states is determined only by the rate
constants acting away from that state. Thus, by analogy
with a simple first-order chemical reaction, we can write
d(open)/dt = k_;(open), where the term in parentheses,
roughly speaking, refers to the duration of a single
channel in the open state. Integrating this equation, we
obtain:

(open), = (open),e ™ = (open),e /" (14)

which states that once a channel opens the likelihood
or probability that it will remain open decays exponen-
tially with a rate determined by k_; (or t,); the
probability that a channel, once opened, will remain
open for ¢ msec or longer is given by e/,

We can determine the mean open time (t,) by
examining a large number of open events of a single
channel and sorting them into “bins” based on their
durations. For example, the first bin could contain the
number of events when the channel was open for at least
0.5 msec; the second bin could contain all of the open
events lasting at least 1 msec; the third, all of the open
events lasting at least 1.5 msec; and so on in 0.5-msec
increments. We can then construct a histogram as
shown in Fig. 10, where the ordinate is the number or
frequency of events per 0.5 msec and the abscissa is
open time (z, in msec). If the channel conforms to the
two-state model (i.e., either fully closed or fully open),

|

Number of events —

Time (msec)

FIGURE 10  Histogram of number of open events versus cumulative
duration of opening for a single channel observed over a long period of
time. The curve corresponds to an exponential decay where 7, ~
2 msec. Thus, ~63% of the openings had durations less than 2 msec
and ~37% had longer open times.

then the midpoints of the histogram bars can be joined
by a curve described by a single exponential decay with
increasing time and k_, or 7, can be derived by simple
curve-fitting procedures. A similar approach can be
employed to determine the mean closed time, .. If,
however, the channel’s behavior is more complicated,
the open-time and closed-time histograms will not
conform to single exponentials. For example, a channel
could reside in one of three possible states—very closed,
not quite as closed but still not open, and open. In this
case, one exponential might describe the open-time
probability histogram but two might be needed to
describe the closed-time histogram.

Finally, by determining single-channel activity when
the membrane is clamped at a number of different
electrical potential differences one can obtain valuable
information regarding the conductance and ionic selec-
tivity of the channel. For example, Fig. 11 illustrates the
relation between the size of ionic currents flowing
through a single channel (i) and the membrane
potential, V,,,, when the solution facing the outer surface
of the channel contains 15 mmol/L KCl and that facing
the inner surface contains 150 mmol/L KCI. Note that
in this example, the relation between 7. and V,, is linear
(or ohmic) and can be described by a relation analogous
to Eq. 13:

e =gc(Vim — Vr) (15)

where g., the slope, is the conductance of the single
channel. (Recall that the accepted convention is that the
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FIGURE 11  Relationship between single channel current, i,, and the
electrical potential difference across the channel, 7, in the presence of
asymmetric KCI solutions. Ex and Ec; are the menst equilibrium
potentials for K* and CI” and V, is the electrical potential difference
across the channel when current flow is zero (i.e., the “reversal” or
“equilibrium” potential for the channel under the given conditions). g,
is the conductance of the channel.

outer or extracellular solution is considered ground
[zero potential] so that ¥, is the electrical potential of
the inner compartment with respect to that of the outer
compartment and that the flow of cations [i.e., a positive
current] from the inner or intracellular compartment to
the outer compartment results in an upward or positive
deflection.)

Now, using the Nernst equation (11), we can
calculate the equilibrium potentials for K* (i.e., Ex)
and CI™ (i.e., E¢)); recall that Eg is the value of V,, at
which there is no ionic flow if the membrane is
permeable to K but impermeable to Cl~, and E; is
the value of V,, at which there is no ionic flow if the
membrane is permeable to C1~ and impermeable to K*.
As indicated on Fig. 11, for this tenfold concentration
ratio, Ex = —60 mV and E-; = 60 mV. Note, however,
that the observed value of V), at which the current is
zero (referred to as the zero-current or reversal potential,
V,)is —50 mV. The fact that V, is not equal to either Ex
or E¢; indicates that the channel is not exclusively
permeable to either K or C1~. Moreover, the observa-
tion that ¥V, is much closer to Ex than to E.; indicates
that the channel is much more permeable to K* than to
Cl™. The actual ratio of Pg/Pc; can be obtained using
the expression for the diffusion potential (Eq. 8), which
can be written as follows:

V, ={l(Px/Pcr) — 1/[(Px/Pci) + 11}
x 60log{(KCl),/(KCI);} (16)

Solving this equation for the condition, (KC1), = 15
mmol/L, (KCI); = 150 mmol/L, and V, = —50 mV yields
(Pk/Pci) = 11.

Clearly, if the channel were ideally permselective for
K™, the current-voltage relationship shown in Fig. 11

would have been described by the equation ix = gx(V,,
— E) and the intercept on the abscissa would be where
V,, = —60 mV.

Determinants of Channel Selectivity

One amazing property of many biological ion
channels is their ability to sharply distinguish among
ions of the same charge whose dimensions differ by less
than 0.1 nm. For example, as we will consider in greater
detail below, some channels in nerve and muscle
membranes may be more than 1000 times more perme-
able to KT than to Na' in spite of the fact that the
former has a crystal radius of 0.133 nm, and the latter is
actually smaller, having a radius of 0.095 nm!

The best explanation for the exquisite ability of many
channels to discriminate among ions with a high degree
of selectivity is the closest fit theory advanced by Hille.
It has long been recognized that because water is a polar
molecule, ions float around in aqueous solution in
association with a cloud or shell of water molecules; that
is, ions in aqueous solution are hydrated. Furthermore,
the electrostatic attractions between ions and water
molecules are quite strong (recall that the heat of
solution of salts can be quite large), so a considerable
amount of energy is needed to dehydrate an already
hydrated ion. Now, Hille argues, suppose the steric
arrangement of fixed charged groups in the region of
the channel that determines ionic selectivity is such
that an ion traversing that region can be stripped of its
water of hydration without its knowing it. In other
words, if, as illustrated in Fig. 12 for the case of a cation,
the water of hydration can be replaced by the negative
poles, or dipoles, of amino acids that line the channel

Channel

"Free" solution

FIGURE 12 The left side shows a monovalent cation in free solution
with the hydration shell of three water molecules. On the right, the same
cation is in a cylindrical channel where the interaction with electro-
negative fixed charges in the wall of the pore exactly mimics the
interactions with the water dipoles. The dashed circle represents a
smaller cation that cannot fit in the channel while retaining its
hydration shell but is energetically uncomfortable without it.
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(e.g., carbonyl groups) in such a way that the cation is as
energetically “comfortable” in the channel as it is in
water, then the ion would not recognize the fact that it
left its aqueous environment for that of the channel. (In
the language of thermodynamics, the energy needed to
partition into or out of the channel would be negligible
so that, according to the Boltzman distribution, the
probability of being in the channel is equal to the
probability of being in the aqueous solution; this is
analogous to an amphipathic molecule whose oil-water
partition coefficient is unity so that it is just as
comfortable in an aqueous solution as in a lipid solvent.)
Clearly, if the radius of the dehydrated ion is too large to
be accommodated by the channel, it will be excluded.
But, if the radius of the dehydrated ion is too small to fit
snugly (dashed circle in Fig. 12), it will be energetically
disadvantaged compared to the ion with the closer fit; it
will not be as willing to shed its comfortable coat of
water molecules for the more foreign environment of the
channel, and its partitioning into the channel will be
energetically less favorable than that of the ion with the
closer fit. An elegant discussion of the structure—
function relations of a prototypical K* channel may
be found in the paper by Doyle et al. (1998).

Regulation of Channel and
Membrane Currents

Up to this point, we have considered single-ion
channels whose currents are given by an equation
having the form of Eq. 11. We also observed that a
single channel is not open all of the time, but, instead,
undergoes spontaneous transitions between open and
closed states. It follows that the total current of an ion, i,
across a unit area of membrane containing an ensemble
of channels selective for i that are opening and closing at
random, is given by:

I; = NiP,i; = NiP,gi(Viy — E}) (17)

where N, is the total number of single channels per
unit membrane area and P, is the open-time probability.
Comparing Eq. 17 with Eq. 13, we see that the total
conductance of a membrane to i (G;) is simply N,;P,g;.
Furthermore, because (as we will soon see) P, and g;
may be functions of V/,,, a more general expression of
Eq. 17 is:

I; = NiPyy,ii = NiPogiy,)[Vin — Ei] (18)

Now, under steady-state conditions when C? and C!
are constant so that E; is constant (see Eq. 13), changes
in [; can result only from changes in N,, P,, and/or g,.
Under conditions where N; is constant, physiologic

regulation of channel activity or (J,) is the result of
changes in P,; that is, the channel is either nonconduct-
ing or fully conducting at fixed values of V,, and E; and
the parameter that is regulated is the fraction of time
that the channel is in either of these two states.

The two major physiologic determinants of P, are V,,
and/or chemical regulators. Thus, channels are roughly
categorized as voltage-gated or ligand-gated. It should
be emphasized, however, that this classification is not
ironclad; many channels that are predominantly consid-
ered voltage-gated are also influenced by chemical
regulators, and some ligand-gated channels are influ-
enced by V,,.

OSMOSIS

Osmosis refers to the flow or displacement of volume
across a barrier due to the movements of matter in
response to concentration differences. Although, in
principle, any substance (solutes as well as solvents)
may contribute to the volume of matter displaced during
osmotic flow, the term osmosis has come to have a much
more restricted meaning when applied to biologic
systems. Because biologic fluids are relatively dilute
aqueous solutions in which water comprises more than
95% of the volume, osmotic flow across biologic
membranes has come to imply the displacement of
volume resulting from the flow of water from a region of
higher water concentration (a dilute solution) to a
region of lower water concentration (a more concen-
trated solution).

Osmosis and the diffusion of uncharged solutes are
closely related phenomena. Both are spontancous
processes that involve the flow of matter from a region
of higher concentration to one of lower concentration;
both are the results of random molecular movements
and, hence, are dependent only on the thermal forces
inherent in any system; and the end result of both
processes is the abolition of concentration differences.

How do diffusion and osmosis differ? As we shall see,
the answer to this question carries with it the key to
understanding osmosis. Let us start by reexamining the
definitions of these two processes. Osmosis refers to the
flow of matter that results in a displacement of volume,
and diffusion refers to a flow of matter in which
displacements of volume are not involved. As it turns
out, the key to understanding osmosis is the answer to
the question, “Why is there no displacement of volume
in diffusion?”

The answer to this question emerges when we care-
fully reconsider the molecular events involved in the
diffusion of uncharged solutes. Referring once more to
Fig. 3, when we say that the concentration of an
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uncharged solute in compartment o is greater than that
in compartment i, we are, at the same time, implying
that the concentration of water (or solvent) in compart-
ment 7 is greater than that in compartment o. When
there is a concentration difference across a membrane
for one component of a binary solution (one solute and
one solvent), there must also be a concentration
difference for the other component. Thus, there are
two concentration differences, two driving forces, and
two diffusional flows: solute diffuses from compartment
o to compartment / and water diffuses from compart-
ment i to compartment o. In short, when we say that
there is diffusion of a solute down a concentration
difference we are describing only one half of the mixing
process and are overlooking the fact that diffusion (or
mixing) in the closed system illustrated in Fig. 3 is, in
fact, interdiffusion. Clearly, in the closed system illu-
strated in Fig. 3, if the membrane is rigid, mixing
or interdiffusion of solute and solvent must take
place without any change in the volumes of compart-
ments o or i.

To appreciate how diffusion can result in the
displacement of volume, let us consider the system
illustrated in Fig. 13. Compartment o is open to the
atmosphere and contains pure water. Compartment i is
closed by a movable piston and contains an aqueous
solution of some uncharged solute. The membrane
separating the two compartments is assumed to be freely
permeable to water but impermeable to the solute (i.e., a
semipermeable membrane). Although there are two
concentration differences, there can be only one flow.
Water will flow from compartment o to compartment i,
driven by its concentration difference. The volume of
water associated with this flow, however, cannot be
counterbalanced by a flow of solute, so there will be a
net displacement of volume; the volume of compartment
o will decrease, whereas that of compartment i will
increase. This volume flow, referred to as osmosis or
osmotic flow, arises because the properties of the barrier
or membrane are such as to prevent interdiffusion;
mixing, which is the end to which all spontanecous
processes are directed, can now only come about as the
result of one flow rather than two flows.

Membrane

Capillary
Tulbe

FIGURE 13  Apparatus for determining osmotic pressure and flow.
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Now, we can prevent the flow of volume from
compartment o to compartment i by applying a sufficient
pressure on the piston. The pressure that must be applied
to prevent the flow of volume is defined as the osmotic
pressure. When the solutions on both sides of the
membrane are relatively dilute (as in the case of biologic
fluids) and when the membrane is absolutely imper-
meable to the solute (i.e., interdiffusion is completely
prevented), the osmotic pressure is given by the following
expression, which was derived by the Dutch Nobel
Laureate Jacobus Henricus van’t Hoff (1852—-1911):

Am = RTAC; (19)

where Am denotes the osmotic pressure; R is the gas
constant; 7 is the absolute temperature; and AC,, is the
concentration difference of the impermeant, uncharged
solute across the membrane in moles per liter. At 37°C
(T = 310K), this expression reduces to:

A =254AC; (atm)

Thus, if the concentration difference across the
membrane is 1 mol/L, the pressure that must be applied
on the piston to prevent osmotic flow of water is 25.4
atm.

At this point, we digress briefly to consider the full
meaning of the term AC; in Eq. 19. The ability of a
solution of any solute to exert an osmotic pressure
across a semipermeable membrane (i.e., a membrane
permeable to the solvent [water] but ideally impermeable
to the solute) is a colligative property of the solution
that is dependent on the concentration of individual
solute particles (other such colligative properties are the
vapor-pressure depression, boiling-point elevation, and
freezing-point depression of solutions). We must there-
fore introduce a new unit of concentration that is a
measure of the number of free particles in the solution
and thus reflects the osmotic effectiveness of a dissolved
solute. For a nondissociable solute such as urea
(molecular weight, 60), when we dissolve 60 g (i.e., 1 g
weight) of this solute in a sufficient amount of water to
yield a total volume of 1 L, we have a 1-M solution of
urea that contains about 6 x 10* individual particles
(Avogadro’s number). However, when we dissolve 58 g
of NaCl (molecular weight, 58) in a sufficient amount of
water to yield a total volume of 1 L, we obtain a 1-M
solution of NaCl, but the number of individual particles
in solution will be twice that of a 1-M solution of urea.
Thus, one must distinguish between the molarity (the
number of gram weights of a solute in a liter of aqueous
solution) and the osmolarity (the number of individual
particles per liter that results from dissolving 1 g weight
of a solute in that volume). A 0.15-M solution of NaCl
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that consists of 0.15 mol/L Na™ particles and 0.15 mol/L
Cl™ particles has approximately the same osmolarity as
a 0.3-M sucrose solution (i.e., 300 mOsm/L). Indeed,
historically, this observation provided the crucial
evidence for the Arrhenius theory of the dissociation
of salts in solution into their constituent ions.

In short, the osmolarity or the osmotically effective
concentration of a solution of a dissociable salt will be n
times its molarity, where n represents the number of
individual ions (particles) resulting from the dissociation
of the salt.

Finally, before considering osmotic flow across
biologic membranes, it is important to gain deeper
insight into the nature of osmotic pressure. When, as in
the example given above, sufficient pressure is applied to
the piston to prevent volume flow, the system is in
equilibrium. There will be no flow of water despite the
presence of a concentration difference for water across
the membrane. This is because the pressure applied to
compartment i exerts the same driving force for the flow
of water as does the difference in water concentration,
but in the opposite direction. Therefore, when the
osmotic pressure is applied, there is no longer a net
driving force for the movement of water, and volume
flow ceases.

One may find this easier to understand by arbitrarily
dividing the water flows into two hypothetical streams.
One stream is directed from compartment o into
compartment / and derives its driving force from the
difference in the concentration of water across the
membrane. The second stream is directed from compart-
ment 7 to compartment o and is driven by the pressure
applied by the piston. Flow ceases when these two
oppositely directed streams are of equal magnitude; the
pressure needed to achieve this equilibrium state is given
by van’t Hoff’s law (Eq. 19). This balancing of driving
forces is analogous to the condition discussed with
reference to the Nernst equilibrium potential, where an
electrical potential difference counterbalances the driv-
ing force arising from a concentration difference of a
permeant ion when the counterion is impermeant.

Osmotic Flow and Osmotic Pressure Across
Nonideal Membranes

Up to this point, we have considered the case of
osmotic flow across a semipermeable membrane—that
is, one that is permeable to solvent but impermeable to
the solute so that interdiffusion is completely prevented.
What would happen if the membrane in Fig. 13 could
not distinguish at all between a solvent molecule and a
solute molecule; that is, both could cross with equal
ease? Suppose, for example, that compartment o

contains pure water so that the concentration of water
in that compartment (Cp,0) = 55.6 M. And, suppose
that compartment i contains a 1-M solution of deuter-
ium oxide (D,0O, or heavy water) in water. Under these
circumstances, Cy,0 = 54.6 M, so ACg,0 = ACp,0 =1
M. Thus, H,O would diffuse from compartment o to
compartment 7 driven by a concentration difference of
1 M, and D>O would diffuse from compartment i to
compartment o driven by an equal but oppositely
directed concentration difference. Because both species
can cross the membrane with equal case, interdiffusion
or mixing would not be restricted and would take place
with no displacement of volume. In short, when the
membrane cannot distinguish between solute and
solvent, osmotic flow, J, = 0 and, obviously, Az = 0.

Clearly, the situation in which the membrane is
ideally impermeable to the solute and the one in which
the membrane cannot distinguish between solute and
solvent are extreme examples. In most instances, we are
faced with a situation somewhere between these two
extremes—that is, a situation in which interdiffusion is
to some extent, but not completely, restricted. Under
this condition, for a given concentration difference the
volume displacement, or osmotic flow, will be some-
where between zero and the maximum that would be
observed with an ideal semipermeable membrane. Also,
the osmotic pressure (the pressure necessary to abolish
osmotic flow) will be between zero and that predicted by
van’t Hoff’s law.

In 1951, the Dutch physical chemist Staverman
provided a quantitative expression for the osmotic
pressure across nonideal membranes, which was based
on the following reasoning: Let us perform the ultra-
filtration experiment illustrated in Fig. 14. In the upper
cylinder, we place an aqueous solution of a solute at a
concentration of C; We then apply pressure to the
piston, force fluid through the membrane, and collect
the filtrate. If the membrane does not restrict the
movement of solute relative to that of water, then the
concentration of solute in the filtrate (C,) will be equal
to C;; that is, both components passed through the
membrane in the same proportion as they existed in
the solution of origin. At the other extreme, if the
membrane is impermeable to the solute, the filtrate will
be pure water (i.e., Cy = 0). Between these two extremes
is the condition where the membrane partially restricts
the movement of the solute relative to that of water, and
under these conditions C, will be lower than C; but
greater than zero. We can now define a parameter that
tells us something about the relative ease with which
water and solute i can traverse the membrane:

o =1-{Cy/C) (20)
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FIGURE 14 Determination of the reflection coefficient of a solute i,
employing ultrafiltration through a membrane.

where o; is the reflection coefficient of the membrane
to i, because it is a measure of the ability of the
membrane to “‘reflect” the solute molecule i; that is, it
tells us how perfect the membrane is as a molecular
sieve. Clearly, the reflection coefficient must have a
value between zero (for the case where the membrane
does not distinguish between the solute and water) and
unity (for a membrane that is absolutely impermeant to
the solute). Staverman then showed that if the same
membrane used in the ultrafiltration experiment is
mounted in the apparatus shown in Fig. 13, and if two
solutions of the same solute at two different concentra-
tions are placed in compartments o and i, the effective
osmotic pressure necessary to prevent volume flow is
given by:

A]Teff = UjRTACi (21)

Because o;, must have a value between zero and
unity, the effective osmotic pressure across a real
membrane must fall between zero and that predicted
by van’t Hoff’s law for ideal semipermeable membranes;
the exact value depends on the concentration difference
and the relative permeability of the membrane to water
and the solute 7 given by o;

In short, Eq. 21 permits quantitation of the effect of
interdiffusion between solutes and solvent (water) across
membranes on the effective osmotic pressure that is
exerted across those membranes. If a membrane is
equally permeable to the solvent (water) and the solute
(7)), then o; = 0, and the presence of a concentration
difference for i across the membrane will not generate an

osmotic pressure. Conversely, if the membrane is
impermeant to i, then interdiffusion is prohibited, and
the effective osmotic pressure across the membrane will
be given by van’t Hoff’s equation.

Volume Flow in Response to a
Difference in Pressure

Volume flow (J,) across a membrane in response to a
difference in hydrostatic pressure, AP, is given by the
linear relation:

Jy = K;AP (22)

where K, is a proportionality constant referred to as
the hydraulic conductivity of the membrane (or, the
filtration coefficient); Eq. 22 is analogous to Fick’s law
of diffusion (Eq. 2) inasmuch as it describes a linear
relation between a flow and its driving force, which in
the case of volume flow is the pressure difference across
the barrier. Now, AP can be the difference in hydro-
static pressure, the difference in osmotic pressure, or a
combination of both. For example, referring to Fig. 13,
if the concentration in compartment o is equal to that in
compartment i so that Aw = 0, application of pressure
to the piston will bring about the flow of volume from i
to o given by Eq. 21. Alternatively, if C? < C! and no
pressure is applied to the piston, there will be a flow of
volume from o to i given by:

Jl, = K/O’,(C? — C;) (23)

An important empirical observation made many
years ago is the equivalence of osmotic and hydrostatic
pressure as the driving forces for volume flow. That is,
J, across a given membrane will be the same when it is
driven by a hydrostatic pressure difference as when
driven by the equivalent osmotic pressure difference. In
other words, for a given membrane, the same value of K
applies to both forces. Thus, we can combine Egs. 22
and 23 and derive a general equation that describes the
situation when there are both osmotic and hydrostatic
pressure differences across the membrane:

JV = Kf(AT[eff — AP) (24)

where Amer = 0;RT(CY — C).

Thus, when AP = Amggy, J, = 0; this is the definition
of osmotic pressure. When AP # Am.gy, there will be a
flow from one compartment to the other, driven by the
difference.

Equation 24 provides a general description of the
effects of hydrostatic and osmotic forces on volume flow
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across all membranes. In the physiologic sciences, it is
often referred to as the Starling equation, after the great
British physiologist Ernest Starling, who applied it to
the study of fluid movements across the walls of
capillaries.

CARRIER-MEDIATED TRANSPORT

During the first quarter of this century, compelling
evidence began to surface that life would not be possible
if diffusion were the only mechanism available for the
exchange of solutes across cell boundaries. There are
two sets of observations that most strongly implied the
necessity for additional transport mechanisms:

1. Most biologic membranes are virtually impermeable
to hydrophilic molecules having molecular radii
significantly greater than 4 A or that have five or
more carbon atoms. Thus, virtually no essential
nutrients and building blocks (e.g., glucose, amino
acids) can penetrate biologic membranes to any
significant extent by diffusion, so other mechanisms
are necessary to provide for their entry into cells.
Similarly, biologic membranes are generally imper-
meant to essential multivalent ions such as phos-
phate, so their movements across cell membranes
must also be mediated by mechanisms other than
diffusion.

2. The intracellular concentrations of many water
soluble solutes differ markedly from their concentra-
tions in the extracellular medium bathing the cells.
For example, as discussed in Chapter 1, a character-
istic of virtually every cell in the animal and plant
kingdoms is that the intracellular K* concentration
greatly exceeds that in the extracellular fluid (in
some cases by a factor of more than 1000 to 1), and in
cells from higher animals the intracellular Na™
concentration is much less than that in the bathing
media (often by a factor greater than 10). This
ionic asymmetry is essential for a number of vital
processes and, as we shall see, is the basis of many
bioelectric phenomena that play an essential role
in nerve conduction and muscle contraction.
Diffusional processes alone cannot be responsible
for the production and maintenance of these
asymmetries.

To accommodate these two sets of observations, a
concept referred to as carrier-mediated transport or the
carrier hypothesis evolved. This hypothesis is generally
attributed to Osterhout, who, in 1933, suggested that
biologic membranes contain components (‘“‘carriers”
that are capable of binding a solute molecule at one side
of the membrane to form a carrier—solute complex,

which then crosses the membrane, dissociates, and
discharges the transported solute on the other side.

Since then an overwhelming body of evidence for
the role of membrane components, or carriers, in
biologic transport processes has accumulated. Carriers
have been implicated in the transport of a wide variety
of solutes, and the specific properties of numerous
carrier systems have been described in considerable
detail. Needless to say, a comprehensive discussion of
biologic carriers is beyond the scope of this presen-
tation, and we will limit ourselves to a brief consid-
eration of some of the general characteristics of
carrier-mediated transport processes. Specific systems
will be considered in later sections of this volume
dealing with specific tissues or organs.

SOME GENERAL CHARACTERISTICS OF
CARRIER-MEDIATED TRANSPORT

The following features are so widely characteristic of
carrier-mediated transport processes that they are
generally considered sufficient and often necessary
criteria for the implication of carriers in the transport
of a given solute:

1. Virtually all carriers appear to display a high degree
of structural specificity with regard to the substances
they will bind and transport. For example, the
carriers responsible for the transport of glucose
into animal cells are highly stereospecific; they will
rapidly bind and transport the dextrorotary form
(p-glucose) but have little affinity for the levorotary
form (L-glucose). Conversely, the carriers responsible
for the transport of amino acids into animal
cells possess a high degree of selectivity in favor
of the vL-stereoisomer and little affinity for the
D-stereoisomer.

2. All carrier-mediated transport processes exhibit
saturation kinetics; that is, the rate of transport
gradually approaches a maximum as the concen-
tration of the solute transported by the carrier
increases. Once this maximum rate is achieved, a
further increase in the solute concentration has no
effect on the transport rate. Plots of the rate of
transport against concentration often closely resem-
ble the hyperbolic plots characteristic of Michaelis—
Menten enzyme kinetics, and, under these condi-
tions, the kinetics of the transport process can be
described by defining the maximum transport rate
(Jmax) and the substrate concentration at which the
transport rate is half-maximum (K,). Thus, J; =
[Jmax(CH/(K; + C))], where C; is the concentration
of the solute.
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FIGURE 15 Linear relation between flux and concentration
characteristic of diffusional processes (a). Relation between flux J;,

and concentration C; for a saturable process illustrating J,,,. and K
(the concentration at which J; is one half J,,,,, (b).

A graph illustrating the saturation kinetics character-
istic of carrier-mediated transport is shown in Fig. 15b.
In contrast, as illustrated by Fig. 15a, transport due to
simple diffusion is usually (but not always) characterized
by a linear relation between transport rate and solute
concentration as predicted by Eq. 4. It should be
emphasized that ionic diffusion through channels may
exhibit saturation but usually only when concentrations
are well beyond the physiologic range.

The saturation phenomena observed in carrier-medi-
ated transport processes reflect the presence of a fixed
and limited number of carrier molecules or binding sites
in the membrane. When the solute concentration is
sufficiently high so that all of the carrier sites are
occupied (or complexed), a further increase in concen-
tration cannot elicit a further increase in transport rate.

One consequence of the presence of a limited number
of carrier molecules for a given class of transported
solutes is the phenomenon of competitive inhibition.
This is observed when two or more solutes that are
capable of being transported by the same carrier are
present simultaneously, competing with one another for
the limited number of available binding sites. This
phenomenon is closely analogous to competitive inhibi-
tion in enzyme-substrate interactions and often may
also be described by classic Michaelis—Menten kinetics.

In addition to providing evidence for carrier-medi-
ated transport, the phenomenon of competitive inhibi-
tion has proved to be extremely useful for the purpose of
defining the transport specificity of a given carrier
mechanism. Thus, if two solutes A and B are each
transported by carriers and exhibit mutual, classic
competitive inhibition, one may conclude that the same
carrier mechanism is involved; if they in no way compete
with each other, at least two distinct carrier mechanisms
must be involved. For example, all of the p-hexoses that
are absorbed by the small intestine mutually compete
with one another for the same limited transport system.

When glucose and galactose are separately present in the
intestinal lumen at high concentrations, they are each
absorbed at approximately the same maximum rate. On
the other hand, if the same concentrations of glucose
and galactose are instilled into the intestinal lumen in
the form of a mixture, each will be absorbed at a rate
significantly lower than that observed when they were
present separately. The total rate of sugar transport will
be equal to the maximum rates observed when each
sugar was present separately, indicating that the two
sugars are competing for the same carrier system and are
sharing in the saturation of the total number of available
sites. On the other hand, the transport of glucose is not
inhibited by the presence of hexoses that are not subject
to carrier-mediated transport.

Nature of Membrane Carriers

The characteristics of carrier-mediated transport
processes that we have just described—the high
degree of structural specificity and saturation kinetics
and competitive inhibition—strongly resemble the
characteristics of enzyme-substrate interactions. After
the introduction of the carrier hypothesis, it was
suspected that carriers were enzyme-like molecules that
comprise part of the protein portion of the lipoprotein
membrane. However, for many years, these carriers
defied isolation and characterization, and until recently
there was a relatively large group of investigators
who doubted, and even denied, their existence, but the
results of numerous studies during the past few decades
have dispelled these doubts. The development of tech-
niques for isolating cell membranes and gently detaching
their protein components has led to the isolation of
integral proteins that are capable of specifically
binding transported solutes. In many instances, these
purified proteins have been reinserted into artificial
lipid membranes, and these artificial (reconstituted)
systems are capable of mediating the transport of specific
solutes.

In short, considerable progress has been made
toward defining the biochemical and/or molecular
basis of carrier-mediated transport. The precise
mechanism(s) by which the transported solutes are
translocated across the membrane after binding,
however, remains a mystery. But, in light of our current
understanding of the assembly of proteins in biologic
membranes, it is certain that the notions that carriers
are ferry boats or that integral proteins flip-flop across
the lipid bilayer are incorrect. It is more likely that
carriers are integral proteins that in many respects
resemble channels and that binding and translocation of
solutes from one side of a gate to the other takes place
within these channels.
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Facilitated Diffusion and Active Transport

As discussed above, the two functions that membrane
carriers must fulfill are (1) to provide a mechanism by
which otherwise impermeant solutes can enter or leave
cells across membranes, and (2) to provide a mechanism
by which substances can be actively transported into or
out of cells. The two classes of carrier-mediated
transport processes that fulfill these functions are
referred to as facilitated diffusion and active transport,
respectively.

Facilitated Diffusion

Facilitated diffusion is the term reserved for carrier-
mediated processes that are only capable of transferring
a substance from a region of higher concentration to one
of lower concentration. These processes are sometimes
also referred to as equilibrating carrier systems, inas-
much as net transport ceases when the concentrations of
the transported solute are the same on the two sides of
the membrane—that is, when the system is equilibrated
with respect to the solute in question. Thus, facilitated
diffusion resembles noncarrier-mediated diffusional
processes in that the direction of net flow is always
downhill. It differs from them in that it exhibits all of the
characteristics of carrier-mediated processes and often
results in the transmembrane transfer of a solute that
could not otherwise permeate the membrane; indeed, the
latter is its sole function.

The classic example of facilitated diffusion is glucose
transport across the membranes surrounding many
animal cells, such as erythrocytes, striated muscle, and
adipocytes. The glucose concentrations in these cells are
much lower than the glucose concentrations in the
extracellular fluid because glucose is rapidly metabolized
by these cells after gaining entry. The only well-
documented exceptions to this statement are renal
proximal tubular cells, small intestinal epithelial cells,
and the cells of the choroid plexus. These cells are
responsible for transepithelial glucose absorption, and
their intracellular glucose concentrations may exceed
those in the extracellular fluid; as is discussed below,
mechanisms other than facilitated diffusion are respon-
sible for the uptake of hexoses by these cells. Thus, for
most cells, the problem is not that of transporting
glucose against a concentration difference but of
transporting glucose rapidly across an essentially imper-
meant barrier. This is accomplished by a carrier
mechanism, illustrated in Fig. 16. Glucose (represented
by the small circle labeled S) combines with the carrier
from one side of the membrane to form a glucose—
carrier complex. This is followed by a change in
conformation of the complex that permits glucose to
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FIGURE 16 Model for carrier-mediated facilitated diffusion of a
solute S.

dissociate from the carrier and enter the solution on the
other side of the membrane. The free carrier site is then
available for another passenger. Because there are a
limited number of carriers, the process is saturable and
subject to competitive inhibition.

One of the important features of the carrier model for
facilitated diffusion, as illustrated in Fig. 16, is that the
carrier itself is unaltered during the translocation
process, and only thermal energy is required for the
conformational change that exposes the binding site to
one or the other side of the membrane. Thus, the
transport process is symmetrical, and it is just as easy for
the solute (S) to move from the extracellular fluid
into the cell as in the opposite direction. Consequently,
when the concentrations of solute on the two sides of the
membrane are equal, the system is entirely symmetrical,
and the carrier-mediated flows in both directions will be
equal. This is the reason why this transport process is
not capable of bringing about net transport from a
region of lower concentration to one of higher concen-
tration and why net transport ceases when the solute
distribution is equilibrated.

To date, five carrier proteins capable of mediating the
facilitated diffusion of glucose have been identified; in
the jargon of molecular biology, they are referred to as
GLUTI1-5. All five consist of a polypeptide chain
composed of approximately 500 amino acids and
possess a high degree of homology, including 12
putative transmembrane-spanning segments. Their
specific properties and differences are pointed out in
other chapters.

Active Transport

Active transport is the term reserved for carrier-
mediated transport processes that are capable of
bringing about the net transfer of an uncharged
solute from a region of lower concentration to one of
higher concentration or the transfer of a charged solute
against combined chemical and electrical driving
forces. Thus, active transport processes are capable of
counteracting or reversing the direction of diffusion, a
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spontaneous process, and therefore are capable of
performing work. The concept that active transport
processes perform work may be difficult to grasp for
those who have not had some acquaintance with
thermodynamics. Because this is an extremely impor-
tant concept, we digress for a moment and attempt to
provide it an intuitive basis.

The direction of all natural change in the universe is
for systems to move from a state of higher energy to one
of lower energy. Thus, an unsupported weight will fall
from a position of higher gravitational (or potential)
energy to one of lower gravitational energy; electrons
will flow through a conductor from a region of
electronegativity (the cathode of a battery) to one that
is electropositive (the anode); uncharged solutes will
diffuse from a region of higher concentration to one of
lower concentration. All of these processes are sponta-
neous inasmuch as they are accompanied by a decrease
in the free energy of the system and do not require any
external assistance or intervention; they will occur in a
completely isolated system. It is a universal experience
(and one of the basic tenets of thermodynamics) that
once a spontaneous change has taken place, the initial
conditions cannot be restored without an investment of
energy; that is, the only way one can reverse a
spontaneous process is by performing work. In the
examples cited above, mechanical work is required to
restore the weight to its original height, and electrical
work is needed to recharge the battery. A thoroughly
mixed solution can be unmixed by ultracentrifugation,
ultrafiltration through an appropriate molecular sieve,
or distillation, but, whatever means are chosen, it is clear
that unmixing will never occur spontaneously and that
the result of diffusion can only be reversed through the
investment of energy. The means by which a biologic cell
reverses diffusional flows is referred to as active
transport; here, too, work is performed, and energy
derived from metabolism must be invested.

It follows that the ability of a cell to carry out active
transport processes is dependent on an intact supply of
metabolic energy, and all active transport processes can
be inhibited by deprivation of essential substrates or
through the use of metabolic poisons. Indeed, the sine
qua non of active transport is the presence of a direct or
indirect linkup or coupling between the carrier mecha-
nism and cell metabolism; when an active transport
process is initiated or accelerated, there is a concomitant
increase in the metabolic rate (as measured by glucose
utilization, oxygen consumption, etc.), and inhibition of
active transport results in a decrease in the metabolic
rate. The two classes of active transport processes are
primary active transport and secondary active transport,
which differ in the ways they derive (or are coupled to) a
supply of energy.

Primary Active Transport.

Primary active transport implies that the carrier
mechanism responsible for the movement of a solute
against a concentration difference or a combined
concentration and electrical potential difference (for
the case of ions) is directly coupled to metabolic energy.
The best-studied primary active transport processes in
animal cells include:

1. The carrier mechanism found in virtually all cells
from higher animals that is responsible for maintain-
ing their low cell Na™ and high cell K™ concentra-
tions

2. Carrier mechanisms found in sarcoplasmic reticulum
and many plasma membranes responsible for active
transport of Ca>"

3. Carrier mechanisms capable of actively extruding
protons from the cells present in the gastric mucosa
and renal tubule and actively pumping protons into
intracellular organelles (e.g., lysozomes)

These carrier proteins have been purified, and all
possess adenosine triphosphatase (ATPase) activity; that
is, the same protein that is involved in the binding and
translocation of Na' and K%' is also capable of
hydrolyzing adenosine triphosphate (ATP) and using
the chemical energy released to perform the work of
transport. The same holds for the Ca*" pumps and the
proton pumps. The precise mechanisms whereby the
chemical energy of the terminal phosphate bond of ATP
is converted into transport work is not clear.

Secondary Active Transport.

Secondary active transport refers to processes that
mediate the uphill movements of solutes but are not
directly coupled to metabolic energy; instead, the energy
required is derived from coupling to the downhill
movement of another solute. Let us illustrate such
systems by considering Fig. 17. Figure 17A portrays a
rotating carrier molecule (C) within a membrane that
has two binding sites, one for Na™ and the other for a
solute (S), which, at this instant, are shown facing
compartment o. Let us assume that the carrier can rotate
only when both binding sites are empty or filled and is
immobile when only one site is filled. Thus, it can
transport Na™ and S from compartment o to compart-
ment 7 in a one-to-one fashion. Now let us assume that
there is no (or very little) Na™ in compartment i and that
every Na™ that enters from compartment o is removed.

Clearly, under these conditions, S can only move (to
any appreciable extent) from compartment o to
compartment 7; because there is no Na*t in compartment
i, S that enters this compartment cannot move back out
and is trapped. In time, the concentration of S in
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FIGURE 17 Na%t-coupled co-transport (A) and countertransport
(B). S, solute; C, carrier molecule.

compartment i will exceed that in compartment o so that
the system will have actively transported S without a
direct linkup to metabolic energy. This system is referred
to as secondary active cotransport.

How is this possible? We have stipulated that every
Na™ that enters compartment i is removed. In animal
cells, which is accomplished by the (Na™—K™) pump that
is directly linked to (energized by) ATP hydrolysis.
Thus, in essence, energy is directly invested into a
primary active transport mechanism that is responsible
for extruding Na*t from the cell (in exchange for K¥)
and thereby maintaining a low intracellular Na%
concentration. The Na—S cotransport mechanism can
then bring about the uphill movement of S energized by
the downhill flow of Na™. There are many Na*-coupled
secondary active cotransport processes in animal cell
membranes. They include sugar and amino acid uptake
across the apical membranes of small intestinal and
renal proximal tubule cells; the uptake of many L-amino
acids by virtually all nonepithelial cells; and Cl™ uptake
by a variety of epithelial and nonepithelial cells.

Figure 17B illustrates another mechanism for second-
ary active transport that operates along similar princi-
ples. Let us assume that the carrier C has two sites, one
facing compartment o and the other compartment 7. Let

us further assume that the carrier can rotate only when
both sites are either empty or filled but not when only
one site is filled. Clearly, this mechanism can bring
about a one-to-one exchange of Na*t for S across the
membrane. If there is little or no Na™ in compartment 7,
the system will only be able to exchange Na' in
compartment o for S in compartment i/ and not vice
versa. Thus, the downhill movement of Na™ from o to i
can bring about uphill flow of S from i to o; this
mechanism is referred to as secondary active counter-
transport. And, once more, the trick is the removal of
Na™ from compartment i, which is accomplished by the
primary active Na™t transport mechanism that is ener-
gized by ATP hydrolysis. Two examples of such a
countertransport system are (I)Na™—H™ exchange and
(2) Na*—Ca**" exchange; both of these mechanisms have
been found in a wide variety of cell types. In both
instances, H™ and Ca’' are extruded from the cell
coupled to the downhill influx of Na™ into the cell.
Cellular models of these co- and countertransport
processes are illustrated in Fig. 18. The essential
common feature of these transport processes is that
metabolic energy is directly invested into the operation
of the (Na™K™) pump, a primary active transport
mechanism. The operation of this pump results in a
cell Nat concentration that is much lower than that
in the extracellular fluid. This transmembrane Na™
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FIGURE 18  Cellular models of Na*-coupled co-transport (A) and
countertransport (B).
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gradient in turn provides the energy for many Na™-
coupled secondary active co- and countertransport
processes. (The terms symport and antiport are some-
times employed to describe co- and countertransport
processes, respectively.)

THE PUMP-LEAK MODEL, THE ORIGIN OF

TRANSMEMBRANE ELECTRICAL POTENTIAL

DIFFERENCES, AND THE MAINTENANCE OF
CELL VOLUME

All biologic membranes possess an assortment of
pathways that permit the diffusion of water-soluble
solutes, mainly ions (i.e., “leak’ pathways) and carriers.
These components, acting in concert, are responsible for
the uptake of essential nutrients and building blocks by
cells, the extrusion of the end products of some
metabolic processes from cells, the maintenance of a
near-constant (time-independent, or steady-state) intra-
cellular composition and volume, and the establishment
of transmembrane electrical potential differences.

In this section, we illustrate the interactions among
carrier-mediated pumps and channel-mediated leaks by
considering the processes responsible for the mainte-
nance of the high intracellular concentrations of K* and
the low intracellular concentrations of Na™ character-
istic of virtually all cells in higher animals. We have
chosen this system as a prototype for other pump-leak
systems, not only because of its ubiquity but also
because of the essential role it plays in energizing a wide
variety of other secondary active pumps, in essential
bioelectric processes, and in the maintenance of cell
volume.

The (Na™—K*) Pump

The fact that cells from higher animals contain a
high K* concentration and a low Na™ concentration
compared to the extracellular fluid was established in
the 20th century shortly after analytic techniques
for measuring these elements were developed. In the
period from 1940 to 1952, Steinbach demonstrated
that, when frog striated muscle is incubated in a K-
free solution, the cells simultaneously lose K* and
gain Na't, a process that could be reversed by the
addition of K™ to the extracellular fluid. In the ensuing
decade, abundant evidence accrued for the presence of
carrier-mediated processes in biologic membranes that
bring about the extrusion of Nat from cells obligato-
rily coupled to the uptake of K by cells that are
directly dependent on ATP; this mechanism is referred
to as the (Na*—K™) pump. Furthermore, the stoichio-
metry of this process is that three Na™ ions are

extruded in exchange for two K* ions for each ATP
consumed.

In 1958, Skou identified an ATPase in a homogenate
of crab nerve tissue whose hydrolytic activity was
dependent on the simultaneous presence of Na® and
K™ in the assay medium. In addition, ATPase activity in
the presence of Nat and K™ could be inhibited by
glycosides derived from the wild flower Digitalis
purpurea (foxglove) (e.g., ouabain), known since 1953
to be potent inhibitors of the carrier-mediated transport
mechanisms responsible for the active extrusion of Na™
from cells coupled to the active uptake of K* (i.e., the
[Na™K™] pump).

During the past five decades, innumerable studies
have incontrovertibly established that the (Na™-K™)
pump and the (Na*, K™)-ATPase are one and the same.
Furthermore, this (pump) ATPase has been isolated,
purified, and reconstituted in active form in artificial
lipid vesicles. It is now clear that it consists of two
subunits: « and B. The « subunit has a molecular weight
of approximately 100,000 Da, is minimally, if at all,
glycosylated, and is the subunit that possesses the
ATPase (catalytic) activity as well as the ability to
bind Nat, K™, and digitalis glycosides such as ouabain.
The B subunit has a molecular weight of about 55,000
Da, of which approximately two-thirds can be attrib-
uted to polypeptides and one-third to glycosylation; the
B subunit has no ATPase activity, and its function may
be to direct and insert (or anchor) the « subunit to the
plasma membrane. Coassociation of the « and B
subunits is necessary for pump activity.

The results of studies on the biochemical behavior of
this ATPase are consistent with the very simplified
sequence of events illustrated in Fig. 19. In the presence
of intracellular Na™ and Mg>", the (Na*, K™)-ATPase
(E) is capable of hydrolyzing ATP to form the high-
energy intermediate (E-P), which is capable of binding
Na™. The interaction between (E-P) and extracellular
K™ results in its hydrolysis, thereby reforming E and
completing the cycle. Thus, the recycling of this enzyme-
pump from the E stage through (several) high-energy
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FIGURE 19  Simplified schematic of the partial reactions involved
in coupled Na* — K* transport by (Na™, K*)-ATPase.
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FIGURE 20  The possible operation of the Na* — K* pump, (Na™

(E-P) stages back to the original E stage requires the
simultaneous presence of Na' in the intracellular
compartment and K™ in the extracellular compartment.
Digitalis glycosides (such as ouabain) appear to bind
tightly with (E-P) at or near the site where K interacts
with the enzyme and thereby prevent the conversion of
(E-P) to E, which aborts the cycle. This sequence of
events is shown in Fig. 20.

The Pump-Leak Model

The plasma membranes surrounding cells of higher
animals not only contain (Na™—K™ ) pumps but are also
traversed by channels that permit the diffusional flows
(leaks) of Nat and K™ across those barriers. The
interaction between these pumps and leaks is illustrated
in Fig. 21. Briefly, the (Na™-K™) pumps extrude Na™
from the cells and simultaneously propel K™ into the
cells at the expense of metabolic energy (ATP). This
results in a low intracellular Na™* concentration and a
high intracellular K™ concentration, which in turn sets
the stage for Na™ diffusion into the cell and K¥
diffusion out of the cell through their respective leak
pathways. The final result of the interactions between
the pump and leaks is a time-independent or steady-
state condition, where the movements of Na® and K"

2 [¢]

, K*)-ATPase.

mediated by the pumps are precisely balanced by the
oppositely directed flows of these ions through their leak
pathways.

This pump-leak system is present in all cells in
higher animals and is responsible for maintaining the
low cell Na* and high cell K™ concentrations char-
acteristic of those cells. As discussed previously, the
resulting Na™ gradient (or concentration difference)

FIGURE 21 Model of a cell containing an ATP-dependent (Na™ —
K™) exchange pump, leak pathways for Na™ and K, and a pathway
for CI diffusion across the membrane; Pr~ denotes negatively charged
intracellular macromolecules (mainly proteins). Reasonable values for
intracellular and extracellular K™ are 140 and 5 mmol/L, respectively;
for intracellular and extracellular Na*, 15 and 140 mmol/L,
respectively.
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across the plasma membrane can serve to energize a
number of secondary active transport processes, such
as the Nat-coupled accumulation of amino acids
(cotransport), the extrusion of H' produced by meta-
bolic processes via the Na'—proton countertransport
mechanism, and the regulation of cell Ca®* by the
Na™—Ca®" countertransport mechanism. In the final
analysis, all of these secondary active transport
processes derive their energy from the ATP hydrolyzed
by the (Na*—K™) pump—a truly remarkable design.

Transmembrane Electrical
Potential Differences

All biologic membranes are characterized by trans-
membrane electrical potential differences, which are, in
almost all instances, oriented so that the cell interior is
electrically negative with respect to the extracellular
compartment. The size of the electrical (membrane)
potential difference, V,,, ranges from —10 mV to as high
as about —100 mV. Furthermore, in a number of cell
types, V,, is variable, and this variation is responsible for
the propagation of signals by nerve tissue, contraction
of muscle, and stimulus-secretion coupling in exocrine
and endocrine secretory cells.

What Is the Origin of 1/,,,?

To appreciate how transmembrane electrical poten-
tial differences arise as a consequence of the interaction
between pumps and leaks, let us consider a hypothetical
cell, such as that illustrated in Fig. 22, which contains a
coupled potassium acetate (KAc) pump, energized by
the hydrolysis of ATP, and leak pathways for K™ and
Ac™. Let us assume that this cell is initially filled with
distilled water and is then dropped into a solution with a
concentration [KAc], = 10 mmol/L. Initially, KAc will
enter the cell, some via the pump and some via diffusion
through the leaks. When the intracellular concentration
reaches 10 mmol/L, diffusion of K™ and Ac™ into the

(10mM) K _(100mM)

FIGURE 22 Hypothetical cell containing an energy-dependent
pump for KAc and leaks for K and Ac .

cell will cease. But, because the pump continues to
operate, in time the concentration of KAc concentration
in the cell will exceed that in the extracellular solution,
and then K™ and Ac™ will diffuse out of the cell through
their leak pathways. At a subsequent time, a point will
be reached when the rate at which KAc is pumped into
this cell is precisely balanced by the rates at which K*
and Ac™ diffuse out of the cell; let us say, for the sake of
discussion, that when this steady state is reached the con-
centration of KAc in the cell ([KAc];) = 100 mmol/L.
Furthermore, because the stoichiometry of the pump is
one to one, the rates at which K+ and Ac™ diffuse out of
the cell must also be equal or the law of electroneutrality
will be violated.

Because the concentration differences for K+ and
Ac™ across the membrane are equal—ACkg = ACx. =
90 mM—if the membrane is equally permeable to K*
and Ac™ (i.e., Px = Pac), equal rates of diffusion out
of the cell (i.e., Jx = Jac) would not pose a problem.
But, what if the membrane is more permeable to the
small ion, K*, than to Ac™? Then, K* will tend to
leave the cell faster than Ac™ and possibly cause a
violation of the law of electroneutrality. This is
prevented by the establishment of an electrical poten-
tial difference across the membrane oriented such that
the cell interior is electrically negative with respect to
the extracellular solution. This retards the diffusion of
K* out of the cell and accelerates the outward
diffusion of Ac™ so that Jx = Jac.

This situation is precisely analogous to that which we
considered above dealing with the diffusion of KAc
across an artificial membrane separating two solutions
having different concentrations. The only differences are
as follows:

1. In the artificial system, we provided the “muscle”
(energy) to set up the concentration difference,
whereas in our hypothetical cell, the energy is
provided by the pump at the expense of ATP.

2. The artificial system will run down in time as KAc
diffuses out of compartment o into compartment i,
whereas in our hypothetical cell, the KAc leaving the
cell is constantly being replenished by the pump; this
is the essence of a steady state displaced from
equilibrium by the investment of metabolic energy.

Finally, we can estimate V,, by employing Eq. 8,
which describes the diffusion potential across a
membrane arising from a concentration difference of a
dissociable salt and differences in the permeabilities of
the membrane to the resulting ions; that is,

Vin = [Pk — Pacl/[Px + Pac]
x 60log ([KAc],/[KAc],) (25)
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(Note: In Eq. 8, we employed diffusion constants, but
the use of permeability coefficients as defined in Eq. 5 is
also correct.) Thus, if Px = Pac, then V,, = 0. But, if
Py > Pa, then, because [KAc]; > [KAc],, V,, will be
oriented such that the cell interior is electrically negative
with respect to the extracellular solution. Furthermore,
because ([KAc],/[KAc];) = 0.1 (ie., 10 mmol/L/100
mmol/L), if Pk is very much greater than Pa., then 7,
will approach —60 mV, that is, the Nernst potential for
K*.If Po. > Py, then the cell interior will be electrically
positive with respect to the extracellular solution; in this
case, V,, can approach +60 mV if P,. is very much
larger than Py. Thus, ¥V, can assume any value between
approximately 460 mV and approximately —60 mV,
depending on the relation between Px and Pa.. Recall
that in no instance is bulk electroneutrality violated;
indeed, it is V,, that assures that Jx = Ja., thereby
preventing a bulk separation of charge.

Now let us examine the behavior of the somewhat
more realistic model illustrated in Fig. 21. Suppose that
the only two ions subject to active transport are Nat and
K™ and that a one-to-one coupled carrier mechanism is
involved; Cl™ is assumed to cross the cell membrane only
by diffusion through water-filled pores. Under steady-
state conditions, (1) Na™ must diffuse into the cell at a
rate equal to the rate of its carrier-mediated extrusion,
and (2) K+ must diffuse out of the cell at a rate equal to
the rate of its carrier-mediated uptake. If the Na™ and
K™ carrier mechanism is coupled such that for every K+
pumped into the cell one Nat is extruded, the diffusional
flows of these ions in opposite directions must also be
equal; otherwise, electroneutrality would be violated.
Now, in the example given, the concentration differences
for Nat and K* across the membrane are approximately
equal and opposite (this is approximately the case for
many cells in higher animals) so that, if the permeabil-
ities of the membrane to Nat and K* were also equal,
the rates of diffusion in opposite directions would be
equal and electroneutrality would be preserved.
However, if the membrane is much more permeable to
K™ than to Na™ (as is the case for most cells), the rates
of net Na* and K* diffusion would not be equal in the
absence of a transmembrane electrical potential differ-
ence. Thus, a V,, is generated that it is oriented such as
to retard the diffusion of the more permeant ion (K¥)
and accelerate the diffusion of the less permeant ion
(Na™) so that the inward diffusion of Na* is equal to the
outward diffusion of K*. Under these conditions, the
cell interior will be electrically negative with respect to
the exterior. To repeat, a diffusion potential arises across
the membrane that maintains equal diffusion rates and
preserves electroneutrality despite the fact that the
permeabilities of the membrane to the two ions are not
equal.

Several important points should be noted:

1. The example dealing with Na™ and K™ diffusion in
opposite directions is formally analogous to our
earlier example (Fig. 22) in which KT and Ac™
diffused in the same direction, because, as far as
electroneutrality is concerned, the flow of a cation in
one direction is equivalent to the flow of an anion in
the opposite direction. In both examples, when K™ is
the more permeable ion, the orientation of V,, will be
the same (i.e., so as to retard the flow of K* and
accelerate the flow of the less permeable ion).

2. The electrical potential differences (V/,,) described
in both examples are diffusion potentials resulting
from the diffusional flows of ions down concentra-
tion differences. Although V,, is dependent on ion
pumps, the relation is indirect; the pumps merely
serve to establish the ionic concentration differences
that provide the driving forces for the diffusional
flows.

The orientation of V,, is always such as to retard the
diffusional flow of the more permeant ion and
accelerate the flow of the less permeant ion, and the
magnitude of V,, is dependent on the individual
permeabilities and concentrations of these ions
(because these are the direct determinants of the
diffusional flows that must be equalized by this
electrical potential difference). We can generate an
expression that defines the magnitude and orientation
of V,, using an argument similar to that employed
when we considered the diffusion potential generated
by KAc diffusion out of the hypothetical cell shown in
Fig. 22. Thus, if Pk is much greater than Py, then V,,
will approach the Nernst potential for K*—that is,
60 log ([K*1],/[K*])—and, because [K*], < [K™]; the
cell interior will be electrically negative with respect to
the extracellular compartment (i.e., V,,, < 0). Conver-
sely, if Pgx is much less than Py,, then V,, will
approach the Nernst potential for Na*—that is, 60 log
(INa™],/[Na*];)—and, because [Na*], > [Na™], under
these conditions V,, > 0. These two extremes are
satisfied by Eq. 26, which is sometimes referred to as a
double Nernst equation:

Px[K], + Pna[Na],
Vin = 60log kK, + Pra[Nal } (26)
Pk [K]; + Pna[Na];
This equation can be rewritten in the form:
(K], +«[Na],
Vi = 60log (27)
[K]; +a[Na];,
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where o = (Pna/Px). When Py is much greater than
Pna, @ is very small and V,, approaches the Nernst
potential for K™; conversely, when Py is much less than
Pna, o is very large and V,, approaches the Nernst
potential for Na*t. Thus, V,, can have any value between
these two extremes depending on the value of «.

An expression having the form of Eq. 26 was first
formally derived by Goldman in 1943. It was reder-
ived by Hodgkin and Katz in 1949 and, discussed in
Chapter 4, was first applied successfully to the
analysis of the ionic basis of the resting and action
potential of the squid axon. During the past three
decades, it has provided the basis for understanding
the origin of V,, across a wide variety of biologic
membranes.

Finally, it should be noted that the stoichiometry of
the (Na—K) pump is three Na™ for two K™ (not one to
one). All this means is that, when a steady state is
achieved, three Na*t ions must diffuse into the cell for
every two KT ions that diffuse out of the cell. But, if
Pna < Pg the final result will still be that 1/, is oriented
such that the cell interior is electrically negative with
respect to the extracellular fluid.

Before concluding this section, let us consider the
distribution of CI™ resulting from this pump-leak
system. If, as stipulated above, the Cl~ distribution is
determined solely by diffusion, then, when there is no
net movement of Cl™ across the membrane (i.e., the
composition of the cell is constant), the chemical
potential forces acting on CI™ must be balanced by the
electrical forces acting on this anion. Thus, if V,, is
negative (with respect to the outer solution), then the
intracellular concentration of Cl1™ (i.e., [Cl];) will be less
than that in the extracellular solution (i.e., [Cl],). The
precise relation among V,,,, [Cl];, and [C]], is given by the
Nernst equation, which, as discussed above, describes
the condition for the balance or equality of chemical and
electrical forces:

Vyn = —60 log[Cl], /[Cl]; (28)
or, transposing,
[CIl/[C1), = 1007/ )

When V,, is negative, the right-hand side of Eq. 29
has a value less than 1 so that [Cl]; < [CI],. Thus, if V,,, is
approximately —60 mV, then [CI]; will be approximately
one-tenth [CI],,.

Electrogenic (or Rheogenic) lon Pumps

It is important to stress once more that the trans-
membrane potential differences we have discussed to

this point do not arise directly from the (Na™-K™)
pump but indirectly from the ionic asymmetries that are
generated by this pump. It is now clearly established,
however, that under most circumstances, the (Na*-K™)
pump is not neutral (i.e., one to one) but actually
extrudes three Nat from the cell in exchange for two
K ™. Thus, the pump itself brings about the movement of
charge across the membrane (i.e., one positive charge
from inside to outside for every cycle) and can be viewed
as a current generator. Clearly, inasmuch as the pump
generates a current across a membrane with a resistance,
its action must directly result in an electrical potential
difference given by the product of the pump current and
the membrane resistance.

Thus, in general, transmembrane electrical potential
differences have two origins. By far the largest fraction
of these potential differences is attributable to diffusion
potentials due to ionic asymmetries established by
(Na™=K™) pumps. But, definite contributions to these
potential differences arise directly from the current
generated by the (Na*-K™) pump.

Transmembrane Distribution of Solutes
Under Steady-State Conditions

The above considerations provide us with the prin-
ciples that permit us to deduce important information
with regard to the nature of the distributions of
metabolically inert solutes across cell membranes when
the cell composition is constant (i.e., in a steady state).
Thus, let us assume that we can measure the electrical
potential difference across a cell membrane, V,,, and at
the same time determine the intracellular and extracel-
lular concentrations (or, more properly, activities) of
any solute i (i.e., Ct and C?, respectively).

Now, the Nernst equation provides us with the
criterion for determining whether the ratio of the
concentrations (activities) of i/ across the membrane
can be attributed entirely to thermal (passive) forces or
whether additional (active) forces are necessary. Thus, if
(at 37°C),

Vin = E; = (60/z)) log[C}/C;](mV) (30)
or, multiplying both sides of Eq. 30 by z;

ziVm = 601og[C?/Ci](mV) (31)

then, the steady-state distribution of i across the
membrane can be considered passive. If this equality
does not hold, then forces in addition to thermal energy
must be involved in establishing the observed distribu-
tion ratio of i.
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Now, we can rearrange Eq. 31 to provide the
somewhat more useful expressions:

[C2/Cl] = 105/
or
Cf: — C?lo[fz" Vin/60] (32)

Thus, if we know V,, and the extracellular concen-
tration of solute i, C?, we can predict the intracellular
concentration C! that would be consistent with a passive
distribution of i across the membrane and then compare
that predicted value with the actual measured value.

For a neutral solute (i.e., z; = 0), Eq. 32 states that the
distribution of i across the cell membrane is independent
of V,, and that if C!= C?, this distribution can be
accounted for by passive transport processes that do not
require direct or indirect coupling to a source of
metabolic energy. If C!> €Y, then metabolic energy
must be invested into the transport process to pump i
into the cell. Conversely, if Ci < C?, then energy must be
invested to extrude i from the cell. Thus, for a neutral,
inert solute, C!# C?%, transport across the cell
membrane cannot be attributed to diffusion or carrier-
mediated, facilitated diffusion.

Now let us turn to charged solutes and illustrate this
approach by considering a cell bathed by a plasma-like
solution, where [Na*], = 140 mmol/L, [K*], = 4mmol/L,
[CI7], = 120 mmol/L, and [Ca**], = 2 mmol/L. The
electrical potential difference across this membrane is
determined to be —60 mV, and the intracellular concen-
trations of Na*, K+, C1~, and Ca>" are determined to be
10, 120, 12, and 1073 mmol/L, respectively.

With respect to Nat, Eq. 32 predicts that the
intracellular concentration consistent with a passive dis-
tribution should be [Na*], = 10[Na*], = 1400 mmol/L,
but the observed value of [Na*]; was only 10 mmol/L.
Thus, the distribution of Na™t across the cell membrane
cannot be attributed to passive transport processes.
Instead, energy must be invested by the cell to extrude
Na™ and thereby lower its intracellular concentration to
a level well below that predicted for a simple passive
distribution.

Turning to KT, Eq. 32 predicts that if KT is passively
distributed across the membrane, its intracellular concen-
tration should be [K*]; = 10[K™], = 40 mmol/L. The
observed intracellular concentration (120 mmol/L) is
much greater than this predicted value so that energy must
be invested to actively pump K into the cell.

With respect to Cl, the predicted value for [Cl7]; is
0.1 [C17],, or 12 mmol/L. This agrees with the actual
measured value so that one can conclude that the

distribution of CI™ across the cell membrane is the result
of passive transport processes that do not require an
investment of energy on the part of the cell.

Finally, applying Eq. 32 to the case of Ca’", we see
that its predicted intracellular concentration is [Ca®']; =
2 x 10% [Ca**], = 200 mmol/L. This predicted value is
much greater than the observed value of only 10~°
mmol/L so that the cell must invest energy into active
transport processes to extrude Ca®" from its interior. In
short, the application of the Nernst equation, which
defines the thermal balance of chemical and electrical
forces across a membrane, permits us to determine
whether the distribution of any inert solute across a cell
membrane is passive or active.

Two caveats with regard to the application of the
Nernst equation to the steady-state distributions of
solutes across cell membranes must be noted. First,
nonconformity with the predictions of the Nernst
equation simply means that the observed distribution
of a solute cannot be attributed to passive forces alone,
but such nonconformity provides no insight into the
detailed mechanism(s) responsible for this active distri-
bution. Second, this line of reasoning does not apply to
solutes that are either produced or utilized by cells. For
example, the steady-state glucose concentration in most
cells is much lower than that in the extracellular fluid
because this nutrient is rapidly metabolized after gaining
entry into the cells. As another example, the steady-state
concentration of urea in most cells is greater than that in
the extracellular fluid inasmuch as it is produced by
protein catabolism and exits the cell by passive transport
processes; thus, under steady-state conditions, there
must be a concentration difference across the membrane
that provides the driving force for urea exit at a rate
equal to that at which it is produced. Clearly, an
uncritical application of the criteria discussed above to
these two neutral solutes would suggest that glucose is
actively extruded from the cell and that urea is actively
accumulated by these cells.

GIBBS-DONNAN EQUILIBRIUM, ION PUMPS,
AND MAINTENANCE OF CELL VOLUME

So far we have considered three of the functions that
are fulfilled by the operation of (Nat-K™) pumps. First,
they are responsible for the high K* and low Na™
concentrations characteristic of the intracellular fluid of
higher animals. A number of enzymes involved in
intermediary metabolism and protein synthesis appear
to require relatively high concentrations of K* for
optimal activity and are inhibited by high concentra-
tions of Na™; the activities of these enzymes would be
markedly impaired if the intracellular Na® and K™
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concentrations were the same as those in the extracel-
lular fluid. Second, these ionic asymmetries are largely
responsible for establishing the electrical potential
differences across membranes and the bioelectrical
phenomena essential for the functions of excitable cells
such as nerve and muscles as well as many cells that are
not in this category. Finally, the Na*t gradients estab-
lished by these pumps energize the secondary active
transport of a number of solutes whose movements are
coupled to those of Na't (cotransport or counter-
transport).

(Na*t—K™) pumps fulfill yet another, extremely vital
function in cells that do not possess a rigid cell wall;
namely, they are in part responsible for maintaining the
intracellular osmolarity equal to that of the extracellular
fluid, thereby preventing osmotic water flow into the
cells and, in turn, cell swelling. To appreciate why ion
pumps are necessary for the maintenance of cell volume,
we should first consider the artificial system illustrated
in Fig. 23. The two compartments illustrated are
assumed to be closed to the atmosphere and separated
by a membrane that is freely permeable to Na*, ClI-,
and water but is impermeable to proteins. A solution of
NaCl is added to compartment o, and a solution of the
sodium salt of a protein (Nat—proteinate [NaP]) is
added to compartment i; assume that at the outset
[Na™], = [Na™],. The system is then left undisturbed for
a sufficiently long time until equilibrium is achieved.

Let us now consider the characteristics of this final,
time-independent, equilibrium condition, which was
derived by Josiah Willard Gibbs (1839-1903) and

Compartment Compartment
"oll Ilill
Initial state
Na* Na*
AP=0
ClI~ Pr—
Equilibrium
Na* N a+
Pri{| AP>0
Cl™ (ol

FIGURE 23 The development of the Gibbs-Donnan equilibrium
condition. AP, difference in hydrostatic pressure; Pr, protein anion.

Frederick George Donnan (1870-1956) and is often
referred to as the Gibbs—Donnan equilibrium, Donnan
equilibrium, or Donnan distribution. Because the
membrane is permeable to Nat and CI™, but there is
no Cl initially present in compartment i, some CI~
must diffuse from compartment o into compartment i,
but this must be also accompanied by an equal amount
of Na'; otherwise, electroneutrality would be violated.

At all times, the system must obey a balance of
electrical charges such that:

[Na*], =[CI"], and [Na™]; = [CI"]; + z,[P"];  (33)

where z, is the net anionic valence of the protein
molecule.

When equilibrium is achieved, the system will be
characterized by three properties:

1. Because we started out with equal Na™ concentra-
tions in both compartments and Na® and CI~
subsequently diffused into compartment i (at equal
rates), the equilibrium condition must be character-
ized by asymmetrical distributions of both of these
permeant ions across the membrane. As we have
already learned, if there is an asymmetric distribution
of a passively transported ion across a membrane,
then, at equilibrium, there must be an electrical
potential difference, V,,, across that membrane that
balances the concentration difference and is given by
the Nernst equation. Thus, one value of V,, must
simultaneously satisfy the equilibrium distributions
of both Na™ and CI~, namely,

Vin = 60 log([Na™],/[Na*];) = 60 log(ICI"];/[C17],)
(34)

2. It follows from Eq. 34 that:
([Na™],/[Na™]) = ([C1"],/[C1"],) (35)

If we consider the initial and final (equilibrium)
conditions illustrated in Fig. 23 together with Eq. 33,
it should be clear that when equilibrium is achieved
[Na™], < [Na'];and [CI7]; < [CI7],) with the precise
relation given by Eq. 35. Furthermore, it follows
from Eq. 34 that compartment i/ will be electrically
negative with respect to compartment o.

3. Finally, if we consider the initial and final conditions
together with Eq. 33, it should be clear that when
equilibrium is achieved, the concentration of osmo-
tically active solutes in compartment i will be greater
than that in compartment o, so that a pressure will
have developed across the membrane given by van’t
Hoff’s law, Eq. 19. Furthermore, if instead of being
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rigid the membrane is distensible, it would bulge into
compartment o.

We chose the initial condition [Na*t], = [Na™]; simply
to make it easier for students to comprehend the
evolution of the asymmetries that characterize this
equilibrium condition, but these equilibrium character-
istics can be formally generalized to any set of initial
conditions. Thus, if compartment i has a greater
concentration of impermeant charged species than
compartment o, the three additional asymmetries that
will characterize the Gibbs—Donnan equilibrium when it
is reached are as follows:

1. There will be an asymmetric distribution of all
permeant monovalent cations (C,) and anions (C_)
that conforms to the relation:

Cl/)C=C/C° =7

where r is often referred to as the Donnan ratio and is,
in part, a function of the difference in total charge
between compartments o and i borne by impermeant
ions. If compartment i contains a preponderance of
impermeant anions, then C% < C', and C_ < C”; if
the impermeant species are predominantly cationic,
then these relations will be reversed.

2. There will be an electrical potential difference across
the membrane given by the relation:

Vi = 60log(C%/C’) = 60log(C_/C”) = 60logr

If compartment i contains a preponderance of
impermeant anions then V,, will be oriented such
that compartment i is electrically negative with
respect to compartment o; if the impermeant species
are predominantly cationic, then this orientation will
be reversed.

3. Regardless of the sign of the total charge carried by
the preponderance of impermeant species in
compartment 7, at equilibrium that compartment
will contain a greater number of osmotically active
particles than compartment o. Thus, there will be an
osmotic driving force for the movement of water into
compartment /. If the membrane is rigid then an
osmotic pressure would balance that driving force; if
the membrane is distensible, then it would bulge into
compartment o.

We can appreciate the function of ion pumps in the
maintenance of cell volume by considering what would
happen if there were no ion pumps. Because the
intracellular concentration of charged, largely anionic,
impermeant macromolecules is much greater than that
in the extracellular fluid, cells lacking ion pumps would

resemble the passive system illustrated in Fig. 23 and
would move toward the direction of achieving a Gibbs—
Donnan equilibrium. The total osmotic activity of
intracellular solutes would exceed that in the surround-
ing fluid, and there would be a driving force for osmotic
water flow into the cell. If the cells possess rigid cell
walls that prevent any increase in cell volume, an
osmotic pressure difference would develop across the
cell walls and the cell interiors would be subjected to a
pressure greater than the extracellular fluid (“‘turgor™).
If, as in the case of animal cells, the membrane is
distensible, water would flow into the cell, leading to cell
swelling and, perhaps, rupture.

The (Na™—K™) pumps in animal cell membranes
serve to reduce the intracellular content of osmotically
active solutes, thereby counteracting the osmotic effect
of intracellular macromolecules. The pumps extrude
three sodium ions in exchange for two potassium ions
and also establish an electrical potential difference
across the membrane (negative cell interior) that reduces
the steady-state intracellular concentrations of
permeant, passively distributed anions (mainly CI7).

If the (Na™-K™) pumps are inhibited by digitalis
glycosides or metabolic poisons, the cells will lose K
and gain Na™ and C1~; in many cells, three Na™ plus one
CI~ will be gained for every two K™ lost, so that the
total amount of Na™ and C1~ gained by the cell exceeds
the amount of KV lost, and the total intracellular solute
concentration will increase. This will result in an
osmotic uptake of water and cell swelling and may
lead to the destruction of the integrity of the cell
membrane. (Recall that inhibition of the pump would
not only lead to the dissipation of the asymmetric
distributions of Na®™ and K™, but also the V,, (cell
interior negative) arising from these asymmetries.
According to Eq. 32, if V,, becomes less negative, then
intracellular Cl~ will increase. Also note that the
redistribution of ions following inhibition of the pump
does not, indeed cannot, violate the law of bulk
electroneutrality.)

In summary, the membranes that surround most
animal cells are distensible and highly permeable to
water. If these cells are immersed in a hypertonic fluid,
water rapidly leaves the intracellular compartment and
they shrink. If these cells are immersed in a hypotonic
solution, water flows rapidly into them and they swell,
possibly rupturing. In higher animals, the osmolarity of
the extracellular fluid is carefully regulated by the
kidneys in response to neurohormonal stimuli so
that it normally remains within very narrow limits.
However, the maintenance of isotonicity between the
intracellular and extracellular fluids depends, in part, on
the presence of ion, particularly (Nat—K™), pumps in
the cell membranes. These pumps serve to lower the
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intracellular concentration of permeant solutes and
thereby balance and offset the osmotic effects of
impermeant intracellular macromolecules. (Other trans-
port mechanisms come into play when the preservation
of cell volume is threatened by conditions that lead to
swelling and, in some instances, shrinking; a discussion
of these mechanisms is beyond the scope of this
introductory text but can be found in the suggested
readings.)
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and are elicited and propagated in an all-or-
nothing fashion.

Information about intensity is encoded as the
frequency of firing of action potentials.

The resting potential is due to a high resting
permeability to K™ and a low resting perme-
ability to Na™.

The Goldman-Hodgkin—-Katz equation can be
used to predict the resting potential.

Na™ is essential for the nerve action potential.
The initiation of the action potential is due to the
opening of voltage-dependent Na™ channels.

KEY POINTS

e Na* inactivation and a delayed opening of K*

channels underlie the repolarization phase of

the action potential.

The slow recovery of the delayed increase in K*

conductance underlies the hyperpolarizing

afterpotential.

No significant changes in the intracellular con-

centrations of Na* or K* occur during an action

potential.

e Action potentials have absolute and relative
refractory periods, and are affected by neuro-
toxins.
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Resting potentials are characteristic features of all
cells in the body, but nerve cells and other excitable cells,
such as muscle cells, not only have resting potentials but
are capable of altering these potentials for the purpose
of communication, in the case of nerve cells, and for the
purpose of initiating contraction, in the case of muscle
cells. The material that follows introduces the ionic
mechanisms that endow excitable membranes with this
ability.

EXTRACELLULAR RECORDING OF THE NERVE
ACTION POTENTIAL

The existence of “animal electricity” had been known
for more than 200 years, but the first direct experimental
evidence for it was not provided until the development
of electronic amplifiers and oscilloscopes. Figure 1
illustrates one of the earliest recordings that demon-
strated the ability of nerve cells to alter their electrical
activity for the purpose of coding and transmitting
information. In this experiment, performed in 1934 by
Hartline, extracellular recordings were made from the
optic nerve of an invertebrate eye. Details of the
techniques and interpretation of these extracellular
recordings are described in Chapter 5, but for now it
is sufficient to know that it is possible to place an
electrode on the surface of a nerve axon and record
electrical events that are associated with potential
changes taking place across the axonal membrane. In
the experiment illustrated in Fig. 1, light flashes of
different intensities were delivered to the eye. With a
very weak intensity light flash, there was no change in
the baseline electrical activity. When the intensity of the
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FIGURE 1 Action potentials recorded from an invertebrate optic
nerve in response to light flashes of different intensities. With dim
illumination no action potentials are recorded, but with more intense
illumination the number and frequency of action potentials increase.
(Modified from Hartline HK. J Cell Comp Physiol 1934; 5:229.)

light flash was increased, however, small spike-like
transient events associated with the onset of the light
were observed. Increasing the intensity of the light flash
produced an increase in the rate of these spike-like
events. These spike-like events are known as nerve
action potentials, impulses, or, simply, spikes.

Even though this experiment was performed more
than 60 years ago, it nonetheless illustrates three basic
properties of nerve action potentials and how they are
used by the nervous system to encode information.
First, nerve action potentials are very brief, having a
duration of only about 1 msec (I msec = 107> sec).
Second, action potentials are initiated in an all-or-
nothing manner. Note that the amplitude of the action
potentials does not vary during a sustained light flash.
Third, and related to the above, with increasing stimulus
intensity it is not the size of action potentials that varies
but rather their number or frequency. This is the general
means by which intensity information is coded in the
nervous system, and it is true for a variety of peripheral
receptors. Specifically, the greater the intensity of a
physical stimulus (whether it be a stimulus to a
photoreceptor, a stimulus to a mechanoreceptor in the
skin, or a stimulus to a muscle stretch receptor), the
greater is the frequency of nerve action potentials. This
finding has given rise to the notion of the frequency code
for stimulus intensity in the nervous system.

Most of the information transmitted to the central
nervous system from the periphery is mediated by nerve
action potentials. Moreover, all the motor commands
initiated in the central nervous system are propagated to
the periphery by nerve action potentials, and action
potentials produced in muscle cells are the first step in
the initiation of muscular contraction (see Chapter 6).
Action potentials are therefore quite important, not only
for the functioning of the nervous system, but also for
the functioning of muscle cells, and for this reason it is
important to understand the ionic mechanisms that
underlie the action potential and its propagation.

INTRACELLULAR RECORDING OF THE
RESTING POTENTIAL

The action potentials illustrated in Fig. 1 were
recorded with extracellular electrodes. To examine the
properties of action potentials in greater detail, it was
necessary to move from these rather crude extracellular
techniques to intracellular recording techniques. Figure 2
illustrates schematically how it is possible to record the
membrane potential of a living cell. The upper left of
Fig. 2A is an idealized nerve cell, composed of a cell
body with a portion of its attached axonal process.
Outside the nerve cell in the extracellular medium is
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FIGURE 2  Intracellular recording of the resting potential. (A) One
input to a voltmeter is connected to a microelectrode, and the second
input is connected to a reference electrode in the extracellular medium.
No potential difference is recorded when the tip of the microelectrode
is outside the cell. (B) When the tip of the microelectrode penetrates
the cell, a resting potential of —60 mV is recorded. (Modified from
Kandel, ER. The cellular basis of behavior. San Francisco: Freeman,
1976.)

a glass microelectrode that is connected to a suitable
voltage recording device, such as a voltmeter, a pen
recorder, or an oscilloscope. A glass microelectrode is
nothing more than a piece of thin capillary tubing that is
stretched under heat to produce a very fine tip having a
diameter less than 1 pm. The electrode is then filled with
an electrolyte solution such as KCl to conduct current.
Initially, with the microelectrode in the extracellular
medium, no potential difference is recorded, simply
because the extracellular medium (the extracellular
fluid) is isopotential. If, however, the microelectrode
penetrates the cell membrane so that the tip of the
microelectrode is inside the cell, a sharp deflection is
obtained on the recording device (Fig. 2B). The
potential suddenly shifts from its initial value of 0 mV
to a new value of —60 mV. The inside of the cell is
negative with respect to the outside. The potential
difference that is recorded when a living cell is impaled
with a microelectrode is known as the resting potential.
The resting potential remains constant for indefinite
periods of time as long as the cell is not stimulated or
no damage occurs to the cell with impalement. The
resting potential varies somewhat from nerve cell
to nerve cell (—40 to —90 mV), but a typical value is
about —60 mV.

INTRACELLULAR RECORDING OF THE NERVE
ACTION POTENTIAL

The techniques for examining resting potentials can
be extended to study the action potential. Although
nerve action potentials are normally initiated by
mechanical, chemical, or photic stimuli to classes of

specialized receptors or by a process known as synaptic
transmission (see Chapter 6), it is possible to elicit action
potentials artificially in nerve cells and study their
underlying ionic mechanisms in considerable detail and
in a controlled fashion.

Figure 3 shows another idealized nerve cell with its
cell body and attached axon. One microelectrode has
penectrated the cell membrane so that the tip of the
electrode is inside the cell. This electrode will be used
to monitor the potential difference between the outside
and inside of the cell. When this electrode penetrates
the cell, a resting potential of about —60 mV is
recorded. The cell is also impaled with a second
microelectrode that will be used to alter the membrane
potential artificially. This second electrode, called the
stimulating electrode, is connected to a suitable current
generator (in the simplest case, this current generator
can be considered a battery). Obviously, there are two
ways that a battery can be connected to any circuit.
The battery can be inserted so that either its positive
pole or negative pole is connected to the electrode. A
switch is placed in the circuit so that the battery can be
connected to and disconnected from the circuit at will.
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FIGURE 3  Intracellular recording of the action potential. (Top) A
second intracellular microelectrode is used to hyperpolarize or
depolarize the cell artificially. (Middle) Hyperpolarizing and then
depolarizing current pulses of increasing amplitudes were passed into
the cell. (Bottom) If the magnitude of the depolarization current is
sufficient to depolarize the membrane potential to threshold, an action
potential is initiated. (Modified from Kandel ER. The cellular basis of
behavior. San Francisco, Freeman, 1976.)



74 lonic Mechanisms of the Resting Potential

Assume that a small battery is inserted and its negative
pole is connected to the stimulating electrode. With the
switch open, a resting potential of —60 mV is recorded.
As a result of closing the switch, however, the negative
pole of the battery is connected to the stimulating
electrode, which tends to artificially make the inside of
the cell more negative relative to the external solution.
There is a slight downward deflection of the recording
trace.

If this experiment is repeated using a slightly larger
battery, more current flows into the cell, and a
larger increase in the negativity of the cell is recorded.
Larger batteries produce even greater increases in the
potential. Any time the negativity of the cell interior is
increased, the potential change is known as a hyperpo-
larization. The membrane is more polarized than normal.

Now consider the consequences of repeating this
experiment with the positive pole of the battery
connected to the stimulating electrode. Turning on the
switch now makes the inside of the cell artificially more
positive than the resting potential. The polarized state of
the membrane is decreased. Increasing the size of the
battery produces a greater decrease in the negativity of
the cell, and over a limited range the resultant potential
is a graded function of the size of the stimulus that is
used to produce it. Any time the interior of the cell
becomes more positive, the potential change is known as
a depolarization. These hyperpolarizations and depolar-
izations that are artificially produced are known as
electrotonic, graded, or passive potentials (some addi-
tional features of eclectrotonic potentials are discussed
later in Chapter 5); however, the point to note here is
that, within a limited range of stimulus intensities,
hyperpolarizing and depolarizing electrotonic potentials
are graded functions of the size of the stimulus used to
produce them.

An interesting phenomenon occurs when the magni-
tude of the battery used to produce the depolarizing
potentials is increased further. As the size of the battery
and thus the amount of depolarization is increased, a
critical level is reached, known as the threshold, wherein
a new type of potential is produced that is different in its
amplitude, duration, and form from the depolarizing
pulse used to produce it. This new type of potential
change elicited when threshold is reached is known as
the action potential, which is elicited in an all-or-nothing
fashion. Stimuli below threshold fail to elicit an action
potential; stimuli at threshold or above threshold
successfully elicit an action potential. Increasing the
stimulus intensity beyond threshold produces an action
potential identical to the action potential produced at
the threshold level. In this experiment, the duration of
the depolarization is so short that only a single action
potential could be initiated. If the duration is longer,

multiple action potentials are initiated, and their
frequency depends on the stimulus intensity. This is
simply a restatement of the all-or-nothing law of action
potentials presented earlier. Below threshold, no action
potential is elicited; at or above threshold, an all-or-
nothing action potential is initiated. Increasing the
stimulus intensity still further produces the same
amplitude action potential; only the frequency is
increased.

Not only are action potentials elicited in an all-or-
nothing fashion, but, as described in Chapter 5, they
also propagate in an all-or-nothing fashion. If an action
potential is initiated in the cell body, it will propagate
along the nerve axon and eventually invade the synaptic
terminals and initiate a process known as synaptic
transmission (see Chapter 6). Unlike action potentials,
electrotonic potentials do not propagate in an all-or-
nothing fashion. Electrotonic potentials do spread but
only for short distances (see Chapter 5).

There are several interesting features of the action
potential. One is that the polarity of the cell completely
reverses during the peak of the action potential.
Initially, the inside of the cell is —60 mV with respect
to the outside but, during the peak of the action
potential, the potential reverses and approaches a value
+55 mV inside with respect to the outside. The region
of the action potential that varies between the 0-mV
level and its peak value is known as the overshoot.
Another interesting characteristic of action potentials is
their repolarization phase (the return to the resting
level). The action potential does not immediately return
to the resting potential of —60 mV; there is a period of
time when the cell is actually more negative than the
resting level. This phase of the action potential is
known as the undershoot or the hyperpolarizing after-
potential.

As indicated earlier, nerve potentials are the vehicles
by which peripheral information is coded and propa-
gated to the central nervous system; motor commands
initiated in the central nervous system are propagated to
the periphery by nerve action potentials, and the action
potential is the first step in the initiation of muscular
contraction.

IONIC MECHANISMS OF THE
RESTING POTENTIAL

Although the major focus of this chapter is to explain
the ionic mechanisms that underlie the action potential,
it is first necessary to review the ionic mechanisms that
underlie the resting potential, because the two are
intimately related. The basic principles have been
introduced in Chapter 3.
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Bernstein’s Hypothesis for the
Resting Potential

In 1902, Julius Bernstein proposed the first satisfac-
tory hypothesis for generation of the resting potential.
Bernstein knew that the inside of cells have high K and
low Na* concentrations and that the extracellular fluid
has low K" and high Na* concentrations. In addition,
there appeared to be large negatively charged molecules,
presumably proteins, to which the cell was impermeable.
Bernstein also knew (a critical piece of information) that
cells were highly permeable to K™ but not very perme-
able to other ions. Furthermore, Bernstein knew of the
work of the physical chemist, Nernst. Bernstein there-
fore suggested that the resting potential could be
predicted simply by applying the Nernst equilibrium
equation for potassium:

+
Vin= Ena = 60log [[I;]] (mV) (1)

i

where V,, is the membrane potential and Ey the
potassium equilibrium potential (see also Chapter 3).

Although Bernstein’s hypothesis was interesting, it
could not be directly tested at the time (hence, the
question mark in the equation) because microelectrode
recording techniques had not been developed. It was not
until the 1930s and 1940s and the advent of microelec-
trode recording techniques that it became possible to
test the hypothesis directly. The testing of Bernstein’s
hypothesis was done primarily by Hodgkin and Huxley
and their colleagues in England. As a result of this work,
a general theory was developed for the generation of the
resting potential that appears to be applicable to most
cells in the body.

Testing Bernstein’s Hypothesis

How would one go about testing Bernstein’s hypoth-
esis? If the membrane potential (V,,) is equal to the K*
equilibrium potential (Ex), one should be able to
substitute the known outside and inside concentrations
of K™ into the Nernst equation and determine the equilib-
rium potential (Ex), which should equal the measured
membrane potential (V,,). Furthermore, because of the
logarithmic relationship in the Nernst equation, if the
outside K™ concentration is artificially manipulated by a
factor of 10, then the equilibrium potential will change by
a factor of 60 mV. If the membrane potential is governed
by the K equilibrium potential, then the membrane
potential should also change by 60 mV.

Figure 4 illustrates one direct experimental test of
Bernstein’s hypothesis performed by Hodgkin and
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FIGURE 4  Effects of altered extracellular concentrations of K* on
the membrane potential: (o), measured membrane potential at each of
a variety of different concentrations of K*; the straight line is the
potential predicted by the Nernst equation. The value of 140 in the
Nernst equation is the estimated intracellular concentration of K™ for
the cell used in the experiment. (Modified from Hodgkin AL,
Horowicz P. J Physiol 1959; 148:127.)

Horowicz. A cell was impaled with a microelectrode
and the resting potential was measured. The extracel-
lular K* concentration was systematically varied, and
the change in the resting potential was monitored. When
the K* concentration was changed by a factor of 10, the
resting potential changed by a factor of 60 mV. The
straight line on the plot is the relationship predicted by
the Nernst equation (note that it is a straight line
because these data are plotted on a semilog scale).

The fit is not perfect, however, and the experimental
data deviate from the predicted values when the
extracellular K* concentration is reduced to low levels.
If there is a deviation from the Nernst equation, the
membrane must be permeable, not only to K™, but to
another ion as well. That other ion appears to be Na™.
As indicated earlier, Na™ has a high concentration
outside the cell and a low concentration inside the cell. If
the cell has a slight permeability to Nat, Na™ will tend
to diffuse into the cell and produce a charge distribution
across the membrane so that the inside of the membrane
will be positive with respect to the outside. This slight
increase in the positivity on the inside surface of the
membrane will tend to reduce the negative charge
distribution produced by the diffusion of K* out of
the cell. The slight permeability of the membrane to Na™
will tend, therefore, to make the cell slightly less negative
than would be expected were the membrane only
permeable to K. If a membrane is permeable to more
than one cation, the Nernst equation cannot be used to
predict the resultant membrane potential. However, in
such a case the Goldman equation can be used.
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GOLDMAN-HODGKIN-KATZ EQUATION

The Goldman equation is also known as the Goldman—
Hodgkin—Katz (GHK) equation because Hodgkin and
Katz applied it to biologic membranes. As has already
been seen in Chapter 3, the GHK equation can be used
to determine the potential developed across a membrane
permeable to Na®™ and K*. Thus,

K*] +a[Na*
V,, = 60log % (mV) ?)

1

where V,,, is the membrane potential in millivolts and
a is equal to the ratio of the Na* and K™ permeabilities
(Pna/Px). This equation looks rather complex at first,
but it can be simplified by examining two extreme cases.
Consider the case when the Nat permeability is equal
to zero. Then, « is equal to zero, and the Goldman—
Hodgkin—Katz equation reduces to the Nernst equation
for K*. If the membrane is highly permeable to Na*t and
has a very low K* permeability, & will be a very large
number, which causes the Na™ terms to be very large so
that the K terms can be neglected and the Goldman—
Hodgkin—Katz equation reduces to the Nernst equation
for Na*t. Thus, the Goldman-Hodgkin-Katz equation
has two extremes. In one case, when Na™ permeability is
zero, it reduces to the Nernst equation for K™; in the
other case, when Na™ permeability is very high, it
reduces to the Nernst equation for Na®. The GHK
equation allows one to predict membrane potentials
between these two extreme levels, and these membrane
potentials are determined by the ratio of K* and Na™
permeabilities. If the permeabilities are equal, the
membrane potential will be intermediate between the
K™ and the Na™ equilibrium potentials.

Figure 5 illustrates a test of the ability of the
Goldman—-Hodgkin—Katz equation to fit the same
experimental data shown in Fig. 4. The straight line is
generated by the Nernst equation, whereas the curved
trace is generated by the Goldman—-Hodgkin—-Katz
equation. The value of « that gives the best fit is 0.01.
Thus, although there is some Na™ permeability at rest, it
is only one-hundredth that of the K™ permeability. To a
first approximation, the membrane potential is due to
the fact that there is unequal distribution of K™, and the
membrane is selectively permeable to K™ and to a large
extent no other ion. Therefore, the membrane potential
can be roughly predicted by the Nernst equilibrium
potentials for K. However, there is a slight Na™
permeability that tends to make the inside of the cell
more positive than would be predicted, based on the
assumption that the cell is permeable only to K¥.
The GHK equation can be used to calculate or predict
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FIGURE 5 Same experiment as Fig. 4, but the graph also contains
the prediction of the change in membrane potential obtained with the

Goldman-Hodgkin-Katz equation with a value of « equal to 0.01.
(Modified from Hodgkin AL, Horowicz P. J Physiol 1959; 148:127.)

the membrane potential knowing the ratio of Na* and
K™ permeabilities and the individual extracellular and
intracellular concentrations of Nat and K™.

THE SODIUM HYPOTHESIS FOR THE NERVE
ACTION POTENTIAL

Is it possible to specify ionic mechanisms that
account for the action potential just as it was possible
to do so for the resting potential? It is interesting to note
that Julius Bernstein in 1902, when proposing his theory
for the resting potential, also proposed a theory for the
nerve action potential. Bernstein proposed that during a
nerve action potential, the membrane suddenly became
permeable to all ions. Bernstein predicted, based on this
theory, that the membrane potential would shift from its
resting level to a new value of about 0 mV. (Can you
explain why?) However, from Fig. 3 it is clear that the
potential changes during the action potential do not
range from a value of —60 to 0 mV, but actually go well
beyond 0 mV and approach a value of +55 mV. So,
whereas Bernstein’s hypothesis for the resting potential
was nearly correct, his hypothesis for the action
potential clearly missed the mark.

At the same time that Bernstein proposed theories for
resting potentials and action potentials, Overton,
another early physiologist, made some interesting
observations about the critical role of Nat. Overton
observed that Na™* in the extracellular medium was
absolutely essential for cellular excitability. In general,
in the absence of extracellular Na™, nerve axons cannot
propagate information, and skeletal muscle cells are
unable to contract.
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FIGURE 6  Changes in the amplitude of the action potential in the
squid giant axon as a function of the extracellular concentration of
Nat reduced to 70% (A), 50% (B), and 33% (C) of its normal value.
(Modified from Hodgkin AL, Katz B. J Physiol 1949; 108:37.)

Overton, like Bernstein, could not test his hypothesis
experimentally because microelectrodes were not avail-
able. Just as Hodgkin and his colleagues critically tested
Bernstein’s hypothesis for the resting potential, they also
examined and extended Overton’s observations. One of
the earlier experiments performed by Hodgkin and Katz
is illustrated in Fig. 6.

Hodgkin and Katz repeatedly initiated action poten-
tials in the squid giant axon while they artificially altered
the extracellular Na™ concentration. When the extra-
cellular Na* concentration was reduced to 70% of its
normal value (Fig. 6A), there was a slight reduction in
the amplitude of the action potential. Reducing the Na*
concentration to 50% and 33% of its normal value
produced further reductions in the amplitude of the
action potential. These experiments, therefore, directly
confirmed Overton’s initial observations that Na™ is
essential for the initiation of action potentials. (Excep-
tions to this are action potentials in cardiac and smooth
muscle cells; see Chapters 8 and 11.)

Hodgkin and his colleagues took these observations
one step further. They suggested that, during an action
potential, the membrane behaved as though it was
becoming selectively permeable to Na*t. In a sense, the

membrane was switching from its state of being highly
permeable to KT at rest to being highly permeable to
Na™ at the peak of the action potential. If a membrane
is highly permeable to Na™ at the peak of the action
potential (for the sake of simplicity we assume that the
membrane is solely permeable to Na* and no other
ions), what potential difference would one predict across
the cell membrane? If the membrane is only permeable
to Na™, the membrane potential should equal the Na*
equilibrium potential (Eny,), and

) [Na*]
VL Exa = 601og ° (mV) 3)

[Na+]i

Indeed, when the known values of extracellular and
intracellular Na® concentrations for the squid giant
axon are substituted, a value of +55 mV is calculated.
This is approximately the peak amplitude of the action
potential. Is this simply a coincidence? It is possible that
the membrane is permeable to other ions as well.
Perhaps the action potential is due to an increase in
Ca*" permeability; Ca* is in high concentration outside
and low concentration inside the cell, so part of the
action potential might be due to a selective increase in
Ca”" permeability. How can this issue be resolved? If
the peak amplitude of the action potential is determined
by Ena., one would expect that as the extracellular
levels of Na™ are altered, the peak amplitude of the
action potential would change according to the Nernst
equation. Furthermore, because of the logarithmic
relationship in the Nernst equation, if the extracellular
Na™ concentration is changed by a factor of 10, the
Na™ equilibrium potential and the peak amplitude
of the action potential should change by a factor of
60 mV.

Figure 7 illustrates a test of this hypothesis. The peak
amplitude of the action potential, shown on the vertical
axis, is measured as a function of the extracellular Na™
concentration. The dots on the graph represent the peak
amplitude of the action potential recorded at various
extracellular concentrations of Na™. The straight line is
the relationship that describes the Na' equilibrium
potential as a function of extracellular Na™.

Although there are some deviations between the
predicted Na® equilibrium potential and the peak
amplitude of the action potential (the action potential
never quite reaches the value of the Na* equilibrium
potential), the critical observation is that the slopes of
these two lines are nearly identical. For a tenfold change
in the extracellular Na™ concentration, there is approxi-
mately a 60-mV change in the peak amplitude of the
action potential. These experiments, therefore, provide
strong experimental support for the hypothesis that
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FIGURE 7  Plot of the peak amplitude of the action potential vs. the
extracellular concentration of Na™. The solid line is a prediction of the
Nernst equation with an estimated intracellular Na™ concentration for

this cell of 17 mmol/L. (Modified from Nastuk WL, Hodgkin AL.
J Cell Comp Physiol 1950; 35:39.)

during the peak of the action potential the membrane
suddenly switches from a high permeability to K™ to a
high permeability to Na™.

APPLYING THE GOLDMAN-HODGKIN-KATZ
EQUATION TO THE ACTION POTENTIAL

There are two important positively charged ions (K™
and Na™), and the membrane potential appears to be
governed by the relative permeabilities of these two ions.

ENa* +55 -

Membrane Potential (mV)

VRest -60 +

Ey: 75

Time (msec)
FIGURE 8  Sketch of a nerve action potential.

As a result, the Goldman—-Hodgkin-Katz equation can
be used:

_ [K*],+o[Na"],

where o = Pna/Px.

Figure 8 is a sketch of an action potential. One
important observation is that the action potential
traverses a region that is bounded by Ey, on one extreme
and Eyx on the other. Because the action potential
traverses this bounded region, it is possible to use the
Goldman—Hodgkin—Katz equation to roughly predict
any value of the action potential simply by adjusting the
ratio of the Na™ and K™ permeabilities. For the resting
level, we have already seen that the ratio of Na™ and K™
permeabilities is 0.01. Thus, we can substitute these
values into the Goldman—-Hodgkin—Katz equation and
calculate a value of approximately —60 mV.

Assume that the Na™ permeability is very high. Then
a is a very large number, and the Na™ terms dominate
the Goldman-Hodgkin—-Katz equation. In the limit,
the Goldman—Hodgkin—Katz equation reduces to the
Nernst equation for Na*. So, when there is a high Na*
permeability and a low K% permeability, we can
calculate a potential that approximates the peak ampli-
tude of the action potential. During the repolarization
phase of the action potential, we can simply assume that
the ratio of Nat and K™ permeabilities returns back
to normal, substitute this value into the Goldman-—
Hodgkin—Katz equation, and calculate a membrane
potential of —60 mV. The hyperpolarizing afterpotential
could be accounted for by a slight decrease in Na™
permeability to less than its resting level or by a K
permeability greater than its resting level. The important
point is that by adjusting the ratio of Nat and K*
permeabilities, it is possible to predict the entire
trajectory of the action potential.

THE CONCEPT OF VOLTAGE-DEPENDENT
NA* PERMEABILITY

Even though the Goldman—-Hodgkin—Katz equation
gives a good qualitative fit to the trajectory of the action
potential, it fails to provide any insight into the
fundamental question of how the presumed switch in
permeability takes place. How can a membrane at one
instant in time be highly permeable to K™ and a short
time thereafter be highly permeable to Nat ? Hodgkin
and Huxley proposed that there is a voltage-dependent
change in Na™ permeability; Na™ permeability is low at
rest, but as the cell is depolarized, Nat permeability
increases (Fig. 9A).
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FIGURE 9 Relationship between depolarization and Na™ perme-
ability critical for the initiation of an action potential. (A) Na*t
permeability increases as the membrane potential becomes more
depolarized. (B) The increase in Na™ permeability produced by some
initial depolarization can lead to greater depolarization.

Assume that the cell is depolarized by some stimulus.
As a result of the depolarization, there will be an
increase in Na™ permeability. If Na® permeability is
increased (assume for the moment that K* permeability
remains unchanged), « in the Goldman—Hodgkin—Katz
equation will be increased. If « is increased, the Na™
terms are multiplied by a larger value, and they will tend
to dominate the Goldman-Hodgkin—Katz equation.
The membrane will become less negative (i.e., more
depolarized), but, as the cell depolarizes, Na* perme-
ability increases further and « increases further. A
positive feedback cycle is entered (Fig. 9B) such that
once the cell is depolarized to a critical level, the cell will
rapidly depolarize further in a regenerative fashion.
Eventually, the membrane potential will approach the
Na™ equilibrium potential. Thus, a voltage-dependent
relationship between membrane potential and Na™t
permeability can in principle completely account for
the initiation of the action potential.

TESTING THE CONCEPT OF VOLTAGE-
DEPENDENT NA™ PERMEABILITY: THE
VOLTAGE-CLAMP TECHNIQUE

So far we have just a theory. The critical hypothesis is
that Nat permeability is regulated by the membrane
potential. The simple way of testing this hypothesis is to
depolarize the cell to various levels and measure the
corresponding Na® permeability. The problem,
however, is that as soon as the cell is depolarized, Na™*
permeability changes, an action potential is initiated,
and because of practical reasons, there is insufficient
time to measure the permeability change. This was a
major obstacle in the further analysis of the ionic
mechanisms that govern the action potential.

The major breakthrough came when Hodgkin and
Huxley used an electronic feedback device known as a
voltage-clamp amplifier to hold the membrane potential
at various levels for indefinite periods of time (Fig. 10).

The voltage-clamp amplifier takes the difference
between the actual recorded membrane potential and
the desired level and generates sufficient hyperpolarizing
or depolarizing current to minimize the difference. The
amount of current necessary to hold the membrane
potential fixed at the desired level is proportional to the
membrane permeability, or conductance, at that parti-
cular voltage-clamp level. For example, by measuring
the ionic current as a function of time, /(¢), and knowing
the potential difference (which is constant), the conduc-
tance as a function of time, G(f), can be determined
simply by using Ohm’s law (conductance for our
purpose can simply be considered an electrical measure-
ment of permeability, so we will use permeability and
conductance interchangeably):

G(1) = I(1)/ AV (%)

By changing the potential difference with the voltage-
clamp amplifier, the corresponding conductances at a
variety of different potentials can be determined.

Figure 11 illustrates some typical results. The proce-
dure is as follows. Initially, the membrane potential is at
its resting level of —60 mV. It is then artificially changed
from the resting level to a new depolarized level (e.g.,
—35 mV) and held there for 5 msec or longer. The
membrane potential is then returned back to its resting
level, and the membrane is stepped or clamped to a new
depolarized level of —20 mV. By performing a sequence
of these voltage-clamp measurements, changes in Na™
permeability as a function of both voltage and time can
be determined.

In the upper part of Fig. 11, the horizontal axis shows
the time and the vertical axis shows the measured Na™
conductance. As the membrane potential is forced to
various depolarized levels from the resting level, there is
a graded increase in Nat permeability. The greater the
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FIGURE 10  Schematic diagram of the voltage-clamp apparatus.
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FIGURE 11 Changes in Na' conductance produced by voltage

steps to three depolarized levels. The greater the depolarization, the
greater the amplitude of Na® conductance. These data provide
experimental support for the relationship depicted in Fig. 9A.
(Modified from Hodgkin AL, Huxley AF. J Physiol 1952; 117:500.)

level of depolarization, the greater the Na™ permeabil-
ity. This experiment therefore provides strong experi-
mental support for the proposal that Na™ permeability
is voltage dependent and demonstrates the existence of a
mechanism that could explain the rising phase (initia-
tion) of the action potential.

MOLECULAR BASIS FOR THE REGULATION OF
NA* PERMEABILITY

At the molecular level, the relationship between the
membrane potential and Na™ permeability (Fig. 9A) is
due to the existence of membrane channels that are
selectively permeable to Na® and that are opened or
gated by the membrane potential. This discovery was
made possible by the patch-clamp technique, which
allows the conductance of individual channels to be
measured. With the patch-clamp technique, a micropip-
ette with a tip several microns in diameter is positioned
so that the tip just touches the outer surface of the
membrane. A high-resistance seal develops that allows
the electrode and associated electronic circuitry to
measure the current and thus the conductance of a
small number of Na™ channels or, indeed, a single Na™
channel (Fig. 12). One of the major conclusions that has
been derived from these studies is that, in response to
membrane depolarization, single Na™ channels open in

an all-or-nothing fashion. A single channel has at least
two states—open and closed—and once opened it
cannot open further in response to depolarization. The
gating process is subserved by a membrane-bound
protein that is charged, such that when the membrane
is depolarized, a conformational change in the protein
takes place that results in the channel becoming more
permeable to Na™ (see also below).

In response to membrane depolarization (Fig. 13A),
individual channels open briefly and then close (Fig.
13B). The opening of single channels is a probabilistic
function of time and voltage; however, when the
opening of many channels is averaged, the averaged
conductance predicts the conductance change of the
entire population of channels (Fig. 13C). Thus, the time
course of the changes of Na*t permeability (Fig. 11) is a
reflection of the average opening and closing times of
many individual Nat channels. At the molecular level,
the voltage dependence of the total membrane Na™t
permeability (Fig. 9A) can be viewed as the probability
that a depolarization will open single Na™ channels; the
more the cell is depolarized, the greater the number of
individual Na™ channels that will be opened, each in its
characteristic all-or-nothing fashion.

STRUCTURE OF THE VOLTAGE-GATED
NA* CHANNEL

The principal structural and functional unit of the
voltage-gated Na* channel consists of a single polypep-
tide chain exhibiting four homologous domains (I-1V,
Fig. 14), with each domain having six hydrophobic

Currrent
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(Single Channel)

Na' Channel —

. Patch Electrode
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I

Cell Membrane

FIGURE 12  Schematic diagram of the apparatus used for single-
channel recording. A micropipette is positioned to touch the surface of
the membrane. A tight seal develops, and the current flowing through
individual channels can be monitored.
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13 Single-channel changes in Na® conductance. In response to a pulse

depolarization, the probability of single Na* channels opening is increased. (A) Voltage step
used to depolarize the membrane. (B) Successive traces obtained in response to multiple
presentations of the voltage step in A; with any single trace the relationship is not particularly
clear. (C) When the traces are averaged, a conductance change resembling that of the
macroscopic conductance (see Fig. 11) change is observed. (Modified from Sigworth FJ, Neher

E. Nature 1980; 287:447-449.)

membrane-spanning regions designated S1 to S6. The
functional significance of specific regions has been
elucidated. For example, region S4 contains a high
density of positively charged residues and is believed to
represent the voltage sensor of the channel. The channel
pore is believed to be formed by the four homologous

C

regions between S5 and S6 (also designated the SS1 and
SS2 regions, the HS5 region, or the P region). Channel
inactivation (see below) seems to be associated with the
region that links domains III and IV. In particular, a
hinged-lid structure formed by the amino terminus of
domain IV has properties consistent with an ability to
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FIGURE 14 Model of the principle structural and functional unit of the voltage-gated Na™ channel.
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move into the channel pore and cause its blockade.
Finally, the Na™ channel can be regulated by protein
phosphorylation. Specifically, the region that links
domains I and II contains phosphorylation sites for
cyclic adenosine monophosphate (cAMP)-dependent
protein kinase, whereas the region that links domains
IIT and IV contains a phosphorylation site for protein
kinase C.

NA™ INACTIVATION

There is one other important aspect of the data
illustrated in Fig. 11. Even though the membrane
potential is depolarized throughout the duration of
each trace, Na™ permeability spontaneously falls back
to its resting level. Thus, although Na™ permeability
depends on the level of depolarization, it does not
remain elevated and is only transient. Once it reaches its
maximum value, it spontancously decays back to its
resting level. The process by which Na™ permeability
spontaneously decays back to its resting level (even
though the membrane is depolarized) is known as
inactivation. At the molecular level, the process of
inactivation can be considered to be a separate voltage-
and time-dependent process regulating the Na™ channel.
In Fig. 15, the Na*t channel is represented as having two
regulatory components: an activation gate and an
inactivation gate. For the channel to be open, both the
activation and inactivation gates must be open. At the
resting potential, the activation gate is closed, and even
though the inactivation gate is open, channel perme-
ability is zero (Fig. 15A). With depolarization, the
activation gate opens rapidly (Fig. 15B), and the channel
becomes permeable to Na™. Depolarization also tends
to close the inactivation gate, but the inactivation
process is slower. With depolarization occurring over a
longer time, the inactivation gate closes, and even
though the activation gate is still open, channel perme-
ability is zero (Fig. 15C).

What is the physiologic significance of Na™ inactiva-
tion? Let us return to the positive feedback cycle once
again. Depolarization increases Na™ permeability, and
the increase in Na' permeability depolarizes the cell.
Eventually, as a result of this regenerative cycle, the cell
is depolarized rapidly up to a value near Eyn,. The
problem with this mechanism is how to account for the
repolarization phase of the action potential. Based on
the relationship between Nat permeability and
membrane potential, one would predict that once the
membrane potential moves to Ey, it would stay there
for an indefinite period of time. The steep relationship
between voltage and Na™ permeability is only transient,
however. After approximately 1 msec, Na™ permeability

Activation Gate
opened by depolarization)

Inactivation Gate
(closed by depolarization)

B Activation Gate
(open)
Inactivation Gate
(open)
Activation Gate
C

(open)

Inactivation Gate
(closed)

FIGURE 15  Schematic diagram of three states of the Na™ channel:
(A) rest; (B) peak gna.; and (C) inactivated.

spontaneously decays. If Nat permeability decays,
because of inactivation, the potential would move
closer to Ex or, stated in a slightly different way, it
will become less depolarized. Depolarization would be
reduced, and the reduction in depolarization would
produce a further reduction in Na™ permeability (i.e.,
deactivation) because of the basic relationship between
voltage and Na* permeability (Fig. 9A). As a result, a
new feedback cycle is initiated that would tend to
repolarize the cell.

It is therefore intriguing to think that simply by
accounting for (1) the voltage-dependent increase in
Na* permeability and (2) the process of Na™ inactiva-
tion, both the initiation and the repolarization phases of
the action potential could be explained fully. However,
there are at least two problems with this hypothesis.
First, the duration of the action potential is only about
1 msec, yet the Na™ permeability change takes 4 msec or
so to return to the resting level (fully inactivated). So, by
extrapolating these voltage-clamp measurements, one
might expect that the action potential would be some-
what longer in duration than 1 msec. Second, it is
difficult to explain the hyperpolarizing afterpotential.
From the voltage-clamp data (Fig. 11), it is clear that
Na* permeability increases dramatically and then
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inactivates. To explain the hyperpolarizing afterpoten-
tial, Nat permeability would have to be less than its
initial value (¢ would have to be less than 0.01). So,
based on the observed changes in Na*t permeability, it
would be impossible to account for the hyperpolarizing
afterpotential.

ROLE OF VOLTAGE-DEPENDENT K™
CONDUCTANCE IN REPOLARIZATION OF THE
ACTION POTENTIAL

Not only does Na™ permeability change, but there is
also a change in K permeability during the course of an
action potential. Figure 16 illustrates these results. The
upper portion of the illustration simply reviews the
experimental data of Fig. 11. When the membrane is
depolarized and held fixed at various levels, there is an
increase in Na™ permeability that is proportional to the
depolarization. Keep in mind that during this entire
sequence of events, the membrane potential is held
depolarized by the voltage clamp at the levels indicated.
The traces in Fig. 16 illustrate that in addition to
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FIGURE 16 Simultaneous changes in Na® (A) and K* (B)
conductance produced by voltage steps to three depolarized levels.
Note the marked differences between the changes in Na® and K*
conductance. (Modified from Hodgkin AL, Huxley AF. J Physiol
1952; 117:500.)

changes of Na™ permeability, there are also voltage-
dependent changes in K permeability. The greater the
level of depolarization, the greater the increase in K
permeability. There are two important differences
between these two permeability systems. First, the
changes in K* permeability are rather slow. It takes
some time for K* permeability to begin to increase,
whereas the changes in Na™ permeability begin to occur
immediately after the depolarization is delivered.
Second, whereas Na™ permeability exhibits inactivation,
K* permeability remains elevated as long as the
membrane potential is held depolarized.

Now that it is clear that there are changes in both
Na™ and K permeabilities, how can this information be
used to better account for the entire sequence of events
that underlies the action potential? The initial explana-
tion for the rising phase of the action potential is
unaltered, simply because for a period of time less than
about 0.5 msec, there is no major change in K¥
permeability (i.e., the change in K* permeability is
slow). In later phases of the action potential (at times
greater than roughly 0.5-1 msec), we not only have to
consider Na™ permeability changes but also changes in
K™ permeability. What would be the consequences of
not only having a fall in Na® permeability (due to
inactivation), but also a simultaneous increase in K%
permeability? Let us return to the Goldman—-Hodgkin—
Katz equation. At the peak of the action potential
(about 0.5-1 msec from its initiation), there is very high
Na™ permeability. At this time, KT permeability begins
to increase significantly. Thus, at any time after about
0.5 to 1 msec, not only will there be a certain increase in
Na™ permeability, but there will also be a K perme-
ability that is greater than its resting level. As a result,
the value of o will be smaller than if only changes in
Na™ permeability were occurring. If « is smaller, then
the Na® terms make less of a contribution to the
Goldman—-Hodgkin—Katz equation. Stated in a slightly
different way, the K terms make more of a contribu-
tion, and the membrane potential will be more negative.
Thus, by incorporating the finding that there is a
delayed increase in K' permeability, the membrane
potential will be more negative for any given time
(greater than about 0.5-1 msec) than it would have been
without the changes in K+ permeability. The delayed
changes in Kt permeability will tend to make the
membrane potential repolarize more quickly because
now there are two driving forces for repolarization. The
first is Na™ inactivation, and the second is the delayed
increase in K1 permeability. By incorporating the
simultaneous changes in K permeability, we can in
principle account for a shorter duration action potential.

Can the changes in K* permeability help explain the
hyperpolarizing afterpotential? The key is to understand
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the time course of the changes in K* permeability. Note
that the changes in K™ permeability are very slow to
turn on. They are also slow to turn off. As the action
potential repolarizes to the resting level, Na™ perme-
ability returns back to its resting level. Because the K*
permeability system is slow, however, K+ permeability is
still elevated. Therefore, o in the Goldman—Hodgkin—
Katz equation will actually be less than its initial level of
0.01. If « is less than 0.01, the contributions of the Na™
terms become even more negligible than at rest, and the
membrane potential approaches Ex. Thus, because Na™
permeability decays rapidly and K permeability decays
slowly, during the later phases of the action potential
K™ permeability is elevated, and the hyperpolarizing
afterpotential is produced.

Figure 17 summarizes the time course of the changes
in Na™ and K permeability underlying the nerve action
potential. Assume that by some mechanism the cell is
depolarized to threshold. The depolarization initiates
the voltage-dependent increase in Nat permeability.
That voltage-dependent increase in Na® permeability
produces a further depolarization, resulting in further
increases in Nat permeability. This positive-feedback
cycle leads to rapid depolarization of the cell toward
Ena. At the peak of the spike, which occurs about
3/4 msec from initiation of the action potential, two
important processes contribute to the repolarization.
First, there is the process of Na™ inactivation. As a
result of the decay of Na™t permeability, the membrane
potential begins to return to the resting level. As the
membrane potential returns to the resting level, the Na™
permeability decreases further (i.e., deactivates), which
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FIGURE 17 Time course of changes in Na* and K* conductance
that underlie the nerve action potential.

further speeds the repolarization process. A new feed-
back cycle is entered that moves the membrane potential
in the reverse direction. Second, there is the delayed
increase in K permeability. At the point in time when
the action potential reaches its peak value, there is a
rather dramatic change in K™ permeability. This change
in K' permeability tends to move the membrane
potential toward Ex. Therefore, there are two indepen-
dent processes that contribute to repolarization of the
action potential. One is Na™ inactivation, and the other
is the delayed increase in K* permeability. Note that
when the action potential returns to its resting level of
about —60 mV or so, the Na™ permeability has reached
its resting level; while Na™ permeability has returned to
its resting level, Kt permeability remains elevated for a
period of time. Thus, the ratio of the two permeabilities
will be less than it was initially, and the membrane
potential will move closer to Ex. Over a period of time,
K™ permeability gradually decays back to its resting
level, and the action potential terminates.

In summary, the initiation of the action potential can
be explained by the voltage-dependent increase in Na™
permeability and the repolarization phase of the action
potential by (1) the process of Na™ inactivation and (2)
by the delayed increase in K+ permeability. Finally, the
hyperpolarizing afterpotential can be explained by the
fact that K* permeability remains elevated for a period
of time after the Na™ permeability has returned to its
resting level.

Students frequently question the necessity for such an
elaborate series of steps to generate short-duration
action potentials. This question brings us back to a
point raised at the beginning of the chapter. Recall that
the nervous system codes information in terms of the
number of action potentials elicited; the greater the
stimulus intensity, the greater the frequency of action
potentials. To encode and transmit more information
per unit time, it is desirable to generate action potentials
at a high frequency. With short-duration action poten-
tials, a new action potential can be initiated soon after
the first, and this requirement can be met.

The analysis of Hodgkin and Huxley, originally
performed on the squid giant axon, has proved generally
applicable to action potentials that are initiated in nerve
axons and in skeletal muscle cells. The concept of
voltage-dependent ion channels is now universal. What
varies from cell to cell is the particular ion to which the
channel is permeable. For example, a significant
component of action potentials in smooth muscle and
cardiac muscle cells is due to voltage-dependent Ca>"
channels. Many different types of voltage-dependent K+
channels have also been described.

The structure of voltage-gated Ca®" channels is
similar to that of the Nat channel (see Fig. 14).
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Voltage-activated K™ channels have similar six-
membrane-spanning regions, but they differ in that the
polypeptide chain does not contain multiply repeated
domains. Rather, K* channels are formed by the
functional association of four separate peptides,
termed « subunits, to form an ionophore. A specific
region of the N-terminal domain of the « subunit
appears to be essential for proper aggregation of the
subunits to form the tetrameric structures of the
functional channel. Variations in the structure of
individual subunits as well as different combinations
of the subunits contribute to the great diversity of K™
channel properties that has been observed in excitable
membranes. For example, some K channels exhibit
inactivation similar to Na™ channels. For these inacti-
vating K™ channels, the amino terminal sequence of the
polypeptide appears to act as a plug to close the channel.
Another important class of Kt channels is activated by
intracellular levels of Ca*™.

SPECIFICITY OF ION CHANNELS UNDERLYING
THE ACTION POTENTIAL

Other types of experiments further confirm the
Hodgkin—Huxley hypothesis for the initiation and
repolarization phases of the action potential.
Compounds have been discovered that can be used
selectively to block or inhibit these voltage-dependent
permeability changes. One of these substances is known
as tetrodotoxin (TTX), and the other is known as
tetraethylammonium (TEA). TTX, a toxin that is
isolated from the ovaries of the Japanese puffer fish,
blocks the voltage-dependent changes in Na™ perme-
ability but has no effect on voltage-dependent changes
in K* permeability. In contrast, TEA has absolutely no
effect on the voltage-dependent changes in Na™ perme-
ability but completely abolishes the voltage-dependent
changes in K permeability. Thus, one substance (TTX)
is capable of blocking the voltage-dependent Na™
permeability, and another (TEA) is capable of blocking
the voltage-dependent K permeability.

Given the effects of TEA and TTX on permeabilities,
how would one expect these substances to affect the
action potential? If the voltage-dependent change in
Na* permeability is blocked, one would expect that no
action potential could be initiated or propagated. If the
voltage-dependent change in K* permeability is
blocked, one would expect the action potential to be
somewhat longer in duration and, in addition, it should
not have a hyperpolarizing afterpotential. Figure 18
illustrates these results; Fig. 18A is a normal action
potential, and Fig. 18B is an action potential recorded in
TEA. In TEA, the initiation and rising phase of the
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FIGURE 18 Effects of TEA on action potentials: (A) normal, and
(B) in the presence of TEA.

action potential as well as its peak value are unaffected,
but there is a dramatic increase in the spike duration and
an absence of the hyperpolarizing afterpotential. Thus,
the use of TEA confirms the Hodgkin—Huxley theory
that the delayed increase in K™ permeability contributes
to the repolarization phase of the action potential and to
the undershoot. In the presence of TEA, the process of
Na™ inactivation accounts entirely for the repolariza-
tion. When one perfuses the axon with TTX, one finds
that no action potential can be elicited and no action
potential can be propagated. Thus, the use of TTX
confirms the Hodgkin—Huxley theory for the critical
role that the increase in Na' permeability plays in
initiating the action potential in nerve axons.

These experiments with TTX and TEA are also
interesting in another respect because they demonstrate
that the voltage-dependent changes in Na™* permeability
are mediated by completely different membrane chan-
nels from the voltage-dependent change in K+ perme-
ability because it is possible to selectively block one but
not the other.

DO CHANGES IN NAT AND K"
CONCENTRATIONS OCCUR DURING
ACTION POTENTIALS?

It is clear that, as a result of the voltage-dependent
increase in Na™ permeability, some Na™ ions will flow
from the outside of the cell to the inside of the cell.
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A frequently asked question is whether the flux of Na™
that occurs during the action potential produces a
concentration change on the inside of the cell. Alter-
natively, because of the increase in K permeability
during an action potential, there is a tendency for some
K™ to flow out of the cell. Does that flux of K* cause a
change in the intracellular K* concentration? Although
some Na*t does indeed enter the cell with each action
potential and some K™ leaves the cell with each action
potential, these fluxes are generally minute compared
with the normal intracellular concentrations. For exam-
ple, as a result of an action potential, the change in Na™
concentration for a 1-cm? surface area of the membrane
is equal to only approximately 1 pM (1 x 107> M) and
that concentration change is restricted to the inner
surface of the membrane. Therefore, even though some
Na™ does enter the cell with each action potential, the
concentration change is minute compared with
the normal millimolar concentration of Na™ within the
cell. Some K* also leaves the cell during an action
potential, but the concentration change again is minute
compared with the normal K concentration. Indeed, if
the (Na*—K™) exchange pump is blocked in the squid
giant axon, it is possible to initiate more than 500,000
action potentials without any noticeable change in either
the resting potential or the amplitude of the action
potential.

The role of the membrane (Na™-K™) pump is to
provide long-term maintenance of the Na™ and K¥
concentration gradients. Eventually, if one were to
generate more than 500,000 action potentials, there
would be a change in ionic distribution, but this is a
long-term phenomenon, and in the short term the
(Na™K™) pump is not essential. Even with the
(Na™=K™) exchange pump blocked, a cell is capable of
initiating a large number of action potentials without
any major change in either the resting potential or the
peak amplitude of the action potential. If the resting
potential is unchanged, it can be inferred that the K*
equilibrium potential is also unchanged. Similarly, if the
peak amplitude of the action potential is unchanged, the
Na* equilibrium potential is also unchanged.

THRESHOLD, ACCOMMODATION, AND
ABSOLUTE AND RELATIVE
REFRACTORY PERIODS

The Hodgkin—Huxley analysis not only described
quantitatively the mechanisms that account for the
initiation and repolarization of the action potential but
also provided the explanation for some phenomena that
had been known for some time but were poorly
understood. Four of these phenomena are threshold,

accommodation, and the absolute and relative refrac-
tory periods.

Threshold

The voltage dependence of Na* permeability explains
the initiation of the action potential but by itself does
not explain completely the threshold phenomenon,
because the relationship between depolarization and
Na*t permeability, although steep, is a continuous
function of membrane depolarization (e.g., see Fig.
9A). Threshold can be explained by taking into account
the fact that K permeability (both resting and voltage-
dependent) tends to oppose the effects of increasing Na™
conductance in depolarizing the cell and initiating an
action potential. Threshold is the point at which the
depolarizing effects of the increased Na™ permeability
just exceed the counter (hyperpolarizing) effects of K+
permeability. Once the inward flow of Na™ exceeds the
outward flow of K™, threshold is reached, and an action
potential occurs through the positive feedback cycle.

Absolute and Relative Refractory Periods

The absolute refractory period refers to that period of
time after the initiation of one action potential when it is
impossible to initiate another action potential no matter
what the stimulus intensity used. The relative refractory
period refers to that period of time after the initiation of
one action potential when it is possible to initiate
another action potential but only with a stimulus
intensity greater than that used to produce the first
action potential. At least part of the relative refractory
period can be explained by the hyperpolarizing after-
potential. Assume that a cell has a resting potential of
—60 mV and a threshold of —45 mV. If the cell is
depolarized by 15 mV to reach threshold, an all-or-
nothing action potential will be initiated, followed by
the associated repolarization phase and the hyperpolar-
izing afterpotential. What happens if one attempts to
initiate a second action potential during the undershoot?
Initially, the cell was depolarized by 15 mV (from —60 to
—45 mV) to reach threshold. However, if the same
depolarization (15 mV) is delivered during some phase
of the hyperpolarizing afterpotential, the 15 mV depo-
larization would fail to reach threshold (—45 mV) and
would be insufficient to initiate an action potential. If,
however, the cell is depolarized by more than 15 mV,
threshold can again be reached and another action
potential initiated. Eventually, the hyperpolarizing
afterpotential would terminate, and the original 15-mV
stimulus would again be sufficient to reach threshold.
The process of Na* inactivation also contributes to the
relative refractory period (see below).
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The absolute refractory period refers to that period of
time after an action potential when it is impossible to
initiate a new action potential no matter how large the
stimulus. This is a relatively short period of time that
varies from cell to cell but roughly occurs approximately
1/2 to 1 msec after the peak of the action potential. To
understand the absolute refractory period, it is necessary
to understand Na' inactivation in greater detail. In
Fig. 19, a membrane initially at a potential of —60 mV is
voltage clamped to a new value of 0 mV (pulse 1,
Fig. 19A). With depolarization, there is a rapid increase
in Na™ permeability, followed by its spontaneous decay.
When this first pulse is followed by an identical pulse
(pulse 2) to the same level of membrane potential soon
thereafter (Fig. 19B), there is still an increase in Na™
permeability, but the increase is much smaller than it
was for the first stimulus. Indeed, when the separation
between these pulses is reduced further, a point is
reached where there is absolutely no change in Na™t
permeability produced by the second depolarization
(Fig. 19C). The two pulses must be separated by several
milliseconds before the change in Nat permeability is
equal to that obtained initially (Fig. 19A). How do we
explain these results, and what do they have to do with
the absolute refractory period? Just as it takes a certain
amount of time for the Na™ channels to inactivate, it
also takes some time for these channels to recover from
the inactivation and be able to respond again to a
second depolarization. Therefore, as a result of initiating
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FIGURE 19 Recovery from inactivation. The second of two
depolarizing pulses activates less Nat conductance as the interval
between the pulses decreases. Once the Nat channels become
inactivated by the first pulse, several milliseconds are required before
they recover completely.

one action potential, if one attempts to initiate a second
action potential soon after the first, the Na™ perme-
ability will not have recovered from inactivation,
making a second depolarization ineffective in initiating
a voltage-dependent change in Na® permeability. If
there is no voltage-dependent change in Na™ perme-
ability, no action potential will be produced. Thus, the
absolute refractory period is understood most simply in
terms of this process of recovery from Na™ inactivation.
The recovery from Na* inactivation may contribute to
the relative refractory period as well. During this
recovery time, the threshold for an action potential
will be higher because greater depolarization will be
required to activate sufficient Na™ influx to exceed the
K" efflux.

Accommodation

Accommodation is defined as a change in the
threshold of an excitable membrane when slow depo-
larization is applied. In the previous examples, rapid
depolarization is applied, and the threshold occurs at a
relatively fixed membrane potential (e.g., Fig. 3). When
a slowly developing depolarization is applied, however,
the threshold is frequently at a more depolarized level
and, indeed, if the depolarization is slow enough, no
action potential will be initiated despite the level of
depolarization. The process of Na™ inactivation contri-
butes to the phenomenon of accommodation. Essen-
tially, slow depolarization provides sufficient time for
the Nat channels to inactivate before they can be
sufficiently activated. In terms of the molecular model of
Fig. 15, an insufficient number of Na* channels are in
state B because they are already in state C.
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Propagation of action potentials occurs by the
movement of charge along the inner and outer
surface of axons.

Propagation velocity depends on the passive
properties of the axonal membrane.

The velocity of propagation is directly propor-
tional to the space constant and inversely
proportional to the time constant.

Myelination of axons increases the propagation
velocity of action potentials.

KEY POINTS

e Action potentials can be recorded by placing
electrodes near the surface of the nerve.

The magnitude of the signal extracellularly
recorded depends on the number of axons
that are active.

Peaks that occur at different times after a
stimulus reflect differences in the propagation
velocity of action potentials in the different
axons.

Up to this point, we have been considering the ionic
mechanisms that underlie the action potential in a
dimensionless nerve cell. However, one of the important
features of action potentials is that, not only are they
elicited in an all-or-nothing fashion, but they also are
propagated in an all-or-nothing fashion. If an action
potential is initiated in the cell body, it will propagate
without decrement along the axon and eventually invade
the synaptic terminal. An action potential recorded in
the nerve axon has an amplitude and time course
identical to the action potential that was initiated in the
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cell body. It is the ability of action potentials to
propagate in this all-or-nothing fashion that endows
the nervous system with the capability to transmit
information over long distances.

BASIC PRINCIPLES

To begin to consider the mechanisms that account for
propagation of the action potential, it is useful to
examine the charge distribution that is found in an

Copyright © 2004, Elsevier Science (USA)
All rights reserved.
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FIGURE 1 Schematic diagram of sequence of steps underlying

propagation of the action potential. (A) Rest, (B) initiation, (C)
propagation.

isolated section of a nerve axon. When an axon is at rest,
the potential of the inside is negative with respect to the
outside (Fig. 1A). The distribution of charge is simply
due to the tendency of K™ to diffuse from its region of
high concentration inside the axon to its region of low
concentration outside the axon. Consider what will
happen if at some point along the axon an action
potential is initiated. At the peak of the action potential
the inside of the cell will be positive with respect to the
outside (Fig. 1B). At this point, there is a new charge
distribution at a localized portion of the membrane.
Adjacent regions of the axon, however, still have their
initial charge distribution (inside negative). Opposite
charges attract each other, so the positive charge
produced by the action potential will tend to move
toward the adjacent region of membrane (still at rest),
which has a negative charge (Fig. 1C). As a result of this
positive charge movement, the adjacent region of the
axon will become depolarized. If sufficient charge moves
to depolarize the adjacent portion of the membrane to
threshold and elicit voltage-dependent changes in Na™
permeability, a new action potential at this adjacent
region will be initiated. So, as a result of an action
potential in one portion of an axon and the subsequent
charge transfer along the surface of the membrane, a
new action potential will be generated. This new action
potential then will cause charge transfer to its adjacent
region, causing, in a sense, another new action potential
to be initiated. It should be clear that this process, once

initiated, will propagate all the way to the end of
the axon.

DETERMINANTS OF PROPAGATION VELOCITY

What are the factors that determine the rate of
propagation of the action potential? To address this
question, some details of the passive properties of
axonal membranes must be examined. Two important
passive properties that are directly related to the rate at
which an axon can propagate action potentials are the
space (or length) constant and the time constant. The
space and time constants are known as passive proper-
ties because they do not depend directly on metabolism
or any voltage-dependent permeability changes such as
those that underlie the action potential. These are
intrinsic properties that are reflections of the physical
properties of the neuronal membrane. Indeed, they are
properties of all membranes.

Time Constant

To consider the time constant, first consider a very
simple thermal analog. Take the case where a block of
metal that is initially at 25°C is placed on a hot plate
that is at 50°C. Assume that the hot-plate temperature is
constant. What will be the consequences of placing the
block on the hot plate? It is obvious that over a period
of time the temperature of the block will change from its
initial value of 25°C to a final value of 50°C, but it will
not do so instantaneously. It will take a certain period of
time for the heat transfer to occur. If the temperature of
the block is measured as a function of time, the
temperature will change as an exponential function of
time, approaching a final value of 50°C.

A similar phenomenon is observed in membranes
when one applies an artificial depolarizing or hyperpo-
larizing stimulus. This phenomenon is illustrated in
Fig. 2. A nerve cell is impaled with one electrode to
record the membrane potential and another electrode
to depolarize or hyperpolarize the cell artificially
(Fig. 2A). The cell is initially at its resting potential
of —60 mV. At time zero, the stimulating electrode is
connected to a battery. The size of the battery is such
that the stimulus eventually will depolarize the cell by
10 mV (Fig. 2B). As a result, the membrane potential
will change from its initial value of —60 mV to a final
value of —50 mV. Note that even though the current
flow (i.e., stimulating current) is instantaneous (and
constant), the membrane potential does not change
instantaneously. There is a period of time during which
the membrane potential charges to its new final level of
—50 mV. This charging process is an exponential
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FIGURE 2 Measurement of the membrane time constant. (A)
Experimental setup; (B) change in membrane potential as a function of
time after the delivery of a constant step of depolarizing current.
(Modified from Kandel ER. The cellular basis of behavior.
San Francisco: Freeman, 1976.)

function of time. Just as the temperature in the block
changed exponentially as a function of time, the change
in potential in the neuron produced by an applied
depolarization (or hyperpolarization) also follows an
exponential time course. For such exponential func-
tions of time it is possible to define what is known as a
time constant (7). The time constant refers to the time
it takes for the potential change to reach 63% of its
final value.

The general equation for a response that changes as
an exponential function of time is:

% repsonse = 100(1 — e~/7) (1)

where ¢ is time and t is the time constant. At time 0,
e " is equal to 1, and the % response is zero. At infinite
time, e~ is equal to zero, so the % response is 100.
A special case occurs when ¢ = 1. Then, e ' =0.37, and
the % response = 63%. A detailed understanding of the
mathematics is not important. What is important is that
the time constant is a simple index of how rapidly a
membrane will respond to a step stimulus.

The time constant for the cell illustrated in Fig. 2B is
10 msec. Thus, in 10 msec the potential has changed
from —60 mV to —53.7 mV (63% of its final displace-
ment). The smaller the time constant of the cell, the
more rapidly the cell will respond to an applied stimulus.
If the time constant is 1 msec, the potential change
would occur very rapidly, and the potential would reach
—53.7mV in just 1 msec. If the time constant is 40 msec,
the potential change would occur very slowly, and the
potential would reach —53.7 mV in 40 msec.

A simple formula that describes the time constant in
terms of the physical properties of the membrane is:

T =R,,C,, (2

Here, R,, simply reflects the resistive properties of the
membrane and is equivalent to the inverse of the
permeability, because the less permeable the membrane
the higher the resistance. C,, represents the membrane
capacitance. This is a physical parameter that describes
the ability of a membrane to store charge. It is
equivalent to the ability of the metal block to store
heat. The larger the size of a block, the better able it is to
store heat. Similarly, the larger the membrane capaci-
tance, the better able it is to store charge.

Space Constant

Before discussing how the time constant is related to
propagation velocity, the other passive membrane
property, the space (or length) constant, will be
discussed. To introduce this phenomenon, it is useful
to turn again to a thermal analog. Instead of considering
a small block on a hot plate, consider what might
happen when one end of a long metal rod touches the
hot plate. The hot plate is at constant 50°C, and the rod
is initially at 25°C. If the one end of the rod is placed in
contact with the hot plate and a sufficient period of time
elapses for the temperature changes to stabilize, what
will be the temperature gradient along the rod? It is
obvious that the temperature at the end of the rod in
contact with the hot plate will be 50°C (i.e., the same
temperature as the hot plate). The temperature of the
rod, however, will not be 50°C along its length. The
temperature near the hot plate will be 50°C, but along
the rod the temperature will gradually fall, and if the rod
is long enough the temperature may still be 25°C at its
other end. If the temperature of the rod at various
distances from the hot plate is measured, the tempera-
ture will be found to decay as an exponential function of
distance.

Just as there is a spatial degradation of temperature
in a long rod, there is also a spatial degradation of
potential along a nerve axon, which is referred to as
electronic conduction. Figure 3A illustrates how it is
possible to demonstrate this. One electrode is in the cell
body and will be used to depolarize the cell artificially. A
number of other electrodes are placed at various
distances along the axon to record the potential gradient
as a function of distance from the cell body. Initially, the
cell body and all regions of its axon are at the resting
potential of —60 mV. A sufficient subthreshold depolar-
ization is then applied to the cell body to depolarize the
cell body to —50 mV. Just as the temperature of the end
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FIGURE 3  Measurement of the space constant. (A) Experimental
setup; (B) changes in membrane potential as a function of distance
along the axon. A constant depolarizing current is applied to the cell
body to depolarize the cell body from rest (—60 mV) to —50 mV.
(Modified from Kandel ER. The cellular basis of behavior.
San Francisco: Freeman, 1976.)

of the rod placed on the 50°C heat source became the
same as the hot plate, the cell body is forced from its
resting potential to a potential of —50 mV. After waiting
a sufficient period of time for the potential changes to
stabilize, the measurements are made. Very near the cell
body the potential is —50 mV (Fig. 3B). However, the
membrane potential sampled at various points away
from the cell body has changed from the value of
—50 mV at the cell body to more negative values distal
from the cell body. Measurements made a great enough
distance from the cell body reveal that the potential
recorded is not changed from the resting potential
(=60 mV). The potential profile is an exponential
function of distance and can be used to define a space
constant (denoted by the symbol 1). The space constant
is the distance it takes for the depolarizing displacement
(i.e., 10 mV) to decay by 63% of its initial value. In this
particular cell, the space constant is I mm. This means
that 1 mm away from the cell body the potential would
have changed from its value of —50 mV in the cell body
to a value of —56.3 mV in the axon. The greater the
space constant, the greater will be the extent of the
propagation of this electrotonic potential. If the space
constant is 2 mm, this potential profile would decay less
so that at 2 mm the potential would be at —56.3 mV.

Just as it is possible to provide a formula for the time
constant in terms of the physical properties of the
membrane, it is also possible to derive a formula for the
space constant. The space constant is equal to:

dRy,
4R;

A= 3)

where R, once again refers to the resistive properties
of the membrane (the inverse of the membrane perme-
ability), R;is a term that refers to the resistive properties
of the intracellular medium (the resistance of the
axoplasm to the flow of ions), and d is the diameter of
the axon.

Relationship Between Propagation Velocity
and the Time and Space Constants

It is possible to make some qualitative predictions
about the way in which the space and time constants
affect propagation velocity. If the space constant is
large, a potential produced at one portion of an axon
will spread greater distances along the axon. Because the
potential will spread a greater distance along the axon, it
will bring distant regions to threshold sooner. Thus, the
greater the space constant, the greater will be the
propagation velocity. The time constant is a reflection of
the rate that a membrane can respond to an applied
stimulus current. The smaller the time constant, the
greater will be the ability of a membrane to respond
rapidly to stimulus currents. Action potentials will be
initiated sooner, and the propagation velocity will be
greater. Therefore, the smaller the time constant, the
greater will be the propagation velocity.

Thus, the propagation velocity is directly proportional
to the space constant but inversely proportional to the
time constant. Because relationships for both the space
and time constants are known, it is possible to derive a
new formula that describes the propagation velocity:

JdR,JAR;

Velocit 4
elocity o R.C. (4)
Thus,
1 d
Velocity o« — S
6001yo<Cm IR, R (5)

It is desirable to have axons that have high propaga-
tion velocities because there is great survival value to
rapid information transmission. For example, to initiate
a motor response to some noxious stimulus, such as
touching a hot stove, action potentials must propagate
rapidly along sensory and motor axons.

Given that the propagation velocity can be described
in terms of the physical properties of nerve axons, we can
begin to examine strategies used by the nervous system to
endow axons with high propagation velocities. One of
the simplest and most obvious ways of doing this is to
increase the diameter of the axon. By increasing the
diameter, the propagation velocity is increased. This is
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exactly the strategy that has been used extensively by
many invertebrate axons, of which the squid giant axon
is the prime example. The giant squid axon has a
diameter of about 1 mm, which endows it with perhaps
the highest propagation velocity of any invertebrate
axon. A severe price is paid, however, when the propa-
gation velocity is increased in this way. The key to
understanding this problem is the square root relation-
ship in the formula for propagation velocity. The square
root relationship requires that to double the propagation
velocity the fiber diameter must be quadrupled.

To get moderate increases in propagation velocity,
therefore, one has to increase axons to very large
diameters. Although this is frequently observed in
invertebrates, it is not generally used in the vertebrate
central nervous system. For example, it is known that
the propagation velocity of axons in the optic tract is
about the same as that of the squid giant axon. If all the
axons in the optic tract were the size of the squid giant
axon, however, the optic tract by itself would take up
the space of the entire brain.

Conduction in Myelinated Axons

Clearly, there must be another means available by
which axons can increase their propagation velocity
without drastic changes in fiber diameter. You will note
from the relationship for propagation velocity that by
changing the membrane capacitance velocity can be
affected directly without involving the square root
relationship. It is possible to decrease the membrane
capacitance simply by coating the axonal membrane
with a thick insulating sheath. This is exactly the
strategy used by the vertebrates. Many vertebrate
axons are coated with a thick lipid layer known as
myelin. As a result of myelin, the capacitance is greatly
reduced and propagation velocity is greatly increased. In
principle, there is one severe problem with increasing the
propagation velocity with this technique. Coating the
axon with a lipid layer would tend to cover the channels
or pores in the membrane that endow the axon with the
ability to initiate and propagate action potentials. The
nervous system has solved this problem by coating only
portions of the axon with myelin. Certain regions called
nodes are not covered. At these bare regions, voltage-
dependent changes in membrane permeability take place
that generate action potentials.

The process of conduction in myelinated fibers is
illustrated in Fig. 4. The dashed lines show a nerve axon
that is covered with a layer of myelin. Note that the
myelin does not cover the entire axon; there are bare
regions or nodes where voltage-dependent changes in
permeability can take place and action potentials can be
elicited. Assume an action potential is elicited at the

Axon Node Myelin

FIGURE 4  Saltatory conduction in myelinated axon. The electrical
activity jumps from node to node. Between the nodes the action
potential is propagated electronically with little decrement. At the
nodes, where ionic current can flow, the electrotonic potential emerges
from the internodal region, reaches threshold in the nodal region, and
triggers an action potential. The process is then repeated. Arrows
indicate regions of the axon where the potentials are recorded.

node to the left. As a result of the action potential, there
is a large depolarization. The inside of the cell becomes
positive with respect to the outside. The action potential
cannot propagate along the myelinated region via the
active process that was described earlier, simply because
the voltage-dependent changes in permeability cannot
take place; however, the action potential can conduct
passively. That conduction will occur rapidly because
the membrane capacitance is reduced. Because of the
small amount of decrement, the potential that "emerges"
at the next node will be of a sufficient level to depolarize
the next node to threshold. A new action potential will
be initiated, and the process will be repeated.

The type of propagation that occurs in myelinated
fibers is known as saltatory conduction because the
action potential appears to jump from node to node. At
the nodes, there are voltage-dependent changes in
membrane permeability, whereas in the internodal
regions the potential is conducted in a passive fashion.
No voltage-dependent changes in permeability take
place in the internodal region.

EXTRACELLULAR RECORDINGS FROM
EXCITABLE MEMBRANES

In many cases, it is not possible to monitor the
electrical activity of nerve cells using intracellular
microelectrode recording techniques; however, it is
possible to measure a reflection of that intracellular
activity from the immediate extracellular environment
of excitable cells. Typical examples of this type of
recording are the electromyogram (EMG), electrocar-
diogram (ECG), electrooculogram (EOG), and electro-
encephalogram (EEC). Each of these recordings reflects
the intracellular activity from a host of simultaneously
excited cells.
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Extracellular Recording From a Single Axon

To introduce the principles of extracellular recording,
it is useful to begin with the simplest case—the extra-
cellular recording of activity from a single nerve axon.
Figure 5 illustrates both the general strategy and typical
results. Two metal electrodes, A and B, are placed in
close proximity to an isolated nerve axon. They do not
impale the axon but are very near its outside surface.
The electrodes are connected to a suitable electronic
amplifier that is designed so that the voltage displayed is
the difference between the voltage sensed at electrode
B (V) and the voltage sensed at electrode A (V4):

V="Vg—Va (6)

The recording device measures voltages B and A and
subtracts the two to generate a visual display. In this
example, the display is such that an upward deflection
on the recording device reflects a positive difference
(e.g., Vg —Va = +), and a downward deflection reflects
a negative difference (e.g., Vg — Va = —).

Let us first examine the case where no action
potential is propagating along the nerve axon (Fig. 5,
trace 1). At rest, the membrane potential of the axon is
approximately —60 mV inside with respect to the
outside. Although this is not the usual convention,
another way of stating it is that the axon is +60 mV
outside with respect to the inside. Thus, the electrodes
placed in the immediate environment of the cell
membrane will both sense equal positive charges on
the outside of the membrane. By taking the difference
between the potentials at the recording electrodes, the
electronic amplifier will record a potential difference of
0. This will correspond to no deflection on the recording
device. To summarize, at rest,

V="Vg—Va
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FIGURE 5 Experimental arrangement for the extracellular record-
ing of electrical activity from a single nerve axon.
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at point 1 (Fig. 5) and
V = (+) — (+) = 0 = no deflection

Let us now initiate an action potential at some distant
point to the left of the axon illustrated in Fig. 5 and
allow that action potential to propagate along the nerve
axon toward the recording electrodes. Consider the
consequences of the changes in charge distribution when
the wave of depolarization representing the propagating
action potential first comes near the region of electrode
A. Assume for the moment that we can freeze the action
potential at this point in time. We have learned that
during the peak of the action potential, the potential
inside the cell becomes approximately +55 mV with
respect to the outside. Stated in a different way, the
outside of the axon will be negative with respect to the
inside. So, electrode A will now sense a negative outside
surface charge, but clectrode B will sense the same
positive outside charge (because the action potential has
not yet propagated to electrode B). Thus, at point 2
(Fig. 5), the electronic amplifier will take the difference
between the two potentials and determine a positive
difference. The positive difference will correspond to an
upward deflection of the recording device. To summar-
ize, at point 2 (Fig. 5),

V="Vg—Va
V =(+) — (=) = (+) = upward deflection

If we now unfreeze the action potential and allow the
wave of depolarization to continue to propagate, it
eventually will reach a point where the action potential is
in the region of both electrodes A and B (trace 3, Fig. 5).
We now freeze the action potential at the point at which
each electrode senses equal parts of the action potential.
The regions under both electrodes will be positive inside
with respect to the outside or negative outside with
respect to the inside. So, electrode B will sense a negative
charge, and electrode A will sense the same negative
charge. The electronic amplifier will subtract the two and
determine that there is no difference. The recording
device will return to its initial state and display no
deflection. To summarize, at point 3 (Fig. 5),

V=Vg—Va
V = (=) — (=) = 0 = no deflection

The potential recorded at point 3 is an interesting
case. The recording device is back to its initial state, but
that does not mean that the recorded potential is equal
to the resting potential. Rather, it means that electrodes
A and B are recording the same potential.
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What happens as the action potential continues to
propagate along the axon? The area of excitation under
the two electrodes will move away from electrode A and
eventually will reach a point at which the excited region
(the action potential) is predominantly in the vicinity of
electrode B. As a result, the region under electrode A will
repolarize so that the inside of the axon will become
negative with respect to the outside, or the outside will be
positive with respect to the inside (as it was initially). The
region under electrode B will still be excited so that it will
be negatively charged. Thus, at point 4 (Fig. 5), the
difference between the potentials at the two electrodes
is negative, and a negative difference corresponds
to a downward deflection of the recording device: At
point 4,

V="Vg—Va
V =(-)—(+) = (—) = downward deflection

Eventually, the excited region will move away from
the electrodes, and both electrodes will sense positive
charge. The difference between the two will be zero, and
the recording device will return to its initial state.

Thus, by using extracellular recording techniques, it
is possible to obtain signals that correspond to the
passage of an action potential along a nerve axon. Note
that the form of the measured potential is very different
from the action potential recorded with an intracellular
microelectrode. In addition, it is only a rough reflection
of the magnitude and duration of the underlying
membrane permeability changes. This type of recording
is used primarily as a simple index of whether or not an
action potential has occurred.

Extracellular Recording From a Nerve Bundle

Figure 6 illustrates stimulation and recording of a
nerve bundle rather than a single axon. Recall that a
nerve bundle, or nerve, is made up of a group of
individual axons. Stimulating electrodes are placed near
one end of the nerve bundle to depolarize the axons to
threshold and initiate action potentials, and recording
electrodes are placed at the other end to record the
resulting extracellular potential changes produced by the
action potentials propagating along the nerve. Trace 1
of Fig. 6 shows that when a very weak stimulus is
delivered no action potential is recorded. The small
transient diphasic deflection is due to interference
picked up by the recording electrodes from the stimu-
lating electrodes; this small initial deflection is known as
a stimulus artifact.

Increasing the stimulus intensity further produces a
larger artifact, but still no action potential is produced

Stimulating  Recording
Electrodes Electrodes

[
Axons
Nerve

° J}\\/—
FIGURE 6  Extracellular recording of the electrical activity from a
nerve. One pair of electrodes is placed so that the nerve can be
electrically stimulated while a second pair of electrodes records the
neural activity. With weak intensity stimulation (traces 1 and 2), only
stimulus artifacts are produced, and no neural activity is observed. As
the stimulus intensity to the nerve is increased, the amplitude of
the action potential increases (traces 3-5) until a point is reached
where further increases in intensity (although producing a larger
artifact) do not produce a larger action potential (traces 5 and 6).

(Modified from Katz B. Nerve muscle and synapse. New York:
McGraw-Hill, 1966.)
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(trace 2); however, as the intensity is increased further, a
point is reached at which a diphasic action potential is
recorded (trace 3, Fig. 6). Note that there is a delay
between the stimulus artifact and the diphasic action
potential, which is a reflection of the time it takes for the
action potential to propagate from its site of initiation
(at the stimulating electrodes) to the recording electro-
des. (Knowing the time delay and the distance between
the stimulating and recording electrodes, the propaga-
tion velocity of the action potentials can be calculated.)

An interesting observation occurs when the stimulus
intensity is increased still further. Now the amplitude of
the extracellular action potential is increased (trace 4,
Fig. 6). Increasing the stimulus intensity further
produces yet a greater increase in the size of the action
potential (trace 5, Fig. 6). Eventually, a point is reached
at which increasing the stimulus intensity produces no
further increase in the size of the action potential.

At first, these results may seem somewhat paradox-
ical because they appear to contradict the all-or-nothing
law of the action potential. Recall that an action
potential not only is propagated in an all-or-nothing
fashion but is also initiated in an all-or-nothing fashion.
We learned earlier (Fig. 3 in Chapter 4) that an increase
in stimulus intensity beyond threshold produces an
action potential identical in its amplitude and time
course to the action potential produced with a threshold
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stimulus. In Fig. 6 the action potential amplitude
increases as a function of the stimulus intensity. The
key to understanding this apparent paradox is that we
are now dealing with a nerve bundle that contains many
different axons. The individual axons in the nerve have
different diameters and therefore different thresholds to
extracellularly applied stimulating currents. As a result,
when the stimulus intensity is increased, the first axon to
initiate an action potential is the nerve axon that has the
lowest threshold. That action potential is then sensed by
the recording electrodes and displayed on the recording
device. As the stimulus intensity is increased further,
more axons are brought to threshold so that there are
multiple action potentials propagating along the nerve
bundle, and these individual action potentials will each
make a contribution to the signal sensed by the
recording electrodes. Eventually, a stimulus intensity is
reached that brings all the axons above threshold so that
further increases in the stimulus intensity initiate no
additional action potentials, and the size of the extra-
cellularly recorded action potential remains at its peak
value. The action potential that is recorded with
extracellular electrodes from a nerve bundle is known
as a compound action potential (compound because it
is a summation of contributions from the individual
action potentials in the axons that compose the nerve
bundle).

One additional variant on this theme is illustrated in
Fig. 7. This is a case in which the stimulating and
recording electrodes are separated by a considerable
distance. An interesting observation is that the potential
change recorded can be quite different from the shape of
the potential changes seen in Figs. 5 and 6. Previously,
there was a relatively smooth rise, fall, and then
recovery—a diphasic action potential. In this new case,
the action potential has multiple peaks (in some cases,
there can be three or more different peaks). What is the
origin of these different peaks? The important point is
that a nerve bundle may contain many different axons,
many of which have different diameters. In addition,
some of these axons may be myelinated and others
unmyelinated. As a result, action potentials that are
initiated in these axons will have different propagation
velocities. The action potentials will reach the recording
electrodes at different times so the different peaks reflect
differences in the time of arrival of action potentials.
The situation is somewhat analogous to a fast runner

Recording
Electrodes

™
( %

Voltage

Time
FIGURE 7 Recording the compound action potential at a point
distant from the stimulus site. Multiple peaks can be observed due to
the contributions of fibers with different conduction velocities.

and a slow runner in a race. Initially, they are both at
the starting line, but over a period of time the faster
runner outdistances the slower runner and reaches the
finish line sooner. The stimulating electrodes are analo-
gous to the starting line, whereas the recording electro-
des are analogous to the finish line.
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Synaptic transmission occurs by electrical and
chemical synapses; chemical synapses are the
predominant type in the nervous system.

The end-plate potential is due to the release of
ACh from the presynaptic terminals of motor
axons.

ACh is removed from the synaptic cleft by
diffusion and hydrolysis by AChE.

ACh opens channels in the postsynaptic mem-
brane that are equally permeable to Na* and K*.
Ca”" is essential for the release of neurotrans-
mitter; the presynaptic terminal contains
voltage-dependent Ca?’* channels, and Ca’*"
influx during an action potential in the presy-
naptic terminal promotes the exocytosis of
vesicles of transmitter.

KEY POINTS

Transmitter release is quantized.

Synaptic potentials can be either excitatory or
inhibitory and are mediated by ionotropic and
metabotropic receptors.

Synaptic responses mediated by ionotropic
receptors are generally fast because they
involve the direct opening of a channel by the
transmitter.

Synaptic responses mediated by metabotropic
receptors are generally slow because they can
involve the activation of second messenger
pathways.

Integration of synaptic potentials occurs
through temporal and spatial summation.
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Nerve cells are capable not only of initiating action
potentials but also of communicating directly with other
cells. Transferring information from one nerve cell to
another or from one nerve cell to a muscle cell is a
process known as synaptic transmission. Synaptic trans-
mission is mediated by specialized junctions called
synapses.

TYPES OF SYNAPTIC TRANSMISSION

There are two categories of synaptic transmission:
electrical and chemical. Each category is associated with
a number of characteristic morphologic and physiologic
properties. Features of these two types of synaptic
transmission are illustrated in Fig. 1. Electrical synaptic
transmission is mediated by specialized structures known
as gap junctions. The gap junctions associated with
electrical synapses provide a pathway for cytoplasmic
continuity between the presynaptic and the postsynaptic
cells. As a result, a depolarization (or a hyperpolariza-
tion) produced in the presynaptic terminal produces a
change in potential of the postsynaptic terminal. The
potential change in the postsynaptic cell is due to the
direct ionic pathway between the presynaptic and
postsynaptic cell. For electrical synapses, there is a
minimal synaptic delay. As soon as a potential change is
produced in the presynaptic terminal, there is a reflec-
tion of that potential change in the postsynaptic cell.

A

Presynaptic

Postsynaptic

Gap Junction
B

Presynaptic Postsynaptic

Mitochondria
Synaptic Cleft
Synaptic Vesicles

FIGURE 1  Schematic diagram of two types of synaptic junctions.
(A) Electrical synapse; transmission takes place through gap junctions
that provide an ionic pathway between the pre- and postsynaptic
junctions. (B) Chemical synapse; neurotransmitter is released from the
presynaptic terminal, which diffuses across the synaptic cleft and
interacts with receptor sites on the postsynaptic membrane.

Electrical junctions are found not only in the nervous
system but also between other excitable membranes,
such as smooth muscle and cardiac muscle cells. In these
muscle cells, they provide an important pathway for the
propagation of action potentials from one muscle cell to
another.

For chemical synapses, there is a distinct cytoplasmic
discontinuity that separates the presynaptic and post-
synaptic membranes. This discontinuity is known as the
synaptic cleft. The presynaptic terminal of chemical
synapses contains a high concentration of mitochondria
and synaptic vesicles, and there is a characteristic
thickening of the postsynaptic membrane. As a result
of a depolarization or an action potential in the
presynaptic terminal, chemical transmitters are released
from the presynaptic terminal, which diffuse across the
synaptic cleft and bind to receptor sites on the
postsynaptic membrane. This leads to a permeability
change that produces the postsynaptic potential. For
chemical synapses, there is a delay (usually, approxi-
mately 0.5-1 msec in duration) between the initiation of
an action potential in the presynaptic terminal and a
potential change in the postsynaptic cell. The synaptic
delay is due to the time necessary for transmitter to be
released, diffuse across the cleft, and bind with receptors
on the postsynaptic membrane. Chemical synaptic
transmission is generally unidirectional. A potential
change in the presynaptic cell releases a transmitter that
produces a postsynaptic potential, but a depolarization
in the postsynaptic cell does not produce any effects in
the presynaptic cell because no transmitter is released
from the postsynaptic cell at the synaptic region. The
most predominant type of synapse is the chemical
synapse, and for that reason this chapter will focus on
chemical synaptic transmission.

SYNAPTIC TRANSMISSION AT THE
NEUROMUSCULAR JUNCTION

The chemical synapse from which most of our
information about synaptic transmission has been
derived is the synaptic contact made by a spinal motor
neuron with a skeletal muscle cell. Figure 2 is a
schematic diagram of some of the general features of
this synapse. The myelinated axon of a motor neuron
whose cell body is located in the ventral horn of the
spinal cord innervates a number of individual muscle
fibers (Fig. 2A). At each muscle fiber, the axon branches
further and forms a series of contacts with the muscle
cell. An expanded view of one such synaptic contact,
which illustrates some of the characteristic morphologic
features of the chemical synapse, is shown in Fig. 2B.
There are (1) a large concentration of small vesicles and
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FIGURE 2  Sketch of the skeletal neuromuscular junction. (Modified from Lester
HA. Sci Am 1977; 236:106; Hille B. lonic channels of excitable membranes.

Sunderland, MA: Sinauer Associates, 1984.)

mitochondria in the presynaptic terminal, and (2) a
distinct synaptic cleft that separates the presynaptic
terminal from the postsynaptic cell (in this case, the
skeletal muscle cell). This particular synapse, because of
its characteristic shape, is known as the motor end plate.
It is also known as the neuromuscular junction because it
is the junction made by a motor axon with a muscle cell.
Additional morphologic features of the synapse at the
neuromuscular junction are illustrated by the expanded
view in Fig. 2C. Here, it is seen that: (1) the synaptic
vesicles are clustered in distinct regions of the terminal
known as the active zone, (2) the active zone is opposite
an invagination of the muscle membrane known as the
Junctional fold; and (3) there is a characteristic thicken-
ing of the postsynaptic membrane, perhaps due to the
high density of postsynaptic receptors for acetylcholine
(ACh). In addition, the synaptic cleft is filled with a
fibrous matrix and the enzyme acetylcholinesterase
(AChE). The functions of ACh and AChE are described
below. Figure 3 is an electron micrograph of the
synaptic junction illustrating the high concentration of
vesicles and mitochondria in the presynaptic terminal,
the fibrous matrix in the synaptic cleft, and the
characteristic  thickening of the postjunctional
membrane.

END-PLATE POTENTIAL

It is possible to study various aspects of chemical
synaptic transmission in a reduced preparation. One can
dissect a skeletal muscle cell (with its intact neural
innervation) from an animal and place it in an
experimental solution, where it can remain viable for
long periods of time (Fig. 4). The postsynaptic muscle
cell is impaled with a microelectrode to record potentials
in the muscle cell, and the motor axon is stimulated to
initiate action potentials in the axon.

Figure 5A illustrates a typical result. At the arrow, an
electrical stimulus is delivered to the motor axon. This
stimulus elicits an action potential in the axon, which
then propagates down the axon, invades the synaptic
terminal, and leads to the release of chemical transmit-
ter. The transmitter diffuses across the cleft and binds
with receptor sites on the postsynaptic membrane to
trigger the illustrated sequence of potential changes.
Note that there is a distinct delay between the applica-
tion of the electrical stimulus and the production of any
potential change in the muscle cell. The delay is due to
two factors: (1) it takes time for the action potential to
propagate from its site of initiation down the motor
axon, and (2) there is a delay due to the time necessary
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FIGURE 3  Electron micrograph of a synaptic contact at the neuromuscular junction. The
presynaptic terminal (upper portion) contains many small vesicles and larger mitochondria. There
is a distinct separation (the synaptic cleft) between the membranes of the pre- and postsynaptic
cells. (Micrograph produced by Dr. John E. Heuser of Washington University, St. Louis, MO.)

for the chemical transmitter substance to be released
from the presynaptic terminal, diffuse across the synap-
tic cleft, and produce the permeability changes that
trigger the potential changes recorded in the postsynap-
tic muscle cell.

There are two components to the potential changes in
the muscle that are produced as a result of stimulating
the motor axon. At first, there is a relatively slow rising
potential. At a potential of about —50 mV, there is a
sharp inflection at which a second potential is triggered.
This second potential, the action potential, quickly
reaches a peak value and then rapidly decays back to the
resting potential. In the discussion here, the major focus

is not the action potential but the somewhat
slower initial underlying event that triggers the action
potential.

An important chemical substance that has facilitated
the analysis of synaptic transmission at the neuromus-
cular junction is curare. (Curare is derived from plants
and is used by some South American Indians for arrow
poison.) If a low dose of curare is added (Fig. 5B) and
the motor axon is again stimulated, the slower under-
lying event is reduced in amplitude but is still capable
of depolarizing the muscle cell to threshold and
initiating an action potential (assume that threshold
in this cell is about —50 mV). If a somewhat higher
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FIGURE 4  Schematic diagram of the preparation used to study
features of synaptic transmission at the skeletal neuromuscular
junction.

dose of curare is added, the slower underlying event is
reduced further (Fig. 5C) and now fails to reach
threshold. This underlying postsynaptic potential that
is produced as a result of stimulation of the presynap-
tic motor axon and release of chemical transmitter
substance is known as the end-plate potential (EPP). It
is called the end-plate potential because it is the
potential that is recorded at the motor end plate. One
of the clear results of this experiment is that curare
reduces the amplitude of the EPP. If sufficient curare is
added, the EPP is completely abolished. A person
poisoned with curare will asphyxiate because curare
blocks neuromuscular transmission at the respiratory
muscles. Note that if the muscle cell is artificially
depolarized to threshold in the presence of a high dose
of curare, an action potential can still be initiated that
is indistinguishable from an action potential produced
artificially in the absence of curare. Thus, although
curare is effective in blocking the EPP, it has no direct
effect on the action potential. Because curare does not
affect the action potential, it does not affect the
voltage-dependent Nat and K™ channels that underlie
the action potential.

The EPP is the critical event underlying the initiation
of an action potential in a muscle cell. For this reason,
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we will explore some of the properties of EPPs in
considerable detail.

PROPAGATION OF THE END-PLATE POTENTIAL

One obvious question is whether the EPP is propa-
gated in an all-or-nothing fashion like the action
potential. Figure 6 shows a simple experiment designed
to answer this question. In this experiment, the motor
axon is electrically stimulated, and multiple intracellular
recordings are made from the muscle cell at 1-mm
intervals from the end plate. There is a large EPP (V) at
the region of the motor end plate; however, at more
distant regions from the end plate, the amplitude of the
EPP becomes smaller. In fact, the decay is an exponen-
tial function of distance. This indicates that the EPP is
not propagated in an all-or-nothing fashion; rather, it
spreads with decrement, just as weak, artificially
produced  hyperpolarizations or  depolarizations
(subthreshold) spread with decrement along a nerve
axon. As shown in Fig. 6, an agent such as curare is used
so that the EPP is reduced in size and fails to trigger an
action potential. When the EPP triggers an action
potential (as occurs in the absence of curare), the action
potential propagates without decrement along the
muscle cell.

ACETYLCHOLINE HYPOTHESIS FOR
SYNAPTIC TRANSMISSION AT THE
NEUROMUSCULAR JUNCTION

One of the major breakthroughs in the characteriza-
tion of the sequence of events that underlie synaptic
transmission at the neuromuscular junction was the
identification of the chemical transmitter substance. In

Cc
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/ Potential
T-/\ I 20 mV
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FIGURE 5 The recording of the end-plate potential (EPP) and the effects of curare. (A)
Normal; (B) low dose of curare; (C) high dose of curare.
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FIGURE 6 Propagation of the EPP. A muscle cell is impaled at multiple points from the end
plate, and the motor axon is stimulated. The amplitude of the EPP is maximal at the motor end
plate. As recordings are made more distant from the end plate, the amplitude of the EPP becomes
smaller. (Modified from Fatt P, Katz B. J Physiol 1951; 115:320-370.)

1936, Dale and his colleagues found that electrical
stimulation of motor axons led to an increase in the
concentration of a substance in the perfusing solution,
which they identified as ACh. When the isolated ACh
was injected into the arterial supply it was capable of
producing large muscular contractions. Subsequent
studies on the transmitter substance used by the
neuromuscular junction have confirmed and greatly
extended the original observations. As a result, it is now
possible to describe the total sequence of events under-
lying synaptic transmission at the neuromuscular junc-
tion (Fig. 7).

ACh is synthesized and stored in the presynaptic
terminals of motor axons. As a result of a nerve action
potential that invades the presynaptic terminal, ACh is
released into the synaptic cleft. Acetylcholine diffuses
across the synaptic cleft and combines with receptors on

the postsynaptic or the postjunctional membrane. When
ACh binds with these receptors, there is an increase in
Na™ and K permeabilities. The increase in Nat and
K™ permeabilities depolarizes the postjunctional, or the
postsynaptic, membrane. This depolarization is known
as the EPP. Normally, the EPP is approximately 50 mV
in amplitude, so the threshold level of the muscle is
ecasily reached and an action potential is triggered. The
action potential in the muscle cell leads to muscular
contraction. The EPP is a transient event that persists
for about 10 msec. There are two reasons for its
transient nature. First, ACh diffuses away from the
synaptic cleft and produces no further permeability
changes. Second, there is a substance in the synaptic
cleft known as AChE. AChE hydrolyzes ACh into
inactive substances. In the following sections, this
sequence of events is examined in greater detail.

Removal
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FIGURE 7 Summary of the sequence of events underlying synaptic transmission at the skeletal
neuromuscular junction. PJM, postjunctional membrane; EPP, end-plate potential; ACh, acetylcholine;

AChE, acetylcholinesterase.
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Role of Acetylcholinesterase

One aspect of the ACh hypothesis for chemical
synaptic transmission at the neuromuscular junction
involves the action of AChE. If AChE acts to break
down ACh into inactive forms, one would predict that
preventing this hydrolysis would allow ACh to act in the
synaptic cleft for a longer time and produce a larger and
longer lasting EPP. A group of substances have been
identified, one of which is known as neostigmine, that
block the action of AChE. Figure 8 illustrates the effects
of neostigmine on the EPP. The lower trace shows a
normal EPP. Once again the EPP is reduced (e.g., by a
low dose of curare) such that it fails to trigger an action
potential. The upper trace shows the effect of adding
neostigmine to the extracellular medium. In the presence
of neostigmine, the amplitude and duration of the EPP
are increased.

lontophoresis of Acetylcholine

Another prediction of the ACh hypothesis is that it
should be possible to mimic the release of ACh from the
presynaptic terminal by artificially applying some ACh
to the vicinity of the neuromuscular junction. A simple
technique called iontophoresis is available to precisely
deliver very small amounts of ACh to restricted regions
of a cell. The technique is illustrated in Fig. 9. One
intracellular microelectrode is used to record the
membrane potential. Another extracellular microelec-
trode is filled with ACh and is placed close to the
neuromuscular junction (but it does not impale either
the motor axon or the muscle). ACh is a positively
charged molecule. If the positive pole of a battery is
connected to the ACh electrode, the positive charge of
the battery will force ACh out of the electrode. The
small amount of ACh ejected from the tip of the
micropipette could then bind with any ACh receptors on
the muscle cell. If ACh is the transmitter at the
neuromuscular junction, iontophoretic application of

Saline
+
Neostigmine

|1mV

1 5 msec

Stimulate Motor Axon

FIGURE 8  Effects of neostigmine on the EPP. In a saline solution
containing an agent such as a small dose of curare to keep the EPP
subthreshold, a small EPP is produced. When neostigmine (an agent
that blocks the actions of AChE) is also added to the bath, the
amplitude and duration of the EPP increase.
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FIGURE 9 Procedure for iontophoretic application of ACh.
Standard intracellular recordings are made from a skeletal muscle
cell while a second micropipette filled with ACh is positioned near the
neuromuscular junction. By applying a positive voltage to the ACh-
filled micropipette, small quantities of ACh can be ejected in the
vicinity of the motor end plate.

ACh should produce a potential change in the muscle
cell similar to that produced by stimulation of the motor
axon.

Figure 10 illustrates the results. The upper trace is a
normal EPP produced by stimulating the motor axon.
The small initial downward deflection is the stimulus
artifact that indicates the point in time when the motor
axon is electrically stimulated. The lower trace shows the
result of the iontophoretic application of ACh. The
potential changes produced are nearly identical. Experi-
ments similar to Fig. 10 have demonstrated a number of
other aspects of synaptic transmission at the neuromus-
cular junction. When ACh is applied in the presence of
neostigmine, the size of the potential is enhanced. These
results are consistent with the cholinergic nature of
synaptic transmission. If the preparation is perfused
with neostigmine, ACh is not broken down by AChE,
more receptors are bound, the permeability changes are
greater, and the resultant potential change is greater.
The iontophoretic potential is also affected by curare.
By adding curare to the experimental preparation, the
size of the iontophoretic response is reduced. In
addition, the iontophoretically produced response is
not affected by tetrodotoxin (TTX). We have already
learned that TTX blocks the voltage-dependent change
in Na* permeability underlying the action potential.
Because TTX has no effect on the iontophoretic
application of ACh, channels in the membrane that
are sensitive to ACh must be different from the channels
in the membrane that underlic the action potential. It
has also been observed that injecting ACh into the
muscle cell produces no potential change. Thus,
the receptors for ACh must be on the outer surface of
the muscle cell. Iontophoretic applications of ACh to
points along the muscle distant from the end plate yield
no potential changes. A potential change due to local
application of ACh is obtained only in the immediate
vicinity of the motor end plate. Presumably, there is no
potential change produced by ACh at sites more distant
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FIGURE 10 Comparison of the EPP (A) and the response to
iontophoretic application of ACh (B).

from the motor end plate because there are no receptors
for ACh at these more distant sites. The receptors for
ACh are located at the neuromuscular junction. One
additional insight has been obtained from the ionto-
phoretic application of ACh. As indicated above, curare
blocks the EPP. The action of curare could be at two
basic sites, however. Curare could be acting to reduce
the release of chemical transmitter from the presynaptic
terminal, or, alternatively, it could have a postsynaptic
effect. When ACh is artificially applied, the possibility
of presynaptic changes is eliminated. Therefore, the
reduction of the iontophoretic potential with curare is
due to a postsynaptic action. As a result of these and
other studies it is now known that curare is a
competitive inhibitor of ACh. Curare binds with the
same receptor site on the postjunctional membrane as
does ACh. Although it binds with the receptors, it does
not produce the resultant permeability changes.

IONIC MECHANISMS UNDERLYING THE
END-PLATE POTENTIAL

How does ACh produce the permeability change
responsible for the EPP? In the early 1950s, Bernard
Katz and his colleagues proposed that the binding of
ACh with receptors on the postjunctional membrane led
to a simultaneous increase in Na® and K* permeabil-
ities. If a membrane is permeable only to Nat and K™,
then the Goldman-Hodgkin—-Katz (GHK) equation is
applicable:

K*| +a[Na™
Vin = 60 IOgW(mV)

]

where o = Pn,/Px. If @ = 1 and the K* and Na™
concentrations on the inside and outside of the cell are
substituted into the equation, a membrane potential of
about 0 mV is predicted.

Even though the EPP is due to the opening channels
that have equal permeability to Na* and K*, an EPP
with a peak value of 0 mV does not occur for two
reasons. First, as the muscle membrane depolarizes
toward 0 mV, threshold is reached, and an action
potential is initiated or triggered and the EPP is
obscured. Second, the membrane channels opened by
ACh are only a small fraction of the ion channels in the
muscle cell. These other channels (not affected by ACh)
tend to hold the membrane potential at the resting
potential and prevent the membrane potential from
reaching the 0-mV level. (When the EPP triggers an
action potential, a potential more positive than 0 mV is
reached, but this is a reflection of the ionic mechanisms
underlying the action potential and not the ionic
mechanisms underlying the EPP.)

During the past 15 years, considerable evidence has
accumulated about the molecular events associated with
the actions of ACh. Using patch recording techniques
(Fig. 11), it has been possible to measure the ionic
current flowing through single channels opened by ACh.
When the micropipette contains normal saline without
ACh, no electrical changes are observed. However,
when ACh is added to the electrode, small, step-like
fluctuations are observed which are the result of ions
flowing through specific membrane channels that are
opened by ACh. The electrical events associated with the
opening of a single channel are extremely small and, as a
result, any single channel makes a small contribution to
the normal EPP.

As a result of these patch recording techniques, three
general conclusions can be drawn. First, ACh causes the
opening of individual ionic channels (for a channel to
open, two molecules of ACh must bind to the receptor).
Second, when an ACh-sensitive channel opens, it does
so in an all-or-nothing fashion. Increasing the concen-
tration of ACh in the patch microelectrode does not
increase the permeability of the channel; rather, it
increases its probability of opening. And, finally, when a
larger region of the muscle, and thus more than one
channel, is exposed to ACh the net permeability is larger
because more individual channels are opened, each in
their characteristic all-or-nothing fashion. It is this
summation of the permeability of many individual
open channels that gives rise to the normal EPP. The
properties of ACh-sensitive channels and voltage-sensi-
tive Na™ channels are similar in that both channels open
in an all-or-nothing fashion and, as a result, the
macroscopic effects that are recorded are due to the
summation of many individual open ion channels.
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1976; 260:779-802.)

The two types of channels differ, however, in that one is
opened by a chemical agent, whereas the other is opened
by depolarization.

Structure of the Ligand-Gated
Acetylcholine Receptor

Unlike the Na™ channel, which consists of a single
polypeptide chain with four homologous domains (each
of which has six membrane-spanning regions; see
Chapter 4, Fig. 14), the cation channel of the ACh
receptor consists of five subunits, four of which are from

separate gene products. The subunits have been desig-
nated «, B, y, ¢, and §, and in fetal muscle are arranged
in the stoichiometry of o’y (Fig. 12A,B), whereas in
adult muscle the stoichiometry is a’Bes. The subunits
are approximately 50% homologous at the amino acid
level, indicating that they evolved from a common
ancestral gene. A common feature to all subunits is their
four membrane-spanning regions (designated M1 to
M4; Fig. 12B,C). The pore of the channel is believed to
be formed by the proper alignment of the M2 regions of
each of the five subunits (Fig. 12B). A key difference
between the « subunit and the other subunits is its

g <~ Ligand-binding
Region

)] |
|\1I1 M

COOH
—

N

3 M4
U
Pore-formingL’\\j—)
Region

FIGURE 12  Model of the fetal ligand-gated ACh receptor/channel.
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extended amino terminal (NH,) domain that contains
the extracellular binding site for ACh (Fig. 12C). The
long cytoplasmic loop found between the M3 and M4
regions is present in all the ACh subunits. It may
function as a binding site to the cytoskeleton.

PRESYNAPTIC EVENTS UNDERLYING THE
RELEASE OF NEUROTRANSMITTER

Voltage-Dependent Release
of Neurotransmitter

One of the most interesting aspects of synaptic
transmission is the mechanism by which an action
potential in the presynaptic terminal triggers the release
of the chemical transmitter substance. One possibility is
that transmitter release is due to some aspect of the
sequence of permeability changes underlying the action
potential in the presynaptic terminal. The action poten-
tial is associated with a slight influx of Na™ and a slight
efflux of K™. Perhaps in some way either the small influx
of Nat or efflux of K* disturbs the intracellular
environment and causes the release of transmitter.

Figure 13 illustrates an experiment to examine this
hypothesis. Rather than using the neuromuscular junc-
tion, a more advantageous experimental preparation,
the squid giant synapse, is used. The squid giant synapse
is so large that the presynaptic terminal can be impaled
with two electrodes: one to record the presynaptic
potential and the other to depolarize the terminal
artificially (Fig. 14) (this is not possible at the skeletal
neuromuscular junction). A third electrode is used to
record the potential changes in the postsynaptic cell. To
examine the possible roles of Na™ influx and K* efflux
in triggering release, the preparation is exposed to TTX
(to block Na™ influx) and tetracthylammonium (TEA)
(to block K efflux). By passing brief current pulses of
various amplitudes into the stimulating electrode, the
membrane potential of the presynaptic terminal can be
depolarized to a variety of different membrane poten-
tials without initiating action potentials (Fig. 13). When
the presynaptic cell is depolarized by a small amount,
there is no postsynaptic potential. A striking observa-
tion is made, however, when greater levels of depolar-
ization are applied. In this case, postsynaptic potentials
are produced, and their amplitudes depend on the level
of depolarization. Thus, this experiment indicates that
transmitter release is voltage dependent and that
artificial depolarization of the presynaptic terminal is
able to produce a postsynaptic potential. Because the
preparation has been treated with TTX and TEA,
this experiment clearly demonstrates that the voltage-
dependent changes in Na™ and K* permeability that
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FIGURE 13 The relationship between depolarization of the
presynaptic terminal and the release of neurotransmitter. (A) Experi-
mental setup; (B) as the presynaptic terminal is depolarized to greater
levels, transmitter release (as measured by the amplitude of the
postsynaptic potential) increases. Because the results were obtained in
the presence of TEA and TTX, these results indicate that the Na™
influx or K" efflux that occurs during the action potential is not
necessary for the release of neurotransmitter. (Modified from Katz B,
Miledi R. J Physiol 1967; 192:407-443.)

underlie the action potential have no direct effect on
the release of chemical transmitter substance from the
presynaptic terminal. One merely has to depolarize
the cell to get the release of transmitter. Normally, the
action potential is essential because it is the vehicle by
which the terminal is depolarized. Although changes in
Na*® and K' permeability are important for producing
an action potential, the direct influx of Na™ and efflux
of KT are, by themselves, not causally related to the
release of the chemical transmitter substance.

ROLE OF CA*" IN TRANSMITTER RELEASE

If Nat and K™ are not directly involved in the release
of chemical transmitter, might other ions be involved? It
has been known for many years that Ca’" in the
extracellular medium is important for chemical trans-
mission. If the concentration of Ca®" in the extracellular
medium is decreased, synaptic transmission is reduced
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FIGURE 14 Role of Ca®>" in synaptic transmission. (A) Experi-
mental setup. (B1) In a Ca**-free medium a depolarization of the
presynaptic terminal does not lead to any transmitter release; (B2)
when a small amount of Ca®* is ejected just before a second
depolarization, a postsynaptic potential is produced; (B3) if Ca*" is
ejected after the depolarization, no potential is produced. (Modified
from Katz B, Miledi R. J Physiol 1967; 192:407-443.)

(increasing the concentration of Mg®" in the extracel-
lular medium also reduces transmitter release). An
experiment that examines the role of Ca®* in the release
of chemical transmitter substances is illustrated in
Fig. 14. Here the neuromuscular junction is used; one
electrode is placed in the muscle cell to record the
postsynaptic potential, and stimulating electrodes are
placed close to the presynaptic terminal but not inside
the terminal. The stimulating electrodes are sufficiently
close to the presynaptic terminal to depolarize the
terminal by extracellular means. A third electrode filled
with CaCl, is positioned near the presynaptic terminal.
The preparation is perfused with a Ca”-free medium.
Figure 14B illustrates the results. In panel 1, stimulation

>

»
>

Ca?* Permeability

A 4

Depolarization

of the presynaptic terminal produces no postsynaptic
potential. Thus, in a Ca’"-free medium, transmitter
release is abolished. In panel 2 (Fig. 14B), the presy-
naptic stimulation is preceded by a brief ejection of Ca**
from the electrode containing CaCl,. Calcium ions are
positively charged, so it is possible to eject a small
amount of Ca®" from the Ca’" electrode simply by
connecting the electrode to the positive pole of a battery.
As a result of the brief ejection of Ca®" prior to the
stimulus, the depolarizing stimulus now produces a
postsynaptic potential in the muscle cell. If Ca®" is
ejected after depolarization of the presynaptic terminal,
no postsynaptic potential is produced in the muscle cell
(panel 3, Fig. 14B). This experiment clearly indicates
that Ca>" is absolutely essential for the release of
chemical transmitters. Furthermore, it illustrates that
Ca’" must be present just before (or during) depolar-
ization of the presynaptic terminal. Based on these and
other experiments, Katz and his colleagues proposed the
Ca®™ hypothesis for chemical transmitter release.
Calcium ions are in high concentration outside the
cell and in low concentration inside the cell. Further-
more, the inside of the cell is negatively charged with
respect to the outside. As a result, there is a large
chemical and electrical driving force for the influx of
Ca”". Normally, the cell is relatively impermeable to
Ca’", so even though there is a large driving force, Ca**
does not enter the cell. It is proposed that there is
a voltage-dependent change in Ca’" permeability
(Fig. 15A). Thus, depolarization of the presynaptic
membrane results in an increase in Ca>" permeability,
and Ca’"™ moves down its electrical and chemical
gradient and flows into the synaptic terminal. The
resultant elevation of intracellular Ca*" concentration
leads to the release of chemical transmitter (Fig. 15B).
Thus, according to this hypothesis, Ca>" is the critical
trigger for the release of chemical transmitter. One can
artificially depolarize the presynaptic terminal to
produce a voltage-dependent change in Ca’" influx
and release of transmitter. Normally, however, the
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Transmitter Release
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FIGURE 15 The Ca>* hypothesis for the release of neurotransmitters.
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action potential invades the terminal, depolarizes it, and
leads to the subsequent voltage-dependent increase in
Ca*" permeability, influx of Ca®", and chemical trans-
mitter release.

Quantal Nature of Acetylcholine Release

What is the mechanism by which Ca®" causes the
release of chemical transmitter? Figure 16 illustrates an
experiment that provided some initial insights. As
discussed above, the EPP is a relatively large event,
50 mV or so in amplitude under normal situations. Most
scientists who had been recording the EPP at the
neuromuscular junction were doing so with the ampli-
fication of their oscilloscope set at a relatively low level.
Katz and his colleagues increased the amplification and
examined the background noise in the absence of any
stimulation. (This would be equivalent to tuning your
stereo receiver to a portion of the band that has no
station and maximally increasing the volume to listen to
the noise.) Figure 16 illustrates the type of electrical
measurements made at the neuromuscular junction
under these conditions. The traces in Fig. 16A are a
continuous recording from the same experiment going
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FIGURE 16 The miniature end-plate potential (MEPP). (A) In the
absence of nerve stimulation, small spontaneously occurring potentials
are recorded. The successive traces are continuous recordings from a
neuromuscular junction. The MEPPs are approximately 0.4 mV in
amplitude and occur about once every 50 msec. (Modified from Liley
AW. J Physiol 1956; 133:571-587.) (B) Histogram representing the
number of times a MEPP of a given amplitude is recorded. There is a
variation in amplitude, but MEPPs appear to be derived from a single
population and have an average amplitude of 0.4 mV. (Modified from
Boyd IA, Martin AR. J Physiol 1956; 132:74-91.)

from left to right and down the illustration. (It is
important to keep in mind that in this experiment the
motor axon is not stimulated and that the recordings are
made from the unstimulated muscle cell.) It is evident
that without stimulation there is no absence of activity.
Indeed, numerous small voltage deflections (on the
average only about 0.5 mV in amplitude; Fig. 16B) are
observed. They are small compared with the relatively
large potential changes observed in response to a
presynaptic action potential. The potentials occur in a
random fashion at an average rate of about once every
50 msec.

The small potential changes have some interesting
features. When the recording electrode is placed in
regions distant from the motor end plate, the potentials
disappear. For this reason, these potential changes are
called miniature EPPs, or MEPPs, because they are
EPPs that have occurred in the vicinity of the motor end
plate and are much smaller than the EPP normally
produced by stimulating the motor axon. If curare is
added to the extracellular medium, the size of the
MEPPs decreases. If neostigmine is added to the
extracellular medium, the size of the MEPPs increases.
Based on these considerations, it appears that MEPPs
are due to the spontaneous and random release of ACh
from the presynaptic terminal. Acetylcholine presum-
ably is in relatively high concentration in the presynaptic
terminal. So, by chance, some of that ACh might diffuse
out of the presynaptic terminal, bind with postsynaptic
receptors, and produce small permeability changes.

How much ACh is necessary to produce a MEPP?
The simplest answer is that a MEPP is produced by one
ACh molecule binding to a receptor and opening a
single ACh-sensitive channel. When small amounts of
ACh are ejected into the vicinity of the neuromuscular
junction, however, potentials much smaller than MEPPs
are produced. Indeed, the single-channel recording
techniques (e.g., Fig. 11) indicate that the opening of a
single ACh-sensitive channel produces a potential
change of approximately 0.4 pV. This indicates that
the MEPPs are not due to the release of a single
molecule of ACh. Because the opening of a single ACh-
sensitive channel produces a potential change of
approximately 0.4 pV, it would take at least 1000
molecules of ACh to produce a potential change the size
of one MEPP (0.4 mV). Indeed, because of loss due to
diffusion in the synaptic cleft and the fact that two ACh
molecules are necessary to open a channel, approxi-
mately 10* ACh molecules are required to produce a
MEPP. Therefore, it appears that it is not a single
molecule of ACh that is spontaneously and randomly
released from the presynaptic terminal, but a package of
10* molecules of ACh. It is now well established that the
morphologic locus of this package of 10* ACh molecules
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is the synaptic vesicle found in high concentration in a
presynaptic terminal. Chemical analyses have revealed
that the synaptic vesicles in the motor axon contain
ACh.

Is the normal EPP due to the release of these
packages of ACh as well? One observation consistent
with this hypothesis is that when Ca*" is injected into
the presynaptic terminal, the frequency of occurrence
of the MEPPs is increased. This indicates that the release
of the vesicles is Ca’" dependent. As a result, it is
attractive to think that, when a larger amount of Ca®"
enters the presynaptic terminal during an action poten-
tial, a large number of vesicles is released synchronously.

Figure 17 illustrates a test of this hypothesis. To
make the interpretation of the experiment easier, the
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FIGURE 17 Quantal nature of transmitter release. (A) In a low-
Ca®* solution, the motor axon is repeatedly stimulated, and the
amplitude of the EPP is monitored. In such a solution, the amplitude
of the EPP is small and variable. Asterisks indicate spontaneous
MEPPs. (Modified from Liley AW. J Physiol 1956; 133:571-587.) (B)
A histogram showing the number of times EPPs of various amplitudes
are recorded in the low-Ca®* solution. There are many EPPs that have
an amplitude identical to the amplitude of the MEPP (0.4 mV). Other
peaks are multiples of the first. (Modified from Boyd IA, Martin AR.
J Physiol 1956; 132:74-91.)

Ca’" concentration in the extracellular medium is
reduced to a point at which the evoked EPPs are quite
small (approximately the same size as the MEPPs). The
left side of the traces in Fig. 17A illustrate some of the
spontancous MEPPs (approximately 0.4 mV in ampli-
tude [asterisks]). The small vertical lines on the traces
illustrate the point in time at which the stimulus is
applied to the motor axon. When the motor axon is
stimulated in the low-Ca*" solution, very small EPPs are
produced, but there is considerable variation in their
size. For example, sometimes the EPP is about the same
size as the MEPP (spontaneously occurring) (trace 3,
Fig. 17A). Such a response is called a wunit EPP.
Sometimes no EPP is produced by the stimulus (traces
2 and 6, Fig. 17A) and at other times an EPP is
produced that is about twice the size of the unit (double)
(traces 4, 7, and 8, Fig. 17A). In other cases, EPPs are
produced that are about three times the size of the unit
or the spontancous EPP. Sometimes an EPP is produced
that is about four times the size of the unit EPP and is
referred to as a quadruple (trace 1, Fig. 17A).

By measuring the amplitude of all the evoked EPPs, a
plot can be drawn of the number of times the EPPs of a
given amplitude are observed. Similarly, an amplitude
distribution of the spontancous MEPPs can be made
(e.g., Fig. 16B). As we have already learned, the
spontaneous MEPPs have an average value of approxi-
mately 0.4 mV. The plot of the evoked EPPs produced
in low Ca’" reveals a remarkable finding; namely, there
is a multimodal distribution of sizes (Fig. 17B). There is
a large proportion of EPPs that have an average value of
approximately 0.4 mV, another large percentage that
have an average value of approximately 0.8 mV, and
some that have an average value of approximately
1.2 mV. The critical finding is that the size of the first
peak of the evoked EPP (0.4 mV) is nearly identical to
the size of the spontaneous MEPPs and that subsequent
peaks are multiples of the first.

Based on these observations, Katz and his colleagues
proposed the quantal nature of transmitter release. The
hypothesis was developed at the neuromuscular junc-
tion, but the quantal nature of release appears to be
widely applicable to chemical synapses. Transmitter
release at some synapses may be nonvesicular, however.
According to the quantal hypothesis, the size of the EPP
fluctuates because different numbers of packages
(quanta) of ACh are released with each stimulus. The
smallest EPP is due to the release of a single package of
ACh containing 10* molecules. An EPP twice that size is
due to the release of two packages, and so forth. The
EPP of about 50 mV produced in normal concentrations
of Ca®" is a compound of the individual contributions
of many packages of ACh. Because each package of
ACh produces an amplitude of approximately 0.4 mV,
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the normal EPP is due to the simultaneous release of
more than 100 packages of ACh, each containing 10*
molecules and each quanta producing a potential change
by itself of 0.4 mV. Calcium ions appear to be the
critical step in causing the release of the vesicles. In low
extracellular Ca®", an action potential in the presynaptic
terminal results in a small amount of Ca®" influx and a
small number of vesicles released. When the extracel-
lular Ca®" concentration is high, a large amount of Ca>"
flows into the terminal and causes a larger number of
vesicles to be released (and therefore a larger EPP). The
Ca”" that enters the cell promotes the binding of vesicles
with the inside membrane of the presynaptic terminal to
promote exocytosis (Fig. 18). Considerable progress has

been made in identifying the specific proteins involved in
the docking, fusion, and regulation of vesicular release.

SUMMARY OF THE SEQUENCE OF EVENTS
UNDERLYING SYNAPTIC TRANSMISSION AT
THE SKELETAL NEUROMUSCULAR JUNCTION

As a result of work during the past several decades, a
fairly complete understanding of the sequence of events
underlying synaptic transmission at the skeletal neuro-
muscular junction is available (Fig. 19; see also Table 1).
The resting potential at both the presynaptic terminal of
the motor axon and the postsynaptic muscle cell is due
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FIGURE 18 Exocytosis. Transmitter vesicles caught in the process of excocytosis. The top portion of the
photograph is the presynaptic ending. (Micrograph produced by Dr. John E. Heuser of Washington University

School of Medicine, St. Louis, MO.)
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FIGURE 19  Summary diagram of the membrane channels important for the process of
synaptic transmission at the skeletal neuromuscular junction. Dep, depolarization.

to the high resting K* permeability. At rest, a small
amount of transmitter release occurs because of the
spontaneous release of vesicles (quanta) from the
presynaptic terminal. The spontaneous release is
presumably due to the low basal levels of Ca®" in the
presynaptic terminal. The resultant MEPPs are only
approximately 0.4 mV and are insufficient to trigger an
action potential in the muscle cell. When an action
potential propagates down the motor axon, it eventually
invades the presynaptic terminal. As the action potential
invades the terminal, the terminal is depolarized, and

TABLE 1

that depolarization leads to the opening of voltage-
dependent Ca”* channels. Calcium ions move down
their electrochemical gradient and enter the terminal.
The resultant increase in the intracellular Ca®* concen-
tration leads to the release of 100 or so synaptic vesicles,
each containing 10* molecules of ACh. The released
ACh diffuses across the synaptic cleft and binds to
receptors on the postsynaptic membrane. The binding of
ACh with ACh-sensitive channels causes individual
channels that are normally closed to open in an all-or-
nothing fashion. The chemically gated channels opened

Properties of Action Potentials and Synaptic Potentials at the

Skeletal Neuromuscular Junction

Synaptic potential (End-plate potential)

Action potential

Changes in membrane Initiated by ACh
conductance
Duration, rising
phase (initiation)
Duration, falling phase

increase in gn, and gy
Passive decay; diffusion and

acetylcholinesterase (AChE)

Duration 10-20 msec
Equilibrium potential
Pharmacology
Propagation Propagates with decrement
Other features
or refractory period

Simultaneous chemically gated

Reversal potential close to 0 mV
Blocked by curare; enhanced by neostigmine;
not blocked by tetrodotoxin (TTX)

No evidence for regenerative action

Initiated by depolarization
(the end-plate potential)
Specific voltage-dependent increase in gn,

Specific increase in g, and decrease in gn,

1-3 msec
ENa (455 mV)
Blocked by TTX but not by curare;
not affected by neostigmine
All-or-nothing
Regenerative rise, followed by absolute and
relative refractory periods




112 Synaptic Transmission in the Central Nervous System

by ACh are distinct from the voltage-gated channels
(Na™ and K*) that underlie the action potential in the
axon and skeletal muscle cell. The channel opened by
ACh is equally permeable to Nat and K*, and as a
result the postsynaptic membrane is depolarized. This
postsynaptic potential (the EPP), if sufficiently large (as
it normally is), brings the muscle membrane potential to
threshold. A new potential, the action potential, is
initiated in the muscle cell by the voltage-dependent
changes in Na® and K" permeabilities. The muscle
action potential propagates along the muscle cell
membrane and leads, by a process known as excita-
tion—concentration coupling, to the development of
muscle tension.

SYNAPTIC TRANSMISSION IN THE CENTRAL
NERVOUS SYSTEM

The study of synaptic transmission in the central
nervous system (CNS) is both an opportunity to learn
more about the diversity and richness of mechanisms
underlying this process and an opportunity to learn how
some of the fundamental signaling properties of the
nervous system, such as action potentials and synaptic
potentials, work together to process information and
generate behavior. One of the simplest behaviors
controlled by the central nervous system is the knee-jerk

Extensor
Muscle

or stretch reflex. The tap of a neurologist’s hammer to a
ligament elicits a reflex extension of the leg, illustrated in
Fig. 20. The brief stretch of the ligament is transmitted
to the extensor muscle and is detected by specific
receptors in the muscle and ligament. Action potentials
initiated in the stretch receptors are propagated to the
spinal cord by afferent fibers. The receptors are
specialized regions of sensory neurons with somata
located in the dorsal root ganglia just outside the spinal
column. The axons of the afferents enter the spinal cord
and make at least two types of excitatory synaptic
connections. First, a synaptic connection is made to the
extensor motor neuron. As the result of its synaptic
activation, the motor neuron fires action potentials that
propagate out of the spinal cord and ultimately invade
the terminal regions of the motor axon at neuromus-
cular junctions. There, ACh is released, an EPP is
produced, an action potential is initiated in the muscle
cell, and the muscle cell is contracted, producing the
reflex extension of the leg. Second, a synaptic connec-
tion is made to another group of neurons, interneurons
(nerve cells interposed between one type of neuron and
another). The particular interneurons activated by the
afferents are inhibitory interneurons, because activation
of these interneurons leads to the release of a chemical
transmitter substance that inhibits the flexor motor
neuron. This inhibition tends to prevent an uncoor-
dinated (improper) movement (i.e., flexion) from
occurring.

FIGURE 20  Features of the vertebrate stretch reflex. Stretch of an extensor muscle leads to the initiation of
action potentials in the afferent terminals of specialized stretch receptors. The action potentials propagate to the
spinal cord via afferent fibers (sensory neurons , SN). The afferents make excitatory connections with extensor
motor neurons (E). Action potentials initiated in the extensor motor neuron propagate to the periphery and lead
to the activation and subsequent contraction of the extensor muscle. The afferent fibers also activate interneurons

(I) that inhibit the flexor motor neurons (F).
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Mechanisms for Excitation, Inhibition, and
Integration of Synaptic Potentials

The stretch reflex provides a suitable model system to
study the properties of excitatory and inhibitory synap-
tic transmission in the CNS and to illustrate how these
properties are used to process information and generate
simple behavior. Figure 21A illustrates procedures that
can be used to examine experimentally some of the
components of synaptic transmission in the reflex
pathway for the stretch reflex. Intracellular recordings
are made from one of the sensory neurons, the extensor
and flexor motor neurons, and an inhibitory inter-
neuron. Normally, the sensory neuron is activated by
stretch to the muscle, but this step can be bypassed by
simply injecting a pulse of depolarizing current of
sufficient magnitude into the sensory neuron to elicit
an action potential. The action potential in the sensory
neuron leads to a potential change in the motor neuron
known as an excitatory postsynaptic potential (EPSP)
(Fig. 21B). The potential is excitatory because it
increases the probability of firing an action potential
in the motor neuron; it is postsynaptic because it is a
potential that is recorded on the receptive (postsynaptic)
side of the synapse.

FIGURE 21
(A) Intracellular recordings are made from a sensory neuron (SN), interneuron, and
extensor (E) and flexor (F) motor neurons. (B) An action potential in the sensory neuron
produces a depolarizing response in the motor neuron (MN). This response is called an
excitatory postsynaptic potential (EPSP). (C) An action potential in the interneuron
produces a hyperpolarizing response in the motor neuron. This response is called an
inhibitory postsynaptic potential (IPSP).

Postsynaptic potentials (PSPs) in the CNS can be
divided into two broad classes based on mechanisms
and duration of these potentials. One class arises from
the direct binding of a transmitter molecule with a
receptor—channel complex; these receptors are ionotro-
pic. The resulting PSPs are generally short lasting and
hence are sometimes called fast PSPs; they have also
been referred to as classical because these were the first
synaptic potentials that were recorded in the CNS. Fast
EPSPs also resemble the synaptic potentials at the
neuromuscular junction (i.e., the EPP). One typical
feature of the classical synaptic potentials is their time
course. Recall that the duration of an EPP is about
20 msec. An EPSP, or an inhibitory postsynaptic
potential (IPSP), recorded in a spinal motor neuron is
of approximately the same duration.

The second class of PSPs arises from the indirect
effect of a transmitter molecule binding with a receptor.
For these PSPs, one common coupling mechanism is an
alteration in the level of a second messenger. The
receptors that produce these PSPs are metabotropic. The
responses can be long lasting and are therefore referred
to as slow PSPs. The mechanisms for fast PSPs
mediated by ionotropic receptors will be considered
first.

B EPSP

Extensor MN _/\ |1 mv

SN
20 msec
C. IPSP
Flexor MN _\/ |1 mv
Interneuron

20 msec

Excitatory and inhibitory postsynaptic potentials in spinal motor neurons.
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Postsynaptic Mechanisms Produced by
Ionotropic Receptors

Ionic Mechanisms of EPSPs

Mechanisms responsible for fast EPSPs mediated by
ionotropic receptors in the CNS are fairly well known.
Specifically, for the synapse between the sensory neuron
and the spinal motor neuron, the ionic mechanisms for
the EPSP are essentially identical to the ionic mecha-
nisms at the skeletal neuromuscular junction. Transmit-
ter substance released from the presynaptic terminal of
the sensory neuron diffuses across the synaptic cleft,
binds to specific receptor sites on the postsynaptic
membrane, and leads to a simultaneous increase in per-
meability to Na™ and K, which makes the membrane
potential move toward a value of 0 mV.

Although this mechanism is superficially the same as
that for the neuromuscular junction, two fundamental
differences exist between the process of synaptic trans-
mission at the sensory neuron—motor neuron synapse
and the motor neuron—skeletal muscle synapse. First,
these two different synapses use different transmitters.
The transmitter substance at the neuromuscular junc-
tion is ACh, but the transmitter substance released by
the sensory neurons is an amino acid, probably gluta-
mate. (Although beyond the scope of this chapter, many
different transmitters are used by the nervous system—
up to 50 or more, and the list grows yearly. Thus, to
understand fully the process of synaptic transmission
and the function of synapses in the nervous system, it is
necessary to know the mechanisms for the synthesis,
storage, release, and degradation or uptake, as well as
the different types of receptors for each of the trans-
mitter substances. The clinical implications of deficien-
cies in each of these features for each of 50 transmitters
cannot be ignored. Fortunately, most of the transmitter
substances can be grouped into four basic categories:
ACh, monoamines, amino acids, and the peptides.)

A second major difference between the sensory
neuron—motor neuron synapse and the motor neuron—
muscle synapse is the amplitude of the postsynaptic
potential. Recall that the amplitude of the postsynaptic
potential at the neuromuscular junction was approxi-
mately 50 mV and that a one-to-one relationship existed
between an action potential in the spinal motor neuron
and an action potential in the muscle cell. Indeed,
because the EPP must only depolarize the muscle cell by
approximately 30 mV to initiate an action potential,
there is a safety factor of 20 mV. In contrast, the EPSP
in a spinal motor neuron produced by an action
potential in an afferent fiber has an amplitude of
only 1 mV.

The small amplitude of the EPSP in spinal motor
neurons (and other cells in the CNS) poses an interesting

question. Specifically, how can an ESP with an ampli-
tude of only 1 mV drive the membrane potential of the
motor neuron (i.e., the postsynaptic neuron) to thresh-
old and fire the spike in the motor neuron that is
necessary to produce the contraction of the muscle? The
answer to this question lies in the principles of temporal
and spatial summation.

Temporal and Spatial Summation

When the ligament is stretched (see Fig. 20), many
stretch receptors are activated. Indeed, the greater the
stretch, the greater the probability of activating a larger
number of the stretch receptors present; this process is
referred to as recruitment. Activation of multiple stretch
receptors is not the complete story, however. Recall the
principle of frequency coding in the nervous system (see
Chapter 4). Specifically, the greater the intensity of a
stimulus, the greater the number per unit time or
frequency of action potentials elicited in a sensory
receptor. This principle applies to stretch receptors as
well. Thus, the greater the stretch, the greater the
number of action potentials elicited in the stretch
receptor in a given interval and, therefore, the greater
the number of EPSPs produced in the motor neuron
from that train of action potentials in the sensory cell.
Consequently, the effects of activating multiple stretch
receptors add together (spatial summation), as do the
effects of multiple EPSPs elicited by activation of a
single stretch receptor (temporal summation). Both
these processes act in concert to depolarize the motor
neuron sufficiently to elicit one or more action poten-
tials, which then propagate to the periphery and
produce the reflex.

Temporal Summation. Temporal summation can be
illustrated by considering the case of firing action
potentials in a presynaptic neuron and monitoring the
resultant EPSPs. For example, in Fig. 22A and B, a
single action potential in SN1 produces a 1-mV EPSP in
the motor neuron. Two action potentials in quick
succession produce two EPSPs, but note that the
second EPSP occurs during the falling phase of the
first, and the depolarization associated with the second
EPSP adds to the depolarization produced by the first.
Thus, two action potentials produce a summated
potential that is 2 mV in amplitude. Three action
potentials in quick succession would produce a
summated potential of 3 mV. In principle, 30 action
potentials in quick succession would produce a potential
of 30 mV and easily drive the cell to threshold. This
summation is strictly a passive property of the cell. No
special ionic conductance mechanisms are necessary.

A thermal analog is helpful to understand temporal
summation. Consider a metal rod that has thermal
properties similar to the passive electrical properties of
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FIGURE 22  Temporal and spatial summation. (A) Intracellular
recordings are made from the two sensory neurons (SN1 and SN2) and
a motor neuron (MN). (B) Temporal summation; a single action
potential in SN1 produces a 1-mV EPSP in the MN. Two action
potentials in quick succession produce a dual-component EPSP, the
peak amplitude of which is approximately 2 mV. (C) Spatial
summation; alternative firing of single action potentials in SNI1 and
SN2 produce 1-mV EPSPs in the MN. Simultaneous action potentials
in SN1 and SN2 produce a summated EPSP, the amplitude of which is
approximately 2 mV.

a dendrite and the flame of a cigarette lighter that will
generate heat equivalent to a depolarization generated
by a synaptic current at the synapse. Now consider the
consequences of presenting the flame to one end of
the rod on the temperature measured in the middle of
the rod. Obviously, a temperature change would be
produced; assume, for the sake of the example, that the
temperature change is 1°C. If the flame is presented
twice in quick succession, a greater temperature change
would be recorded, because the heat generated would
produce temperature changes that would summate
because of the passive properties (heat capacity) of the
rod. If the two flames were presented in quick succes-
sion, a temperature change of 2°C would be produced. If
a long time elapses between the presentation of the two

flames, there would be little or no summation, because
the initial 1°C increase in temperature would have
dissipated. Similarly, potentials in dendrites summate
because of the passive properties of the nerve cell
membrane. Specifically, the membrane has a capaci-
tance and can store charge. Thus, the membrane can
temporarily store the charge of the first EPSP, and the
charge from the second EPSP can be added to that of
the first.

Spatial Summation. Spatial summation (Fig. 22C)
involves a consideration of more than one input to a
postsynaptic neuron. An action potential in SNI
produces a 1-mV EPSP, just as it did in Fig. 22B.
Similarly, an action potential in a second sensory neuron
(SN2) by itself also produces a I-mV EPSP. Now,
consider the consequences of action potentials elicited
simultaneously in SN1 and in SN2. The net EPSP
is equal to the summation of the amplitudes of the
individual EPSPs. Here the EPSP from SN1 is 1 mV, the
EPSP from SN2 is 1 mV, and the summated EPSP is
2 mV (Fig. 22C). Thus, spatial summation is a mecha-
nism by which synaptic potentials generated at different
sites can summate. Spatial summation in nerve cells
is determined by the space constant, which is the ability
of a potential change produced in one region of a
cell to spread passively to other regions of a cell (see
Chapter 5).

Again, a thermal analog is useful to help understand
this phenomenon. Consider the metal rod as an analogy
for a dendrite. As before, temperature is recorded in the
middle, but now heat sources can be delivered to either
end separately or both ends at the same time. A flame
presented to only one end of the metal rod produces a
1°C increase in temperature at the middle of the metal
rod; if a flame is presented simultaneously to each end of
the metal rod, a 2°C increase in temperature is
produced. The temperature changes induced by the
two flames presented simultaneously will summate
because of the ability of heat to spread passively along
the rod.

In summary, whether a neuron fires in response to
synaptic input is dependent, at least in part, on how
many action potentials are produced in any one
presynaptic excitatory pathway, as well as how many
individual convergent excitatory input pathways are
activated. The final behavior of the cell is also due to the
summation of other kinds of synaptic inputs—specifi-
cally, inhibitory synaptic inputs.

Inhibitory Postsynaptic Potentials

Some synaptic events decrease the probability of
generating spikes in the postsynaptic cell. Potentials
produced as a result of these events are called inhibitory
postsynaptic potentials (IPSPs). Consider the inhibitory
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interneuron illustrated in Fig. 21C. Normally, this
interneuron would be activated by summating EPSPs
from converging afferent fibers. These EPSPs would
summate in space and time such that the membrane
potential of the interneuron would reach threshold and
fire an action potential. This step can be bypassed by
artificially depolarizing the interneuron to initiate an
action potential. The consequences of that action
potential from the point of view of flexor motor neurons
are illustrated in Fig. 21C. The action potential in the
interneuron produces a transient increase in the
membrane potential of the motor neuron. This transient
hyperpolarization (the IPSP) looks very much like the
EPSP, but it is reversed in sign.

What are the ionic mechanisms for these fast IPSPs
and what is the transmitter substance? Because the
membrane potential of the flexor motor neuron is
approximately —65 mV, one might expect an increase in
the conductance to some ion (or ions) with an equilib-
rium potential (reversal potential) more negative than
—65 mV. One possibility is K*; indeed, the K*
equilibrium potential in spinal motor neurons is
approximately —80 mV. A transmitter substance that
produced a selective increase in K™ conductance would
lead to an IPSP. The K*-conductance increase would
move the membrane potential from —65 mV toward the
K™ equilibrium potential of —80 mV. Although an
increase in K+ conductance mediates IPSPs at some
inhibitory synapses, it does not do so at the synapse
between the inhibitory interneuron and the spinal motor
neuron. At this particular synapse, the IPSP seems to
be due to a selective increase in Cl- conductance.
The equilibrium potential for CI” in spinal motor
neurons is approximately —70 mV. Thus, the transmit-
ter substance released by the inhibitory neuron diffuses
across the cleft and interacts with receptor sites on the
postsynaptic membrane. These receptors are coupled to
a special class of receptor channels that are normally
closed, but when opened they become selectively perme-
able to CI”. As a result of the increase in CI™
conductance, the membrane potential moves from a
resting value of —65 mV toward the Cl™ equilibrium
potential of —70 mV.

Like the case of the sensory neuron—spinal motor
synapse, the transmitter substance released by the
inhibitory interneuron in the spinal cord is an amino
acid, but in this case the transmitter is glycine. Indeed,
glycine is used frequently in the CNS as an inhibitory
transmitter, most often in the spinal cord. The most
common transmitter associated with inhibitory actions
in many areas of the brain is gamma aminobutyric acid
(GABA). The agents bicuculline and picrotoxin are
specific blockers of the actions of GABA. Strychnine is
a specific blocker of the actions of glycine.

General Features of lonotropic-Mediated PSPs and the
Molecular Biology of the Receptor—Channel Complexes

The general features of ionotropic receptors in the
CNS are similar to those of the ligand-gated ACh
receptor-channel found in the skeletal muscle. In
particular, ionotropic receptors in the CNS for ACh,
glycine, and GABA are made up of multiple subunits
(usually a pentameric structure), with each of the
subunits having four membrane-spanning regions (see
Fig. 12).

Neuronal nicotinic ACh receptors and GABA recep-
tors have been particularly well characterized. Unlike
the skeletal muscle ACh receptor, which is made up of
four types of subunits («, 8, 8, and ¢ or y), the neuronal
ACh receptor is made up of only two types of subunits
(o and B). A considerable diversity of channel properties
is possible, however, because there are at least eight
different o subunits and three different B subunits.
Indeed, it has been estimated that the combinatorial
possibilities could result in more than 4000 different
types of receptors. The ionotropic GABA receptor
(called GABA ) are generally comprised of a combina-
tion of three different subunits, «, B, and y, in a
stoichiometry of 2w2B1ly. Each subunit type has
multiple isoforms; therefore, the considerable diversity
of GABA 4 receptors observed in vivo appears to be due
to the various stoichiometric combinations of different
subunit isoforms.

Glutamate is the predominant transmitter with
excitatory actions in the CNS, and in recent years
insights into the structural characteristics of its receptors
have been obtained. Like many other ion channels,
ionotropic glutamate receptors are homo- or hetero-
multimeric proteins consisting of four subunits. Each
subunit consists of an extracellular amino-terminal
domain, three transmembrane domains, a re-entrant
loop that forms the channel pore, and a cytoplasmic
carboxy terminal. Although the structure of the full-
length channel has not yet been resolved, the crystal
structure of the amino-terminal ligand-binding region
has been resolved and conformational changes associ-
ated with ligand binding have been identified. However,
the mechanisms by which ligand binding drives channel
opening are not fully understood. Ionotropic glutamate
receptors can be divided into two broad classes based on
their sensitivity to the agonist N-methyl-p-aspartate
(NMDA) and are referred to as NMDA and non-
NMDA receptors. Both types are located throughout
the nervous system, but their relative abundance differs.
Non-NMDA glutamate receptors have the functional
properties described previously for fast ionotropic-
mediated synaptic actions at the sensory neuron—motor
neuron synapses (e.g., Fig. 21B). Specifically, as a result
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FIGURE 23  Features of non-NMDA and NMDA glutamate receptors. (A) Non-
NMDA receptors: (A1) In the absence of agonist, the channel is closed; (A2) glutamate
binding leads to channel opening and an increase in Nat and K™ permeability, which
depolarizes the cell to produce an EPSP. (B) NMDA: (B2) The presence of agonist leads
to a conformational change and channel opening, but no ionic flux occurs because the
pore of the channel is blocked by Mg®*: (B3) in the presence of depolarization, the Mg>*
block is removed and the agonist-induced opening of the channel leads to changes in ion

flux (including Ca®* influx into the cell).

of glutamate binding, a channel opens that is highly
permeable to both Na™ and K* (Fig. 23A). The agent
a-amino-3-hydroxy-5-methylisoxazol-4-propinoic  acid
(AMPA) is a specific agonist of non-NMDA receptors.
Inhibitors of non-NMDA receptors include the
quinoxaline derivatives 6-cyano-7-nitroquinoxaline-2,3-
dione (CNQX) and 1,2,3,4-tetrahydro-6-nitro-2,3,-
dioxo-benzo[f Jquinoxaline-7-sulfonamide (NBQX).

The NMDA glutamate receptors differ from non-
NMDA receptors in four ways. First, they are selectively
blocked by the agent 2-amino-5-phosphonovalerate
(APV). Second, they have a high permeability to Ca®"
as well as Na* and K*. Third, at normal values of the
resting potential, the pore of the channel is blocked by
Mg®*. Thus, even if glutamate binds to the receptor,
there will be no ionic flow (and no EPSP) because the
channel is blocked. The block can be relieved by
depolarization, which presumably displaces the Mg>"
from the pore (Fig. 23B). A fourth and final difference
between non-NMDA and NMDA channels is a glycine-
binding site on the NMDA channel. Glycine must
be present for NMDA receptors to function. The

physiologic role of this binding in regulating the channel
is unclear, however. Basal levels of glycine in the vicinity
of cells with NMDA receptors seem to be sufficiently
high to maintain function of the NMDA receptor.
Several of these unique features of the NMDA channel
have important physiologic consequences. First, activa-
tion of the NMDA receptor results in more than a
simple EPSP. The influx of calcium associated with the
channel opening can induce a cascade of biochemical
reactions, including activation of Ca*"-dependent phos-
phatases, kinases, and proteases. Second, the dual
regulation of the channel by glutamate and voltage
(depolarization) allows other synaptic inputs through
electrotonic propagation and spatial summation to
profoundly regulate the ability of an NMDA-mediated
synaptic input to affect a postsynaptic cell.

Slow Synaptic Potentials Produced by
Metabotropic Receptors

A common feature of the types of synaptic actions
described above is the direct binding of the transmitter
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with the receptor—channel complex. An entirely separate
class of synaptic actions is due to the indirect coupling
of the receptor with the channel. So far, two types of
coupling mechanisms have been identified. These
include a coupling of the receptor and channel through
an intermediate regulatory protein or coupling through
a diffusible second messenger system. Receptors that
activate the latter mechanism are called metabotropic,
because they involve changes in the metabolism of
second messengers or other compounds such as ATP
and phospolipids. Because they are the most common,
attention will be focused on the responses mediated by
metabotropic receptors.

A comparison of the features of direct, fast iono-
tropic- and indirect, slow metabotropic-mediated synap-
tic potentials is shown in Fig. 24. Slow synaptic

B1 Fast EPSP

Post —/f —

Neuron 1

20 msec
B2 Slow EPSP

Post I\

Neuron 2

20 sec

FIGURE 24  Fast and slow synaptic potentials. (A) Two neurons
(1 and 2) make synaptic connections with a common postsynaptic
follower cell (Post). (B1) An action potential in neuron 1 leads to a
conventional fast EPSP with a duration of about 30 msec. (B2) An
action potential in neuron 2 also produces an EPSP in the postsynaptic
cell, but the duration of this slow EPSP is more than three orders of
magnitude greater than that of the EPSP produced by neuron 1. Note
the change in calibration bar.

potentials are not observed at every postsynaptic
neuron, but Fig. 24A illustrates an idealized case in
which a postsynaptic neuron receives two inputs, one
that produces a conventional fast EPSP and the other
that produces a slow EPSP. An action potential in
neuron 1 leads to an EPSP in the postsynaptic cell whose
duration is approximately 30 msec (Fig. 24B1). This is
the type of potential that might be produced in a spinal
motor neuron by an action potential in an afferent fiber.
Neuron 2 also produces a postsynaptic potential (Fig.
24B2), but its duration (note the calibration bar) is more
than three orders of magnitude longer than that of the
EPSP produced by neuron 1.

How can a change in the postsynaptic potential of a
neuron persist for many minutes as a result of a single
action potential in the presynaptic neuron? Possible
answers to this question include a prolonged presence of
the transmitter due to continuous release, slow degrada-
tion, or slow re-uptake of the transmitter; but the
mechanism here involves a transmitter-induced change
in metabolism of the postsynaptic cell. Figure 25
compares the general mechanisms for fast and slow
synaptic potentials. Fast synaptic potentials are
produced when a transmitter substance binds to a
channel and produces a conformational change in the
channel, causing it to become permeable to one or more
ions (both Nat and K™ in Fig. 25A). The increase in
permeability leads to a depolarization associated with
the EPSP (Fig. 25A3). The duration of the synaptic
event is critically dependent on the amount of time the
transmitter substance remains bound to the receptors.
The transmitters that have already been mentioned
(ACh, glutamate, and glycine) remain bound for only
a very short period of time. These transmitters are
either removed by diffusion, enzymatic breakdown, or
re-uptake into the presynaptic cell; therefore, the
channel closes rapidly.

One mechanism for a slow synaptic potential is
shown in Fig. 25B. In contrast to the fast PSP for
which the receptors are actually part of the ion—chan-
nel complex, the channels that produce the slow
synaptic potentials are not directly coupled to the
transmitter receptors. Rather, the receptors are physi-
cally separated and exert their actions indirectly
through changes in the metabolism of specific second
messenger systems. Figure 25B illustrates one type of
response that involves the cyclic adenosine monophos-
phate (cAMP)-protein kinase A system, but other
slow PSPs use other second messenger—kinase systems
(e.g., the protein kinase C system). In the case of
cAMP-dependent slow synaptic responses, transmitter
binding to membrane receptors activates G proteins
and stimulates an increase in the synthesis of
cAMP. Cyclic AMP then leads to the activation of
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FIGURE 25 (A) Ionotropic receptors and mechanisms of fast EPSPs: (A1) Fast EPSPs are produced by the
binding of transmitter to specialized receptors that are directly associated with an ion channel (i.e., a ligand-gated
channel); when the receptors are unbound, the channel is closed. (A2) Binding of transmitter to the receptor
produces a conformational change in the channel protein such that the channel opens. In this example, the
channel opening is associated with a selective increase in the permeability to Na™ and K*. The increase in
permeability results in the EPSP shown in A3. The duration of the EPSP is directly related to the time that the
transmitter remains bound to the receptor. (B) Metabotropic receptors and mechanisms of slow EPSPs; unlike
fast EPSPs that are due to the binding of a transmitter with a receptor—channel complex, slow EPSPs involve the
activation of receptors (metabotropic) that are not directly coupled to the channel. Rather, the coupling takes
place through the activation of one of several second-messenger cascades (in this example, the cAMP cascade).
Binding (B) of the transmitter to the receptor leads to activation of a G protein (G) and adenylyl cyclase (AC).
The synthesis of cAMP is increased, cAMP-dependent protein kinase (PKA) is activated, and a channel protein is
phosphorylated. The phosphorylation leads to closure of the channel; the subsequent depolarization associated
with the slow EPSP is shown in panel B3. The decay of the response is due to both the breakdown of cAMP by
cAMP-dependent phosphodiesterase and the removal of phosphate from channel proteins by protein
phosphatases (not shown).
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cAMP-dependent protein kinase, protein kinase A
(PKA), which phosphorylates a channel protein or
protein associated with the channel. A conformational
change in the channel is produced which then leads to
a change in ionic conductance. Thus, in contrast to a
direct conformational change produced by the binding
of a receptor to the receptor—channel complex, in this
case a conformational change is produced by protein
phosphorylation. Indeed, phosphorylation-dependent

channel regulation is one of the general features of
slow PSPs.

Another interesting feature of slow synaptic
responses is that they are sometimes associated with
decreases rather than increases in membrane conduc-
tances. For example, the particular channel illustrated in
Fig. 25 is selectively permeable to K™ and is normally
open. As a result of the activation of the second
messenger, the channel closes and becomes less

Myasthenia Gravis

Myasthenia gravis is a debilitating neuromuscular
disease associated with weakness and fatigability
of skeletal muscle. The condition is aggravated by
exercise. The muscular weakness and fatigability
are in turn associated with EPPs that are smaller
in amplitude than normal. Recall that there is
generally a one-to-one relationship between an
action potential in a motor axon and an action
potential in the skeletal muscle cell. This is so
because the EPP is normally quite large (50 mV in
amplitude). As a result, an EPP in a muscle cell
with a resting potential of approximately —80 mV
is always capable of depolarizing the muscle cell
past threshold (approximately —50 mV) and
initiating a skeletal muscle action potential.
Note that to reach threshold, an EPP need only
have an amplitude of 30 mV (e.g., —80 mV + 30
mV = —50 mV). Thus, there is normally a safety
factor of approximately 20 mV. In myasthenia
gravis, the EPP is smaller and there is less of a
safety factor. In severe cases, the EPP is so small
that it fails to reach threshold, and no muscular
contraction is produced.

The fatigability associated with myasthenia
gravis is explained by the tendency for transmitter
release to depress with repeated activation of a
motor neuron. Such depression may be due to
depletion of the pool of synaptic vesicles in the
presynaptic terminal. In normal healthy adults,
depression of transmitter release is of little
consequence because the safety factor is so
large. For example, the one-to-one relationship
between motor neuron activation and skeletal
muscle contraction can be maintained even if the
EPP is reduced from an amplitude of 50 mV to an
amplitude of 30 mV. In patients with myasthenia
gravis, however, the EPP is already reduced. As a
result, when the motor neuron is repeatedly

Clinical Note

activated and transmitter release is depressed,
the EPP becomes subthreshold and fails to elicit
an action potential in the muscle cell. Thus,
whereas initial motor responses in myasthenic
patients may be relatively normal, they fatigue
rapidly as the EPP falls below threshold.

At the molecular level it is now known that the
reduction of the EPP in patients with myasthenia
gravis is due to reduction in the number of ACh
receptors in the postjunctional membrane.
Because of a reduced number of receptors, the
postsynaptic permeability changes and the EPP
are smaller. Current evidence indicates that the
reduction of ACh receptors is due to an auto-
immune response to the ACh receptor.

There is no known cure for myasthenia gravis.
A common treatment, however, is the use of
neostigmine. Neostigmine, by blocking the
actions of AChE, makes more ACh available to
bind with postjunctional ACh receptors and thus
partially compensates for the reduced number of
receptors in the myasthenic patient.

Tetany

Tetany is a pathologic condition accompanying
hypocalcemia (low extracellular Ca”") that is
associated with hyperexcitability of nerve and
muscle cells. We have just learned that low Ca*"
tends to reduce chemical transmitter release, but
low Ca*" also has an effect on the postsynaptic
cells as well (in this case, the muscle cell).
Lowering the Ca”’" concentration tends to
reduce the threshold for initiating action poten-
tials. The combined effect of low Ca*" is to make
the membrane of the muscle cell easier to
depolarize and thus better able to initiate action
potentials, despite the decreased chemical trans-
mitter release.
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permeable to K. The resultant depolarization may
seem paradoxical, but recall that the membrane poten-
tial is due to a balance of the resting K™ and Na™
permeabilities. The K permeability tends to move the
membrane potential toward the K* equilibrium poten-
tial (—80 mV), whereas the Na™ permeability tends to
move the membrane potential toward the Na™ equilib-
rium potential (455 mV). Normally, the K+ perme-
ability predominates and the resting membrane
potential is close to, but not equal to, the K7
equilibrium potential. If K permeability is decreased
because some of the channels close, the membrane
potential will be biased toward the Na™ equilibrium
potential and the cell will depolarize.

At least one reason for the long duration of slow PSPs
is that second messenger systems are slow (second to
minutes). Take the cAMP cascade as an example. Cyclic
AMP takes some time to be synthesized but, more
importantly, cCAMP levels can remain elevated for a
relatively long period of time (minutes) after synthesis.
The duration of the elevation of cAMP depends on the
actions of cAMP-phosphodiesterase, which breaks down
cAMP. The duration of an effect could even outlast the
duration of the change in the second messenger because
of persistent phosphorylation of the substrate protein(s).
Phosphate groups are removed from the substrate
proteins by protein phosphatases. Thus, the net duration
of a response initiated by a metabotropic receptor is
dependent upon the actions of not only the synthetic and
phosphorylation processes, but also the degradative and
dephosphorylation processes.

The activation of a second messenger by a transmitter
can have a localized effect on membrane potential
through phosphorylation of membrane channels near
the site of synthesis. The effects can be more widespread
and even longer lasting than depicted in Fig. 25,
however. For example, second messengers and protein
kinases can diffuse and affect more distant membrane
channels. Moreover, a long-term effect can be induced
in the cell by altering gene expression. For example,
PKA can diffuse to the nucleus, where it can activate
proteins (e.g., transcription factors) that regulate gene
expression.
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KEY POINTS

Actin and myosin, arranged in thin and thick
filaments respectively, are the main contractile
proteins in muscle.

Myosin crossbridges interact with actin during
contraction to effect sliding of thick and thin
filaments over one another, thus effecting force
development and muscle cell shortening.
Contractions are initiated by increases in calcium
that occur in response to action potentials.
Skeletal muscle action potentials are initiated
by sudden increases in sodium permeability of
the sarcolemma.

Cardiac muscle action potentials are initiated
by sudden increases in sodium permeability
followed by slower and longer lasting increases
in calcium permeability of the sarcolemma.
The force of muscle contraction in vitrois a func-
tion of muscle length before stimulation. The
velocity of shortening is a function of the after-
load against which the muscle is contracting.

¢ The force and velocity of contraction of skeletal

muscle in vivo are regulated by recruitment

of muscle fibers and by alterations in the
frequency of stimulation of those fibers.

The force and velocity of cardiac muscle

contraction in vivo depend on length; in

addition, force and velocity at any given
length and afterload can vary due to changes
in contractility.

e ATP is used to fuel crossbridge cycling, calcium
re-uptake, and the maintenance of ionic gradi-
ents across the sarcolemma. The rate of ATP
use is highest in fast-twitch skeletal muscle,
lower in slow-twitch skeletal and cardiac
muscle, and lowest in smooth muscle.

e ATP is generated by both glycolysis (in most
fast-twitch muscle cells) and oxidative phos-
phorylation (in most slow-twitch and cardiac
muscle cells).
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123

Copyright © 2004, Elsevier Science (USA)
All rights reserved.




124 Basic Contractile Unit of Muscle

FIGURE 1

(Left) The attachment of a skeletal muscle. Contractions of the muscle result in

movement of the arm, thus lifting the weight. (Center) Relaxation of cardiac muscle (top) allows
the heart to fill with blood. Contraction of cardiac muscle (bottom) reduces the size of the
ventricals, thus expelling blood into the pulmonary artery and the aorta. (Right) A small artery
whose wall is comprised mostly of smooth muscle. Relaxation (top) and contraction (bottom) of
the muscle increases and decreases, respectively, the diameter of the artery, thus altering the

resistance to blood flow.

Many cells can change shape and/or move about. For
example, intestinal and renal epithelial cells have
microvilli that contract, perhaps to mix lumenal
contents, and white blood cells can move between
capillary endothelial cells and into tissues to combat
invading organisms. However, for some cells, the ability
to change shape is developed to a high degree. These
cells are arranged such that their contractions result in
the movement of attached structures (e.g., the skeleton)
or in a change in shape of the structure they in part
comprise (e.g., the heart, and arteries) (Fig. 1). These
cells are muscle cells, and in humans such cells compose
50 to 70% of the lean body mass.

Muscle cells can be classified on the basis of
structure, location, and function. All muscle cells can
be divided into two groups—striated and smooth—
based on their microscopic structure (see below). On the
basis of location, striated muscle can be divided into
three subgroups—skeletal, cardiac, and visceral—
whereas smooth muscle can be divided into many
subgroups (e.g., arterial, intestinal, uterine). Functional
classifications of muscle cells are based on contractile
behavior (e.g., fast twitch or slow twitch, tonic or
phasic, unitary or multiunit) and biochemical activities
(e.g., oxidative or glycolytic).

BASIC CONTRACTILE UNIT OF MUSCLE

In perhaps no other cell type is function explained so
well by structure and biochemical interactions as it is in
muscle cells. Contraction of muscle cells is associated
both qualitatively and quantitatively with specific struc-
tural arrangements of specific proteins. Actin and
myosin are proteins that form the basic structural

characteristic of muscle and are arranged in filaments—
actin in thin filaments and myosin in thick filaments
(Fig. 2). Each actin molecule (G-actin or globular actin)
is a globular protein with a molecular weight of
approximately 45,000 Da. In the thin filaments, the
monomers are polymerized together like two strands of

Myosin
Heavy chains
Light 27"« _
chains Y )
N N . o ,/ )
ce ; ‘j!'ropomyosin Troponin . -~ -

i \ -
> ! \ -7

I—\ — ’1 I
F R bR
/ 7

Zz Thick filaments P 7
Disk Thin filaments Disk
A band | band
N— —— g
Sarcomere

FIGURE 2 Longitudinal view of the organization of contractile
proteins into myofilaments and of myofilaments into a sarcomere. The
proteins actin and myosin comprise the major portions of the thin and
thick filaments, respectively. Thin filaments project outward from both
sides of the Z disks. Thick filaments lie between and overlap with thin
filaments from two adjacent Z disks. Regions of overlap appear darker
when viewed microscopically; thus, this region is referred to as the
anisotropic or A band. Regions that contain only thin filaments appear
lighter and are referred to as isotropic or I bands. The structure from
one Z disk to another is a sarcomere and is the basic contractile unit of
striated muscle. G, globular; F, filamentous.
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pearls that are twisted in an alpha helix to form F-actin
(filamentous). Each myosin molecule comprises six
monomers: two proteins, each with a globular head
and a filamentous tail (the myosin heavy chain) and
each with a molecular weight of approximately 200,000
Da, and four smaller, globular proteins (the myosin light
chains), each with molecular weights of 17,000 to 24,000
Da. The light chains associate with the globular heads of
the heavy chains by ionic bonds and Van der Waals
forces. Large portions of the tail segments from many
heavy chains interact with one another to form the
backbone of the thick filament. Part of their tails and
the globular heads protrude from the backbone to form
structures called crossbridges.

Actin and myosin are found in all muscle cells.
However, each protein monomer exists in multiple
isoforms that are present in different proportions,
depending on the particular type of muscle cell (e.g.,
striated or smooth, skeletal or cardiac, fast twitch or
slow twitch) and on its stage of development (e.g.,
embryonic or adult). The functional consequences of
some of the isoforms are discussed below.

The way in which the thick and thin filaments are
arranged within the cells defines in large part the two
main types of muscle: striated and smooth. In striated
muscle, the thick and thin filaments are very ordered in
their anatomic arrangement within the cell. Thin
filaments extend in opposite directions from protein
structures called Z disks. In relaxed muscle, the thin
filaments from two opposing Z disks extend toward
each other but do not touch or overlap. Bridging the gap
between the thin filaments, and overlapping with them,
are the thick filaments. This arrangement—Z disk, thin
filament, thick filament, thin filament, Z disk—defines
the functional unit called a sarcomere (see Fig. 2). In
striated muscle, sarcomeres are arranged in transverse
registry, thus accounting for the characteristic banding
pattern or striations. As shown in Fig. 2, the sarcomere
can be characterized in minute detail. This fine structure
was discovered long before the mechanisms responsible
for the shortening were elucidated, thus accounting
for the descriptive terminology used to describe the
sarcomere.

Sarcomeres not only have ordered structure when
viewed in the longitudinal axis, but they also exhibit
symmetry when viewed in cross section (Fig. 3). Each
thick filament is surrounded by six thin filaments in a
pattern that is repeated such that there are two thin
filaments for every thick filament (each thin filament
interacts with three thick filaments). Also, the cross-
bridges are arranged around the thick filament, sepa-
rated by angles of 60°, in such a way that they can
associate with the actin monomers in the thin filaments.
In smooth muscle, thick and thin filaments are present,
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FIGURE 3  Longitudinal and cross-sectional views of the thick and
thin filaments. The cross section was made in a region of overlap of the
filaments. The crossbridges extend from the thick filaments toward the
thin filament. Each thick filament is surrounded by six thin filaments,

and each thin filament interacts with crossbridges from three thick
filaments.

but they have no such structured arrangement and, thus,
give a homogeneous appearance under the microscope
(see Chapter 8).

The specific way in which the proteins actin and
myosin are arranged gives muscle cells the ability to
shorten. When striated muscles contract, crossbridges
from the thick filaments attach to specific regions on
the actin molecules (Fig. 4). The crossbridge heads then
change angles, causing the thick and the thin filaments
to slide over one another. The crossbridges then
release, and their angles assume the resting positions.
They now are ready to attach to a different actin
molecule, thus repeating the cycle until the stimulus to
contract ceases. Because two opposing sets of thin
filaments are associated with a single set of thick
filaments, filament sliding results in movement of the Z
disks toward one another without either the thick
or the thin filaments changing length. Also, because the
Z disks and the thin filaments are linked with other
cytoskeletal elements, movement of the Z disks
toward one another results in shortening of the
muscle cell.

BIOCHEMICAL INTERACTIONS OF ACTIN
AND MYOSIN

The myosin molecule is an adenosine triphosphatase
(ATPase), and adenosine triphosphate (ATP) is required
for crossbridge cycling in intact muscle. Thus, muscle
contraction requires energy expenditure. Actin and
myosin can be extracted and purified. If purified striated
muscle myosin is dissolved under the ionic conditions
found in muscle cells, it exhibits a low level of ATPase
activity. Upon addition of striated muscle actin,
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FIGURE 4  The events during a crossbridge cycle. First, activated
crossbridges attach to binding sites on the actin (attachment). Then, the
crossbridge heads tilt due to conformational changes. This tilt causes
movement of the thin filaments and the Z disks. The crossbridges then
release. Finally, the crossbridges are reactivated to assume the position
conducive for attaching to actin (conformational changes). If
cystosolic calcium levels are still high, the cycle will repeat. ATP
hydrolysis during a crossbridge cycle: The activated crossbridges that
attach to actin (attachment) contain bound adenosine diphosphate—
inorganic phosphate (4DP-Pi). Binding to actin results in release of
the ADP-Pi products and conformational changes in the crossbridge
heads. ATP binding to the attached crossbridge is necessary to
disassociate the crossbridge from the actin (release). Once disasso-
ciated, ATP is hydrolyzed, but the products are not released. This
induces conformational changes to produce activated crossbridges.

however, the ATPase activity increases dramatically. In
the cell, the cycling of the myosin crossbridge with actin
also results in the splitting of ATP. As depicted in Fig. 4,
this splitting takes place in several steps. Upon activa-
tion of the muscle, (1) the charged myosin crossbridges
present in resting muscle bind to the actin molecules; (2)
the crossbridges undergo a conformational change to
slide the thick and thin filaments over one another,
which also results in the loss of adenosine diphosphate
(ADP) from the myosin heads; (3) ATP binds with the
actin—-myosin complexes to bring about a dissociation;
and (4) ATP is hydrolyzed to bring the crossbridges to
their original charged conformation. Because ATP is
required for the dissociation of actin and myosin,

a depletion of ATP results in muscle stiffness, not
relaxation. This is the cause of the rigor that is seen
shortly after death.

Because purified striated muscle actin and myosin are
always ready to interact to hydrolyze the ever-present
ATP and to cause contraction, regulatory mechanisms
must exist to ensure that muscle will contract only when
excited. Tropomyosin and troponin are two protein—
protein complexes located on the thin filament that
mediate the regulation (see Fig. 2). Tropomyosin is a
filamentous protein that lies close to the groove between
the two strands of actin. Troponin is a complex of
three globular proteins—troponin T, troponin I, and
troponin C. This complex is bound to tropomyosin
periodically along the thin filament. The tropomyosin—
troponin complex interferes with the interaction of the
myosin crossbridges with actin. In the resting muscle,
the crossbridge binding sites on the actin molecules
are protected. When the muscle is stimulated to
contract, a conformational change in the thin filament
uncovers the binding sites, and crossbridge cycling takes
place. The conformational change comes about because
of the interaction of calcium with troponin C of the
tropomyosin—troponin complex.

PIVOTAL ROLE OF CALCIUM

Whether a muscle is contracting or relaxed depends
on the level of cytosolic calcium available to interact
with the regulatory proteins. In relaxed muscle, the level
of free cytosolic calcium (calcium that is not bound to
other structures such as sarcoplasmic reticulum, mito-
chondria, or nuclei) is low (<10~7 M). Upon stimula-
tion of the muscle, the calcium level increases into
micromolar or higher ranges to initiate contraction. In
striated muscle, calcium binds directly to troponin C of
the tropomyosin—troponin complex to bring about a
conformational change in the complex. Once the
stimulus for muscle contraction ceases, free calcium
levels decrease and calcium dissociates from the regula-
tory proteins. The muscle then relaxes. The relation
between free calcium levels and contraction force is
complex and indicates cooperation among the contrac-
tile proteins once calcium binds to troponin to initiate
contraction.

Free ionic calcium is the mediator between the events
of the cell membrane that indicate excitation and the
protein interactions that result in contraction. Thus, the
events that describe calcium movements in muscle cells
often are referred to as excitation—contraction (E-C)
coupling. E—-C coupling differs among the various types
of muscles; similar to the contractile process, it is closely
linked to structure.
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FIGURE 5  Sarcoplasmic reticulum (SR) in skeletal muscle. The SR
consists of two components. The terminal cisternae serve as reservoirs
of calcium during relaxation. Upon stimulation, Ca®* is released to
interact with the troponin complex. Once released, Ca>* is avidly taken
up by the second component, the longitudinal SR. Uptake is mediated
by a calcium ATPase.

E-C Coupling in Skeletal Muscle

In relaxed skeletal muscle, all the calcium that
normally takes part in E-C coupling is stored inside
the cell in the sarcoplasmic reticulum (SR) (Fig. 5). As
might be expected, the SR of these cells is highly
developed and extensive. Structurally, it is of two types:
the longitudinal SR, which runs parallel to the thick and
thin filaments, and the terminal cisternae, which form
large pouch-like structures at each end of the long-
itudinal SR. Functionally, the terminal cisternae serve as
storage places for calcium during muscle relaxation.
Upon muscle excitation, calcium moves into the cyto-
plasm down a large concentration gradient. Once in the
cytoplasm, calcium interacts with the tropomyosin—
troponin complex to allow full activation of the
contractile proteins. Calcium then is taken up by the
longitudinal SR by an active process that involves a
calcium ATPase. This pump has a high affinity for
calcium and, if no calcium is being released from the
terminal cisternae, can quickly lower cytosolic calcium
to levels that do not support contraction. Calcium taken
up by the longitudinal SR returns to the terminal
cisternae, from which it can be released again. The SR is
so well developed in most skeletal muscles that intra-
cellular calcium is conserved to the point that these
muscles can contract normally for some time, in vitro,
even in a medium devoid of calcium.

E-C Coupling in Cardiac Muscle

E—C coupling in cardiac muscle differs only slightly
from that in skeletal muscle, but the differences are
functionally extremely important. In cardiac muscle, the
SR is not as highly developed in that the terminal
cisternac are not as large (see Chapter 11). One
consequence of this is that variable amounts of calcium
are released from the SR to allow for variable activation
of the contractile proteins. However, the calcium that is

released into the cytoplasm acts just as it does in skeletal
muscle. That is, it binds to tropomyosin—troponin
complexes to initiate contraction. Another functionally
important difference between skeletal and cardiac
muscle is that some calcium must enter cardiac muscle
cells from the extracellular space in order to initiate
contraction (see Chapter 11). Although this amount is
small, cardiac muscle cells in vitro soon stop contracting
if placed in a medium that does not contain calcium. For
relaxation to occur, most of the calcium is taken up into
the longitudinal SR by an active process involving a
calcium ATPase just as in skeletal muscle. However,
between contractions, some calcium must leave the cell.
This is accomplished mainly by a sodium—calcium
exchange mechanism present on the sarcolemma.
There can be temporary imbalances between the
amount of calcium entering and the amount leaving,
such that the stores of releasable calcium in the SR
increase and decrease. These imbalances are important
in regulating cardiac contractile activity (see below).

EXCITATION OF THE MUSCLE CELL

All muscle cells have resting membrane potentials in
the range of —70 to —90 mV. As in nerve, this potential
is due to the presence of ionic concentration gradients
(with K* being greater intracellularly and Na™ greater
extracellularly) and to the resting membrane being much
more permeable to KT than to Na*. Muscle cells are
excitable due to the presence of voltage-dependent ion
channels in their cell membranes. However, the type of
channels present, the manner in which channels are
activated, and the way in which their activation leads to
E—C coupling vary among muscle types.

Skeletal Muscle

Skeletal muscle closely resembles nerve in that the
voltage-dependent channel is a sodium channel. Once
the sarcolemma is depolarized to the threshold for
opening of sodium channels, a positive feedback open-
ing of channels occurs and the membrane potential
reverses toward the sodium equilibrium potential.
Opening of the sodium channel is time dependent; the
channel quickly inactivates and the membrane repolari-
zes. The entire action potential lasts about 1 msec.
Skeletal muscles do not exhibit spontaneous action
potentials because there are no inherent mechanisms to
depolarize the cells to threshold. Also, there are no
connections between individual skeletal muscle cells to
allow for conduction of activity from one cell to
another. Each cell depends on innervation by a motor
nerve. These nerves release acetylcholine (ACh) at their
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junctions with the muscle cell (neuromuscular junction).
The ACh binds to specific receptors on the muscle cell
membrane to bring about an increase in permeability of
that portion of the cell membrane to Nat and K. This
results in depolarization of adjacent areas of the
membrane to threshold, at which point an action
potential ensues (see Chapter 6).

Skeletal muscle cells are large, multinucleated cells
that result from the embryonic fusion of many
myoblasts. Thus, sarcomeres and SR in the center of
the muscle are many microns away from the cell surface.
This would make it impossible for sarcolemmal action
potentials to have any effect on these structures, if it
were not for the fact that the sarcolemma invaginates to
make contact with each and every terminal cisterna. If a
muscle cell is sectioned properly, a sarcolemmal invagi-
nation, a transverse (T) tubule, can be seen running
between two terminal cisternae at right angles to the SR.
This complex of tubules is called a triad (Fig. 6).
Although there is intimate contact at the triad, the T
tubule and the SR retain their individual membranes so
that lumenal separation is maintained. The T tubules
allow action potentials to penetrate into the interior of
the cell and to influence the terminal cisternae of the SR.
The action potential does not propagate into the SR, but
it does bring about the release of calcium. Because the
action potential spreads rapidly over the entire sarco-
lemma, including the T tubules, the entire muscle can be
activated almost simultaneously.

Cardiac Muscle

The events in cardiac muscle differ from those in
skeletal muscle; in addition, there are differences among
the various types of cardiac muscle cells. As discussed in

T Tubules

Thick filaments Thin filaments

Terminal cisternae Longitudinal SR

FIGURE 6 Transverse (T) tubules in skeletal muscle. The sarco-
lemma invaginates to reach the interior of the muscle cell such that it
contacts the terminal cisternae of the SR. Thus, events initiated by the
membrane action potential are brought into close proximity to the SR
to release CA** by mechanisms that are not understood. The rapid,
almost simultaneous propagation of the action potential down the T
tubules allows for almost simultaneous initiation of the contractile
event.

Chapter 11, cardiac muscle cells in the sinoatrial and
atrioventricular nodes exhibit action potentials sponta-
neously and act as pacemakers, whereas other muscle
cells are specialized to conduct action potentials
throughout the ventricles. These cells are not discussed
in this chapter because their importance is not related to
their contractile activity. The cells described here are the
ventricular myocardial cells, which contract to pump
blood through the pulmonary and systemic circuits. In
these cells, the resting membrane potential has the same
basis as that in nerve and skeletal muscle. However,
when the membrane is depolarized to threshold, two
types of voltage-dependent channels open—a sodium
channel that opens and closes within a few milliseconds
(similar to what is found in skeletal muscle) and a
calcium channel that opens more slowly and can stay
open for several hundred milliseconds. It is this second
channel that accounts for calcium entry from the
extracellular space. Like the sodium channel, opening
of the calcium channel is also time dependent. It
eventually closes to allow for repolarization of the cell.

Myocardial cells normally do not exhibit sponta-
neous action potentials; however, they are connected to
one another via low-resistance membrane contact
points. If the myocardial cells are connected to pace-
maker cells and conducting cells, the action potentials
initiated in the pacemaker cells will rapidly propagate
throughout the myocardial cells. Conduction from cell
to cell is by way of electrotonic spread and does not
require a chemical transmitter such as ACh.

Cardiac muscle cells are smaller than skeletal muscle
cells; however, they do have an extensive T tubule
system. In fact, in cardiac muscle, the T tubules are
larger. They not only invaginate to run perpendicular to
the SR, but they also turn and run parallel alongside the
SR. Perhaps it is these structural characteristics that
allow the T tubules not only to participate in the release
of calcium from the terminal cisternae but also to
facilitate the entry of significant amounts of calcium
during the action potential. As in skeletal muscle, T
tubules allow for spread of excitation into the interior of
the cells so that all portions are excited almost
simultaneously (see Chapter 11 for further discussion
of these points).

MECHANICAL RESPONSE OF MUSCLE IN VITRO

When muscle contracts, it normally develops force
and shortens; however, much has been learned by
studying muscle under conditions that permit the
study of each function separately. A contraction that
generates only force, with no muscle shortening, is called
an isometric contraction. One that results in shortening
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Muscular Dystrophy

Muscular dystrophy is one of the most common
inherited childhood lethal disorders. In most
cases, this disorder, characterized by muscle
(primarily skeletal muscle) weakness and gradual
fibrotic replacement of tissue, is due to mutations
in the dystrophin gene. Dystrophin is a large
protein that in part comprises the cytoskeleton

Clinical Note

that is connected to the sarcolemma. Defects in
dystrophin are believed to lead to instability of the
sarcolemma, making it more susceptible to
stress-induced damage especially during contrac-
tion. Such damage may then allow loss of
intracellular components and/or the influx
of calcium in concentrations that induce cell
death.

against a constant force is called an isotonic contraction.
Isometric and isotonic contractions can be studied in
vivo—for example, by straining against an immovable
object (isometric contraction) or by moving a load
(isotonic contraction); however, contractions are more
easily studied in vitro using isolated strips of muscle.

Skeletal Muscle
Isometric Contraction

A small skeletal muscle, composed of hundreds of
individual muscle cells, can be placed in physiologic salt

Stimulator

solution with one end connected to a fixed point and the
other end connected to a transducer so that the time
course and force of isometric contractions can be
recorded (Fig. 7). If single, short-duration electric
pulses of increasing intensity are delivered to the
muscle, a threshold intensity will be reached at which a
mechanical response is elicited. This contraction is due to
the activation of one or a few of the most excitable muscle
cells. As stimulus pulse intensity is increased, contractile
force increases up to a point at which further increases in
intensity result in no further increase in force. Such pulses
are referred to as maximal or supramaximal. This
behavior is due to the fact that individual muscle cells
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FIGURE 7  Recording isometric contraction in vitro. A small bundle of skeletal muscle
fibers is placed in a warmed, oxygenated physiologic salt solution. One end is anchored
to the bottom of the bath and the other end to a movable force transducer. Wires from a
stimulator are placed so that the muscle can be excited with electrical pulses. (Top) The
muscle is stretched to its in vivo resting length and stimulated with single shocks of
increasing intensity. Once a threshold is reached, a single, longer lasting contractile
response, called a twitch, results. As simultaneous intensity is progressively increased,
contraction forces increase up to a point at which further increases in intensity result in
no further increase in force. (Bottom) If shocks that cause a single twitch of maximal
force are delivered at a higher frequency, the muscle does not have a chance to relax fully
before the second stimulus. This results in the second response generating a greater force
(summation). If a series of closely spaced shocks are delivered, muscle force rises
smoothly to a maximum and stays elevated (tetanus) until stimulation ceases.
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within a muscle bundle differ from one another in their
excitabilities, and that excitation of one muscle cell does
not spread to other muscle cells. Threshold stimuli induce
only the most excitable cells to contract. As stimulus
intensity is increased, more cells are recruited until all of
the cells comprising the muscle are recruited by maximal
and supramaximal stimuli. Although recruitment can be
demonstrated in this manner in vitro, as discussed below,
recruitment in vivo occurs at the level of the nervous
system.

If, instead of using only a single supramaximal pulse,
a second supramaximal pulse is delivered before the
muscle relaxes from the first stimulation, the second
contraction will be larger, a phenomenon known as
summation. The magnitude of summation is increased by
decreasing the time between successive pulses (i.e.,
increasing pulse frequency). Eventually, a pulse
frequency will be reached that is so high that muscle
responses to individual pulses cannot be detected; at this
point, a smoothly shaped contraction to a maximum
force is obtained that is referred to as a tetanic
contraction. Once reached, further increases in pulse
frequency will not increase peak contractile force.

The phenomena of summation and tetanus occur
because: (1) the time courses of excitation, excitation—
contraction coupling, and activation of the contractile
proteins are different; and (2) structures with elastic
properties exist within and between the cycling cross-
bridges and the ends of the muscle cells. Each short,
supramaximal electrical pulse elicits a single action
potential in each muscle cell (Fig. 8). Even though each
single action potential lasts only about 1 msec, it results
in the release of enough calcium to fully activate the
contractile proteins. However, the duration of each
calcium pulse is only a few milliseconds. Such a short,

but complete, activation of the contractile proteins does
allow some crossbridge cycling and sliding of the thick
and thin filaments over one another, but such short
activation does not allow the full force of this interac-
tion to be transmitted to the ends of the muscle. Also,
during an isometric contraction, there is no shortening
of the ends of the muscle even though some filament
sliding has taken place. How can this be? Muscle
proteins have elastic properties much like that of a
spring. These structures transmit the forces generated by
crossbridge cycling to the ends of the muscle and are
stretched as force is developed at the ends of the muscle.
This stretching takes energy and time. In response to a
single action potential, crossbridge cycling lasts too
short a time to stretch these structures fully, so full force
is not seen at the ends of the muscle. Although full force
is not seen, not all the energy expended in stretching the
elastic structures is lost. Much of the energy is stored
and released during and after crossbridge cycling, so
that the contractile response at the muscle ends has a
much slower rise time and a much longer duration than
either the action potential or the rise in calcium.

As pulse frequency is increased to produce summa-
tion, each pulse still produces a single action potential
and an associated rise and fall in calcium. However, the
contractile proteins are activated a second time before
the elastic structures of the muscle return to their resting
state. Thus, the energy of the second contractile protein
interaction can stretch the elastic elements more fully
and can develop more force at the ends of the muscle.
During tetanus, each pulse still is eliciting an action
potential, but now calcium levels do not fall between
action potentials. The maximum calcium level is no
higher than with a single, isolated action potential, but it
is maintained for a longer time. The continual level of
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FIGURE 8 Action potentials, cytoplasmic calcium levels, and contraction forces of
skeletal muscle in response to a single shock (A) and tetanic stimulation (B). Note that each
shock is followed by an action potential of identical amplitude and duration and by an
increase in calcium to its maximal level. However, the time that calcium levels are increased
is greater during the tetanus. This is in part the cause of the increased force during tetanus.
(Modified from Berne RM, Levy MN, Physiology, 2nd ed. St. Louis: Mosby, 1988.)
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calcium allows for continual activation of the contractile
proteins, so that elastic elements can be stretched
completely and the full force of crossbridge cycling
can be realized at the ends of the muscle.

The force of contraction also depends on the resting
length of the muscle. If the relaxed muscle is hung in the
bath so that it is at the shortest length at which it hangs
straight, no resting force is recorded by the transducer.
If the relaxed muscle is slowly stretched by moving the
force transducer, the resting force remains at almost
imperceptible levels over the initial changes in length,
then force increases exponentially with further stretch.
The curve generated by such stretching describes the
length—passive force (sometimes called passive length—
tension) relationship (Fig. 9). Note that this curve is
similar to that seen for any elastic body. Another curve
will be obtained if the experiment is repeated, only this
time stretching the muscle in steps and, at each level of
stretch, stimulating with pulses of supramaximal inten-
sity at a frequency that will produce tetanus. If the peak
force during tetanus at each length is plotted, the
length—total force relationship is obtained. Total force at
each length is the sum of the passive force (defined
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FIGURE 9 The relationship between skeletal muscle length and
isometric forces developed by the muscle. (A) The length—passive force
curve represents the force exerted by the unstimulated muscle at each
length. The length—zotal force curve represents the force exerted by the
muscle during a tetanus at each length. The length—active force curve is
obtained by subtracting the passive from the total force at each length.
This represents the force developed by the crossbridges. The magnitude
of the active force at each length depends mostly on the overlap of the
thick and thin filaments at each muscle length. (B) The length at which
maximum force occurs is the length at which there is optimal overlap
(L,). (C) As the muscle is stretched, some crossbridges cannot interact
with the thin filaments, and active force falls.

previously) and the active force developed by cross-
bridge cycling. Thus, a length—active force relationship
can be obtained by subtracting the passive force from
the total force at each length. By inspecting the
length—active force curve, it is obvious that there is
one length at which active force is maximal. This length
is the optimal length (L,). Going to either shorter or
longer lengths results in less active force.

The length—force relationships can be explained on
structural grounds. The length—passive force relation-
ship is due to the elastic behavior of the cell membranes
and of the connective tissue between the muscle cells.
These structures resist the forces applied to a resting
muscle. The length—active force relationship is due to the
arrangements of the actin and myosin molecules within
the sarcomere. As described previously, the core of the
thick filament is made up of the tail regions of the
myosin molecules, and the crossbridges are due to
protrusion of a portion of the tail and of the globular
heads of the myosin (see Fig. 2). Additionally, each
thick filament is bilaterally symmetrical in the direction
of protrusion of the crossbridges. There is a bare zone in
the middle with no crossbridges. On each side of this
zone, crossbridges extend outward and upward toward
the thin filaments. At L,, the thin and thick filaments
overlap such that almost every myosin crossbridge is
capable of interacting with an active site on the actin
(Fig. 9B). This allows for maximum active force to be
generated. Stretching the muscle lessens the overlap.
Recall that the thin filaments are attached to the Z disks
and that the Z disks are in turn attached to the cell
membrane. Stretching the membrane results in the Z
disks moving away from each other, dragging the thin
filaments with them. This results in not every cross-
bridge being able to reach an actin molecule (Fig. 9C).
Thus, active force is reduced. If stretched to the point of
no thick and thin filament overlap, no active force can
be generated. At lengths shorter than L,, the mechan-
isms responsible for the decreased force are less clear. A
likely explanation is that, because cell volume must
remain constant, the lateral distance between thick and
thin filaments increases as the cell, and thus sarcomere,
length shortens. This reduces the possibility of strong
myosin crossbridge interactions with sites on actin.

In summary, the force of skeletal muscle contraction
under isometric conditions is influenced by: (1) the
number of cells in the muscle that are stimulated,
(2) the frequency at which they are stimulated, and
(3) the length of the muscle cells before stimulation.

Isotonic Contraction

Isotonic contractions can be recorded in vitro using a
movable lever (Fig. 10A) instead of the force transducer
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FIGURE 10 The relationship between the load against which a
skeletal muscle must shorten (afterload) and the initial velocity of
shortening. (A) A muscle is connected to a lever to which different
weights (afterload) can be attached in such a way that the muscle does
not bear the weight until it begins to contract. The initial muscle length
before stimulation can be set by attaching a preload and holding the
muscle at that length until shortening begins. (B) At any given initial
muscle length, the velocity of shortening decreases as the afterload is
increased. If the dashed line indicates values obtained with an initial
length of L,, either increasing (solid line) or decreasing (dotted line) the
initial length will change the velocity at any given afterload, except for
the velocity at zero afterload (Vay). This velocity, Vi.x, depends
primarily on the isoform of myosin present in the muscle.

used to monitor isometric contractions. This lever is
arranged so that changes in muscle length over time can
be monitored and so that a weight can be added such
that the muscle must bear the weight only after the
muscle is fully activated. Such a weight is called an
afterload. The experiment begins by setting the muscle
to a given length with a preload. Then an afterload is
added to the lever. The muscle is stimulated at a
supramaximal pulse intensity at a tetanic frequency. If
the muscle can develop force greater than that exerted
by the afterload, the muscle will shorten and the initial
velocity of shortening can be recorded. By using
different afterloads—which really are equal to the
forces that the muscle must develop in order to
shorten—a force—velocity relationship is determined. If
the experiment is repeated using different preloads to set
different resting lengths, a family of force—velocity curves
is generated (Fig. 10B). Note that all these curves have
one point in common. If the curves are extrapolated
back to zero afterload, a single velocity, the maximal
velocity (Vmax), 1S obtained.

The force—velocity relationship can be explained
partly by structure and partly by biochemical features
of the muscle. For any particular muscle, the difference

in velocity at any given afterload depends on the number
of crossbridges taking part in the contraction; the more
taking part, the higher the velocity, because each
crossbridge will have to bear less of the load. As
discussed above, the number of crossbridges taking part
depends on the initial length of the muscle. Thus, the
shortening velocity of an afterloaded muscle depends on
muscle length. On the other hand, V,,., depends on the
rapidity with which a single crossbridge can cycle
unimpeded by any load. Theoretically, as long as one
crossbridge is cycling under no load, the muscle will
shorten at its maximal velocity. That is why V., is not
affected by changes in initial muscle length. V.. is
determined by molecular properties of the contractile
proteins (e.g., the ATPase activity of myosin).

Cardiac Muscle

As might be expected from their many structural and
biochemical similarities, cardiac muscle exhibits many of
the same mechanical characteristics as skeletal muscle;
however, there are some important differences. Cardiac
muscle cells, unlike skeletal muscle cells, are electrically
coupled (see Chapter 11). Thus, once a stimulus pulse
intensity is reached that effectively excites one cardiac
muscle cell, the action potential spreads to all cells.
Further increases in stimulus pulse intensity have little
effect on contractile force. Also, unlike the situation
seen in skeletal muscle, summation and tetanus do not
occur in cardiac muscle. Action potential durations in
cardiac muscle are almost as long as the contractile
responses. Thus, the muscle relaxes before it is possible
to stimulate it again because of the refractory period of
the membrane (see Chapter 11). Also, the long duration
of each action potential, through its associated rise in
cytosolic calcium, allows for prolonged activation of the
contractile proteins. This provides a longer time for
crossbridge cycling to stretch the elastic structures of the
muscle.

Cardiac muscle exhibits length—force and force—
velocity relationships similar to those of skeletal muscle
(Fig. 11): (1) isometric force is a function of muscle
length, (2) the velocity of contraction at any initial
length is a function of the afterload, and (3) the velocity
of contraction of an afterloaded muscle is a function of
the initial length of the muscle. The explanations for
these relationships in cardiac muscle are similar to those
given for skeletal muscle. However, in cardiac muscle
that normally functions in vivo at lengths less than L,
(see Chapter 13), the sensitivity of myofilament interac-
tion to calcium may be modulated by more than the
lateral distance between thick and thin filaments. Length
effects on the affinity of troponin C for calcium also
have been proposed.
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FIGURE 11  The mechanical responses of cardiac muscle. Note the
qualitatively similar shapes of the length—passive force, length—total
force, and afterload—velocity curves to those of skeletal muscle (see
Figs. 9 and 10). (A) The length—passive force curve indicates that there
is significant passive force at L,. Also, note that there is more than one
total force curve, due to the presence of more than one state of
contractility. Thus, at any given length, active force can vary. (B) The
afterload—force curves indicate that the entire relationship, including
Vmax» can be shifted by changes in contractility. Thus, for any given
afterload, at any given initial length velocity can vary.

Although there are many similarities in mechanical
function between cardiac and skeletal muscle, there are
some important quantitative and qualitative differences.
Quantitatively, cardiac muscle exhibits greater passive
force at all lengths. At L,, skeletal muscle exhibits
almost no passive force, whereas cardiac muscle exhibits
passive force equal to approximately 20% of the total
force. This difference probably is related to differences
in connective tissue composition. Qualitatively, cardiac
muscle can exhibit moment-to-moment differences in:
(1) the isometric force developed at any given length, (2)
the velocity of shortening against an afterload at any
given muscle length, and (3) the maximum velocity
(Vmax) of an isotonic contraction.

Such changes in V. In isometric force, and in
velocity of afterloaded contractions that occur at
constant thick and thin filament overlap are called
changes in contractility. Some changes in contractility
are due to differences in the amounts of calcium that are
released with each action potential. As stated above,
approximately the same level of cytosolic calcium is
reached in skeletal muscle in response to each action
potential, and this level of calcium is more than enough
to activate fully the contractile proteins. This is not the

case in cardiac muscle. Both the influx and efflux of
calcium during the cardiac action potential and the
amount of calcium released from the cardiac SR can
change from contraction to contraction. Thus, cytosolic
calcium levels can fluctuate from contraction to contrac-
tion. This means that during some contractions not all
the crossbridges that proximate actin binding sites will be
cycling because the binding sites will still be protected by
tropomyosin—troponin complexes that are not binding
calcium. Alterations in the number of cycling cross-
bridges will lead to differences in isometric force and in
velocities of shortening against afterloads. The strength
and velocity of crossbridge interaction also are influ-
enced by phosphorylation of contractile proteins
brought about through the actions of norepinephrine
and epinephrine.

In summary, the force of cardiac muscle contraction
is influenced by the length of the muscle cells before
stimulation and by changes in contractility. Force is not
influenced by variations in the number of excited cells
nor by the occurrence of summation and tetanus.

MECHANICAL RESPONSE OF MUSCLE IN VIVO

Skeletal Muscle

Contractions of skeletal muscles are graded in force
and in duration. For example, many of the same muscles
are used to pick up a pencil as to pick up this book, but
much more force will have to be developed to lift the
book. The ways in which muscle contractions can be
graded have been presented. However, not all the
mechanisms are used by all muscles. Most skeletal
muscles in the body are innervated by somatic nerves
and are under voluntary control. In each nerve are many
axons of a-motor neurons. Each of these axons branches
to innervate a number of skeletal muscle cells. An
a-motor neuron and the muscle cells it innervates
comprise a motor unit. Motor units are small in those
muscles over which fine motor control exists, and
large in muscles without such fine control. Because the
force generated by a whole muscle will depend on the
number of its motor units that are active at any one
time, the central nervous system can regulate muscle
contractions by regulating the number of motor units
activated and by the frequency of stimulation of each
motor unit.

Length—tension relationships are not important as
determinants of skeletal muscle force in vivo. Muscles
are attached near fulcrum points of the skeleton at
lengths near L, (Fig. 12). Such attachment limits length
changes such that muscle cells seldom are at more than
+15% of L,. Attachment of muscle near fulcrum points



134 Mechanical Response of Muscle In Vivo

FIGURE 12  The effects of skeletal attachment on contractions of
skeletal muscle. By having insertions near the joints, changes in muscle
length are amplified at the end of the bone being removed. This enables
the muscle to cause large movements of the skeleton while always
functioning near its own L,. On the other hand, the muscle must develop
forces larger than those that must be overcome at the end of the bone that
the muscle must move. (Modified from Guyton AC. Texthook of medical
physiology, Tth ed. Philadelphia: W.B. Saunders, 1986.)

also means that these muscles must generate forces
greater than those that would be needed to directly
affect the load at the end of the bone being moved;
however, such an attachment has the advantage that
small changes in muscle length are translated into large
movements of the load.

Skeletal muscles differ from one another in their
force—velocity relationships. Some (e.g., extensor digi-
torum longus) contract more quickly than others (e.g.,
soleus). This difference is due to variations in the
number and types of muscle cells that make up the
various muscles in the body. Although there is a
spectrum of velocities among various muscle cells, they
have been divided into two main groups—fast twitch
and slow twitch. Fast-twitch muscle cells generally are
found in those muscles associated with rapid movement;
slow-twitch cells are found in muscles associated more
with endurance and posture. Many muscles are
composed of a mixture of fast- and slow-twitch
cells. Fast- and slow-twitch muscle cells differ in the

TABLE 1 Skeletal Muscle Cell Types
Fast twitch Slow twitch
Vimax High Low
Myosin ATPase High Low
Glycolytic metabolism High Low
Oxidative metabolism Low High
Mitochondrial content Low High
Myoglobin content Low High

contractile protein isoforms that are present and in the
ATPase activities of the myosin isoforms; other differ-
ences are given in Table 1.

Although force—velocity relationships in any given
muscle do not change acutely, they can change over long
periods of time (days to years). This is seen during
development from embryo to adult and in muscle that
undergoes hypertrophy. In these conditions, the
contractile protein isoforms that are expressed by the
cells change. This in turn affects velocity of shortening.

Cardiac Muscle

Cardiac muscle contractions are graded in both
frequency and force such that the cardiac output can
vary from approximately 5 L/min at rest to 20 L/min
during exercise. Factors that affect frequency influence
the pacemaker and conducting cells of the heart
(discussed in Chapter 11). The potential mechanisms
that alter force have been presented above; however, as
with skeletal muscle, not all mechanisms are operative.
Force of cardiac contraction is not influenced by
variations in the number of stimulated myocardial
cells in the heart because the cells are electrically
coupled and are excited as a unit (or syncytium), nor
is force altered by the occurrence of summation and
tetanus because these cannot occur. On the other hand,
force is influenced by the length of the muscle before
contraction and by changes in contractility.

Myocardial cells are not attached to rigid structures
such as the skeleton, but form chambers (the atria and
ventricles) that can be distended. Thus, myocardial cell
length can change significantly. The length of cardiac
muscle cells before contraction is determined by the
volume of blood contained in the cardiac chambers at
the end of diastole. In the normal case, the more blood,
the greater the length; the greater the length, the more
forceful the contraction. For this to be true, the volume
of blood must never be enough to stretch the cells to
lengths greater than L,. Such extensive stretch is
prevented by the appreciable passive force at lengths
at and below L,. The importance of this length—force
relationship in regulating cardiac output is discussed in
Chapter 14.

The force and velocity of myocardial cell contrac-
tions also are affected by the level of contractility that
exists during the contraction. The level of contractility
normally is determined by heart rate, by the levels of
circulating hormones such as epinephrine, and by the
level of activity of the sympathetic nervous system.
Contractility is decreased in diseases such as conges-
tive heart failure. Regulation of myocardial contrac-
tility also is discussed in more detail in Chapters 13
and 14.



7. Striated Muscle 135

ENERGY BALANCE IN MUSCLE CELLS

Crossbridge Cycling

Energy in the form of ATP is used to conduct many
functions of striated muscle cells. In addition to the
energy required for synthesis of structural components
of the cell, large amounts are needed to support the
events associated with contraction—crossbridge cycling,
calcium translocations, and membrane electrical
activity.

A large amount of ATP is used during contraction
because each cycle of each crossbridge involves the
hydrolysis of one ATP molecule; the higher the rate of
crossbridge cycling, the higher the rate of ATP use. As
discussed earlier, crossbridge cycling rate determines the
velocity of shortening, which is determined by the
afterload placed on the muscle. Thus, more ATP is
consumed by a muscle cell that is shortening rapidly
against a light afterload than is consumed during an
isometric contraction. Also, muscle cells that have
myosin isoforms with high ATPase activity (fast-twitch
skeletal) will use more ATP during contraction than will
muscle cells that have myosin isoforms with lower
ATPase activity (slow-twitch skeletal and cardiac).

Cycling of the Cytoplasmic Calcium

Adenosine triphosphate is also used during cycling of
the cytoplasmic calcium that couples cell excitation to
crossbridge cycling. In this case, ATP hydrolysis is not
needed directly to effect the rise in intracellular calcium.
This rise is due to the rapid release of calcium from the
SR and, in the case of cardiac muscle, to the influx of
calcium from the extracellular fluid. Both release and
influx occur down large concentration gradients for
calcium. ATP hydrolysis is required to lower cytosolic
calcium levels to allow the cell to relax. This requires
moving calcium against a large electrochemical gradient
to maintain the calcium gradients between the extra-
cellular fluid and sarcoplasmic reticulum, on the one
hand, and the cytoplasm, on the other. In skeletal
muscle, cytosolic calcium is reduced by the uptake of
calcium into the lateral SR. This involves a calcium
pump, with each cycle requiring hydrolysis of one ATP
molecule. In cardiac muscle, most of the calcium is
handled just as in skeletal muscle. However, some
calcium must be removed from the cell to balance, over
the long term, that which enters during the action
potential. This calcium is removed through the activity
of a sodium—calcium countertransport. Sodium—calcium
countertransport does not use ATP directly. It is driven
by the gradient in sodium that exists across the
membrane as a result of the sodium pump. This pump

uses ATP to remove sodium from the cell while bringing
in potassium.

Muscle Resting and Action Potentials

As with the events responsible for the rise in
intracellular calcium, the events associated with muscle
cell membrane resting and action potentials also do not
use ATP directly; rather, the ionic fluxes responsible for
these potentials are due to the opening and closing of
channels to allow ions to move down their electroche-
mical gradients. Resting potential is due mostly to
gradients in potassium, whereas action potentials are
due mostly to gradients in sodium and potassium in
skeletal muscle and to gradients in sodium, potassium,
and calcium in cardiac muscle cells. As in other cells,
gradients of sodium and potassium are maintained by
the sodium pump; as discussed previously, this pump
also helps maintain the calcium gradient in cardiac
muscle cells.

Resting ATP levels in muscle cells are enough to
sustain contraction only for brief periods. ATP must be
replenished as rapidly as it is hydrolyzed so that ATP
levels fall minimally during periods of contraction. Like
most other cells, muscle can derive ATP from both
glycolysis and oxidative phosphorylation; however,
muscle cells also have a more immediate precursor for
the generation of ATP. Creatine phosphate is a high-
energy molecule that can rephosphorylate ADP to ATP.
Creatine phosphate concentrations do fall early during a
period of contraction and, if not replenished, can supply
enough energy for only a few contractions; however, it
does supply energy early on until the required increases
in glycolysis and/or oxidative phosphorylation take
place.

Glycolysis and Oxidative Phosphorylation

The proportions of ATP generated by glycolysis and
oxidative phosphorylation vary from cell to cell. Human
skeletal muscle cells are divided mainly into two types,
based on both the myosin isoform present and on
metabolic pathways (see Table 1). One type, fast-twitch
glycolytic, possesses a myosin isoform with high ATPase
activity. As expected, this muscle exhibits a large Viax
and derives most of its ATP from glycolysis. The other
type, slow-twitch oxidative, possesses a myosin isoform
with a lower ATPase activity and a concomitant lower
Vmax- It generates most of its ATP via oxidative
phosphorylation. Cardiac muscle cells have their own
myosin isoform, which also has low ATPase activity.
Thus, it more closely resembles that found in slow
oxidative skeletal muscle cells. These cells also derive
most of their ATP from oxidative phosphorylation.
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The slow-twitch oxidative skeletal muscles and cardiac
muscle contain myoglobin. This heme-containing
protein aids in the transfer of oxygen from the
hemoglobin of blood to the mitochondria of the
muscle cells, thus facilitating ATP generation through
oxidative metabolism. Myoglobin also imparts a red
color to the muscle. On the other hand, fast-twitch
glycolytic skeletal muscles do not contain myoglobin
and, thus, lack the red color. This difference accounts
for the latter being referred to as white muscles.
Individual skeletal muscles vary in the proportion of
the slow oxidative and fast glycolytic cells they contain;
however, most muscles will contain both. Within each
muscle, motor units are organized such that an indivi-
dual e-motor neuron will innervate only one type of cell.
In general, motor units composed of fast glycolytic cells
will be smaller than those composed of slow oxidative

cells. When the muscle is called on to do work, the type
of motor unit activated will vary depending on the type
of work. Short, rapid movements use mainly fast
glycolytic units, whereas slower, more sustained, move-
ments use slow oxidative units.
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KEY POINTS

e The isoforms of actin and myosin in smooth ® In unitary smooth muscles, individual muscle

muscle differ from those in striated muscle.
Filaments are not arranged in transverse regis-
try and the proportion of thin filaments is
higher than that found in striated muscle.
Contraction is initiated by the phosphorylation
of the 20,000-Da light chains of myosin by
the enzyme myosin light-chain kinase, which
is activated by increases in intracellular-free
calcium. Contraction is due to crossbridge
cycling and requires ATP.

Relaxation occurs when kinase activity decre-
ases and the light chains are dephosphorylated
by phosphatase; for relaxation to occur, calcium
is actively transported back into the sarcoplas-
mic reticulum and/or out of the cell.

In many smooth muscles, excitation is due to
increases in calcium permeability in response
to the opening of voltage-gated channels and/
or ligand-gated channels.

cells are electrically coupled to one another
and respond as a unit; in multiunit smooth
muscles, cells are not coupled.

Smooth muscles exhibit length—force and
force—velocity relationships qualitatively similar
to those seen for striated muscle.

Maximal force per unit of smooth muscle is as
great as, if not greater than, that of striated
muscle; Vi.x of smooth muscle is much lower.
Many smooth muscles are supplied by both
excitatory and inhibitory nerves.

Consumption of ATP is low compared with
striated muscle because of the relatively lower
myosin ATPase activity in smooth muscle;
many smooth muscles can sustain contraction,
once developed, with little crossbridge cycling
or use of ATP.
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BASIC CONTRACTILE UNIT

Actin and myosin are the major contractile proteins in
all smooth muscles. As in striated muscle, these proteins
are arranged in two sets of filaments: actin in thin
filaments and myosin in thick filaments. Although there
are many similarities between the smooth muscle
contractile proteins and their counterparts in striated
muscle, there are also qualitative as well as quantitative
differences. Smooth muscle actin is a globular protein
with a molecular weight of approximately 50,000 Da.
However, there are two, perhaps three, isoforms in
smooth muscle, and they all differ from the predominant
ones found in striated muscle. Most of the actin is
polymerized into thin filaments, but some appears to be
present in globular form. Each molecule of smooth
muscle myosin consists of two myosin heavy chains and
two pairs of light chains; however, each of these
monomers differs in isoform from those found in
skeletal muscle. Myosin molecules are thought to be
arranged in the thick filaments in the same way as those
in skeletal muscle, with crossbridges extending to make
contact with the actin filaments.

Although thick and thin filaments are present, their
arrangement in smooth muscle cells is different from
that seen in striated muscle (Fig. 1). The most striking
difference is that, in smooth muscle, filaments are not
organized into sarcomeres, thus giving a homogeneous
appearance under the light microscope. There are many
more thin filaments than thick, with the ratio being
closer to 10:1 than to the 2:1 seen in skeletal muscle.
Also, not every thin filament is in close proximity to a
thick filament. In fact, there may be two or more
populations of thin filaments: those associated with
thick filaments and those associated with other actin-
binding proteins and the cytoskeleton. Thin filaments
are attached to elements of the cytoskeleton, but these

A
Striated M _:|: S
MUSC|e i —_— i R | —
===t =

B - —— C

Smooth e

Muscle — =

FIGURE 1 (A) Schematic longitudinal view of the sarcomeric

structure of striated muscle. (B) Schematic longitudinal view of the
filaments of smooth muscle. (C) Schematic cross-sectional view of the
filaments of smooth muscle.

attachments bear little anatomic resemblance to the Z
disks found in striated muscle. Most common are thin
filaments anchored to protein structures known as dense
bodies.

Even though thick and thin filaments are not
arranged in sarcomeres, the basic contractile model
given for striated muscle—the sliding of one filament
over the other due to crossbridge cycling—is thought to
hold for smooth muscle. The lack of a rigid structure
may account for some of the quantitative differences
seen in contractions of smooth muscle compared to
those of striated muscle (see below).

BIOCHEMICAL INTERACTIONS OF ACTIN
AND MYOSIN

Smooth muscle myosin is also an adenosine triphos-
phatase (ATPase), and energy is required for muscle
contraction. Like skeletal muscle myosin, pure smooth
muscle myosin exhibits little ATPase activity. Unlike
skeletal muscle myosin, smooth muscle myosin ATPase
activity is not increased upon addition of actin alone,
unless one set of the myosin light chains is phosphory-
lated. In smooth muscle cells, adenosine triphosphate
(ATP) hydrolysis due to the cycling of phosphorylated
myosin crossbridges with actin is thought to be similar
to what occurs in striated muscle cells (see Chapter 7).

Regulation of smooth muscle contraction is mediated
via the thick filaments rather than via the thin filaments.
Tropomyosin is present in smooth muscle and is
thought to reside on the thin filaments; however, there
is little or no troponin complex. Thus, regulatory
mechanisms must differ from those seen in striated
muscle (Fig. 2). The main mechanism appears to involve
phosphorylation of the 20,000-Da light chains of
myosin. In resting smooth muscle, phosphorylation is
low. Myosin light-chain kinase is the enzyme that, on
stimulation, is activated and quickly catalyzes the
phosphorylation of the myosin light chains. This results
in actin-activated ATPase activity and contraction.
When the stimulus to contract ceases, kinase activity
decreases, myosin light chains are dephosphorylated by
phosphatases, and the muscle relaxes. Although the
regulatory proteins are different in smooth muscle,
the sequence of events leading to contraction is due to
the actions of calcium.

Pivotal Role of Calcium

As in striated muscle, contraction and relaxation of
smooth muscle are regulated by changes in the amount
of cytosolic calcium available to interact with the
regulatory protein. In relaxed muscle, the level of free
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FIGURE 2 (A) Pathways for calcium regulation of contraction in
smooth muscle. (B) Pathways for calcium regulation in striated muscle.

cytosolic calcium (calcium that is not bound to other
structures such as sarcoplasmic reticulum [SR], mito-
chondria, and nuclei) is low (< 10~7 M). Upon stimula-
tion of the muscle, the level increases into the
micromolar, or higher, range to initiate contraction.
Calcium binds first with calmodulin (one of the calcium-
binding proteins found in many tissues), and then the
calcium—calmodulin complex binds to and activates the
myosin light-chain kinase. Once the stimulus for muscle
contraction ceases, free calcium levels decrease, and
calcium dissociates from the regulatory proteins. The
muscle then relaxes.

The sources and sinks for calcium (and, therefore,
excitation—contraction coupling) vary markedly from
one smooth muscle to another (Fig. 3). Some have an
abundant SR. When these cells are excited, events
initiated at the cell membrane cause the release of
calcium from the SR. The manner in which this release
comes about is not clear; however, at least two
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FIGURE 3 Intracellular free calcium levels are the result of (1) the
influx and efflux of Ca>* from the extracellular fluid, (2) the release
and reuptake of Ca®* from the sarcoplasmic reticulum (SR), and,
perhaps, (3) the release and reuptake of Ca>" from the mitochondria.

mechanisms have been demonstrated. During excitation
of the cell membrane, an influx of small amounts of
extracellular calcium through calcium channels may
trigger the release of the internal stores. Additionally,
receptor activation by ligands may stimulate the intra-
cellular production of second messengers, such as
inositol trisphosphate, which in turn cause the release
of SR calcium. Other smooth muscle cells have almost
no SR; these cells must rely on the entry of enough
calcium through membrane calcium channels to activate
their contractile proteins.

As in striated muscle, cytoplasmic free calcium must
be decreased to allow for relaxation. In those cells with
abundant SR, most of this calcium is pumped back into
the SR via a calcium ATPase. However, in these cells,
and especially in those cells with little SR, calcium must
also be expelled from the cell across the cell membrane.
Presumably, this is accomplished by a sodium—calcium
exchange mechanism and perhaps by a membrane-
bound calcium ATPase.

No smooth muscle has as well developed an SR as
that seen in striated muscle. Thus, as in cardiac muscle,
not enough calcium is normally present within smooth
muscle cells to activate fully the contractile proteins. As
in cardiac muscle, smooth muscles rely to varying
degrees on an influx of extracellular calcium for
contraction. During steady-state conditions, influx will
be matched by efflux. However, as in cardiac muscle,
varying rates of influx and efflux make it possible for
there to be moment-to-moment net gains and losses of
calcium available to initiate contraction.

Excitation of the Muscle Cell

Smooth muscles vary in the electrical events exhibited
by their cell membranes. During relaxation, all are
polarized, exhibiting resting membrane potentials of
—40 to —80 mV. The basis for this potential is primarily
the same as in striated muscle (Fig. 4). In many smooth
muscles the membrane potential in relaxed cells is not
stable. For example, in intestinal smooth muscle, cyclic
depolarizations and repolarizations of 10 to 15 mV
occur regularly (Fig. 5). The importance of these
fluctuations is discussed in Chapter 33. Although
different types of smooth muscle differ only slightly in
resting potential, they differ markedly from one another
and from striated muscle in the types of potentials
exhibited when they are excited (Fig. 6). Most smooth
muscles appear to have sarcolemmal calcium channels
that open upon stimulation of the cell. Many of these
are voltage dependent, like those in cardiac muscle.
However, some cells have calcium channels that are
activated not by voltage changes but by the combination
of a ligand with its receptor on the cell surface or by
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FIGURE 4 Schematic of the ionic events that may be responsible for
the resting membrane potential in smooth muscle. The shaded
horizontal bar indicates the cell membrane. The direction of the
arrows indicates the direction of the movement, and the thickness of
the arrows indicates the relative permeabilities. The coupling between
Na' and K" indicates an active transport. The role of CI is not
understood, as indicated by the question marks.
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FIGURE 5  Electrical (mV) and contractile (G,,, where G,,, indicates
that the force is measured in grams) activities of intestinal smooth
muscle. The muscle exhibits spontaneous slow depolarizations and
repolarizations of membrane potential that cause little change in force.
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FIGURE 6  Electrical (mV) and contractile (G,,,, where Gy, indicates
that the force is measured in grams) activities of two different smooth
muscles. (A) One muscle exhibits stepwise depolarizations and
repolarizations that cause increases and decreases in force, respec-
tively. (B) The other muscle exhibits rapid transients that arise from a
more stable baseline potential. These transients can occur alone or in
bursts such that they induce a muscle twitch, summation, or tetany.

stretch of the membrane. Action potentials do not occur
in all cells that are activated by ligand-receptor
interaction or stretch. In these cells, calcium influx
may be matched by an efflux of potassium, resulting in
small, or no, changes in membrane potential.

Smooth muscle cells also vary in the manner in which
they are excited. As stated above, many have membrane

FIGURE 7 Schematic of three smooth muscle cells that are
connected by gap junctions. The dashed lines indicate the pathways
and spread of excitation.

potentials that fluctuate rhythmically to periodically
reach threshold levels. Others have stable resting
potentials. Most can respond to neurotransmitters,
hormones, or other ligands that combine with
membrane receptors, and many can even respond to
mechanical stimuli such as stretch. Each particular type
of smooth muscle usually will exhibit one of these
behaviors to a higher degree. Examples of each type are
found in those chapters that deal with specific organs
such as the intestine, uterus, and blood vessels.

Smooth muscle cells differ in their degrees of
coupling to one another. In some organs, such as the
intestine, membranes of adjacent smooth muscle cells
make intimate contact with one another so that low-
resistance electrical pathways exist (Fig. 7). Thus,
excitation of one cell quickly will spread and a group
of cells will contract in unison. Such muscle is referred to
as unitary smooth muscle. In other organs, such as the
vas deferens, no such intercellular pathways exist, and
each cell must be excited individually. Such muscle is
referred to as multiunit smooth muscle (Fig. 8).

Smooth muscle cells lack well-developed transverse
(T) tubules. Some have pockmarked indentations of
their membrane and collections of SR vesicles just under
the membrane, but these lack the structure of the T
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FIGURE 8 Schematic of unitary (A) and multiunit (B) smooth
muscle. Note the difference between the two types of muscle cells in
innervation and contact.
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tubule system seen in striated muscle. Thus, excitation of
the cell membrane is not quickly transmitted to the
interior of the cell. Although sarcolemmal excitation
may not spread rapidly into the cell interior, the small
size of smooth muscle cells may enable the events that
lead to the increase in cytosolic free calcium necessary
for adequate activation of the contractile mechanism.
On the other hand, the lack of a well-developed T tubule
system also may be part of the reason why smooth
muscle contractions are rather slow in comparison with
those seen in striated muscle.

MECHANICAL RESPONSE OF SMOOTH
MUSCLE IN VITRO

Pure isometric and isotonic contractions of smooth
muscle are difficult to study under standard conditions.
Many smooth muscles are tonically contracted or
contract phasically, even when no discernible stimulus
is being applied (Fig. 9). Others are relaxed until
stimulated. Many smooth muscle tissues contain
neurons or other cells that contain active chemicals
that are released when the tissue is stimulated. These
chemicals may either enhance or inhibit contractions of
the muscle. Also, some smooth muscles are difficult to
stimulate electrically because of their membrane proper-
ties. Despite these difficulties, many smooth muscles
have been characterized.

Contractions of most smooth muscle vary in force
with variations in stimulus intensity; however, the
mechanisms may differ among muscles. Multiunit
muscle behaves more like skeletal muscle in that
increases in intensity are accompanied by increases in
force as more and more cells become active. Unitary
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FIGURE 9 Recordings of isometric forces from a tonically active
(A) and a phasically active (B) smooth muscle. The dashed lines
indicate 0 force when the muscles are relaxed completely. G,,, indicates
that the force is measured in grams. Note that, during the time of these
recordings, the tonic muscle never relaxed, while the phasic muscle
went through two cycles of contraction and relaxation.
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FIGURE 10 (A) Length-force relationship for a smooth muscle.
The solid line indicates active force, and the dashed line indicates
passive force. Length is expressed as a fraction of optimal length (L,).
(B) Afterload—velocity relationship for a smooth muscle. Note that the
general shapes of these relationships are the same as for skeletal
muscle.

smooth muscle behaves more like cardiac muscle in that
once an adequate intensity is reached to stimulate a
small group of cells, the excitation spreads through low-
resistance pathways to excite the entire tissue. Increasing
stimulus intensity affects force in these muscles by
enhancing excitation—contraction coupling. The response
to variations in stimulus frequency in most smooth
muscles is similar to that of skeletal muscle: Summation
and tetany do occur (see Fig. 6). All smooth muscles
exhibit length—force (tension) relationships similar to
those seen in striated muscle, even though sarcomeres
are absent in smooth muscle (Fig. 10). This similarity of
length—force relationships is evidence for the contention
that a sliding filament mechanism for contraction is
present in smooth muscle; however, there are some
quantitative differences when compared with striated
muscle. Smooth muscle cells can develop active force
over greater variations in muscle length, and many can
generate greater force than skeletal muscle. The bases
for these differences are not known.

All smooth muscles also exhibit force—velocity rela-
tionships that are similar to those seen in striated muscle.
A major quantitative difference is that V., is much
lower. This is reflected in, and probably due mostly to,
the low ATPase activity of the myosin isoforms present
in smooth muscles. Finally, many smooth muscles
resemble cardiac muscle in that changes in contractility
occur. This probably is due to the varying amounts of
calcium that enter and/or are released with a single
action potential or other excitation event.

MECHANICAL RESPONSE OF SMOOTH
MUSCLE IN VIVO

Most smooth muscles form, along with other tissues,
the walls of hollow organs such as the gastrointestinal
tract, the uterus, and the blood vessels. In these organs,
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smooth muscle contractions serve many purposes
such as the movement of lumenal contents, the regula-
tion of lumenal volume, and the alteration of the
resistance to flow through the lumen. For some of these
functions, contractions must be phasic to allow the
lumens to refill between contractions. For others,
contractions must be tonic to resist continual distending
forces. Thus, it is not surprising to learn that many
factors regulate smooth muscle contractions in vivo and
that the exact factors responsible for variations in the
contractile activities of most individual smooth muscles
are unknown.

Regulation of smooth muscle contraction is difficult
to study in vivo for many reasons. Most smooth muscles
are multiply innervated. Many have membrane recep-
tors for circulating hormones and locally released
paracrines and autocoids. In addition many smooth
muscles respond directly to stretch of their membranes.
Also, in contrast to what occurs in striated muscle,
certain ligand-receptor interactions in smooth muscle
lead to inhibition of contraction rather than excitation.
Thus, at any one time, a given smooth muscle cell will be
receiving multiple inputs, some excitatory and some
inhibitory.

Response to Stretch

Quick or sustained stretch of many smooth muscles
results in contraction of that muscle. In many instances,
contraction occurs even in the absence of nerves; thus, it
is not due to activation of a neural reflex as in skeletal
muscle. Contraction most likely results from membrane
depolarization or from the opening of stretch-activated
calcium channels. Such responsiveness may explain why
organs such as the stomach, bladder, and small arte-
rioles contract to oppose distension. In some smooth
muscles, especially those of some larger blood vessels, a
quick stretch is followed by a temporary increase in wall
tension; however, this increase is quickly followed by a
relaxation toward the original wall tension referred to as
stress relaxation (Fig. 11). The opposite, reverse stress
relaxation, occurs when the muscle is allowed to shorten;
that is, if an external stress is removed, wall tension
temporarily decreases. However, the decrease is
followed quickly by muscle contraction to return to
the original wall tension. Such responses allow the larger
blood vessels to accommodate to different blood
volumes while maintaining transmural pressure nearly
constant (see Chapter 14).

Response to Nerve Stimulation

There is wide diversity in the type and degree of
innervation of smooth muscle tissue in the body. For

A
Length _l

o —f\___

B
Length —|

Force —_\/-—

FIGURE 11 Length and isometric force changes of a strip of
smooth muscle in vitro. (A) Stress relaxation; when the muscle is
stretched (seen as a quick increase in length), force increases at first but
then returns to almost the previous level. (B) Reverse stress relaxation;
when the muscle is allowed to shorten (seen as a quick decrease in
length), force decreases at first but then returns to almost the previous
level.

example, smooth muscle of the gastrointestinal tract is
innervated by both the parasympathetic and sympa-
thetic divisions of the autonomic nervous system, as well
as by postganglionic nerves from the enteric nervous
system. On the other hand, many blood vessels receive
only sympathetic innervation. In addition to differences
in the degree and type of innervation, the response of
smooth muscle to a given neurotransmitter varies from
one smooth muscle to another. For example, norepi-
nephrine causes a marked contraction of vascular
smooth muscle; however, this same neurotransmitter
causes inhibition of most gastrointestinal smooth
muscles. Also, many smooth muscles respond to neuro-
transmitters, even if not innervated by nerves possessing
those transmitters. Thus, it is not surprising to find that
dysfunctions of the autonomic nervous system and
pharmacologic agents that alter the function of the
autonomic nervous system markedly affect many
smooth muscle tissues.

Smooth muscles differ in several ways from skeletal
muscle in their response to nerve stimulation. In
innervated skeletal muscle, a single nerve impulse leads
to release of enough neurotransmitter (acetylcholine,
ACh) to cause an end-plate potential that will invariably
lead to an action potential and contraction of the muscle
fiber. For innervated smooth muscle, there are more
types of neurotransmitters (such as ACh, norepineph-
rine, and serotonin); not every nerve impulse leads to a
mechanical response of the muscle, and the response of
the smooth muscle membrane may be either a depolar-
ization or a hyperpolarization (Fig. 12). Thus, integra-
tion takes place at the level of the smooth muscle cell
and not just within the central nervous system, as with
skeletal muscle.
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FIGURE 12  Recordings of contractile (G, where Gy, indicates that
the force is measured in grams) and intracellular electrical activities
(mV) from an innervated smooth muscle. Arrows indicate stimulation
of excitatory (1) and inhibitory (2) nerves. Mild stimulation of an
excitatory nerve leads to a small depolarization but no change in
tension. Stronger stimulation leads to an action potential and con-
traction. Weak stimulation of an inhibitory nerve leads to a membrane
hyperpolarization but no change in resting tension. Stronger stimula-
tion leads to a larger hyperpolarization and relaxation.

Response to Circulating and Locally
Released Chemicals

In addition to responding to many neurotransmitters,
most smooth muscles respond to many hormones,
paracrines, autocoids, and tissue metabolic products.
Just a few examples can illustrate that the function of
most organ systems is influenced in this manner.

1. In the cardiovascular system, circulating epinephrine
and angiotensin cause marked contraction of vascu-
lar smooth muscle, whereas local tissue metabolites
such as adenosine cause arteriolar dilatation.

2. Both the growth and contractile activity of uterine
smooth muscle are influenced by the hormones
estrogen and progesterone. Also, it is believed that
the initiation of labor is brought about by hormonal
changes that induce uterine contractions.

3. Airway smooth muscle contracts dramatically in
response to the local release of histamine and relaxes
when circulating levels of epinephrine are increased
(note the diametrically opposite effects that epineph-
rine has on airways as compared to vascular smooth
muscle).

4. Both glomerular filtration and tubular reabsorption
of fluid are influenced dramatically by the state of

contraction of the smooth muscle in the afferent and
efferent arterioles of the kidney. Although little
understood, there are local and circulating chemicals
that markedly affect the smooth muscle of these
arterioles.

An important result of this responsiveness is that
practically every disease state has a component that is
characterized by altered smooth muscle function.
Furthermore, just about every pharmacologic interven-
tion that is attempted will, in one system or another,
affect smooth muscle.

ENERGY BALANCE IN SMOOTH MUSCLE

For smooth muscle as for striated muscle (Chapter 7),
ATP is required for many processes—for example,
activation of the contractile proteins, crossbridge
cycling, calcium sequestration and removal, membrane
electrical activity, and synthesis of structural compo-
nents. Although in many instances the processes are the
same in both smooth and striated muscles, both
qualitative and quantitative differences exist.

One ATP-consuming process is essential in smooth
muscle but relatively unimportant in striated muscle.
As described previously, activation of the contractile
proteins in smooth muscle, but not in striated muscle,
involves phosphorylation of one of the myosin light
chains. This requires ATP. Once phosphorylated, each
crossbridge can cycle many times, with each cycle also
consuming ATP. At first glance, it would seem that
more ATP would be required during smooth muscle
contraction, but the opposite is true: Less ATP is used
to generate contractions with forces equal to those
developed by striated muscle. This economy is due
partly to the myosin isoforms found in smooth muscle.
These isoforms have a low ATPase activity that imparts
low velocities of contraction but somehow enables
smooth muscle to develop force with low ATP consump-
tion. Also, many smooth muscles have the ability to
maintain a tonic contraction with even lower ATP
use than that needed during the initial stages of
the contraction. During the early stages of force

Immune-mediated responses in many organs lead
to altered smooth muscle function. The breathing
in of an antigen by an individual who is sensitized
will result in the release of various cytokines that
induce contraction of airway smooth muscle, thus

Clinical Note

increasing airway resistance. On the other hand,
antigen-induced responses taking place within or
in proximity to blood vessels can lead to vascular
smooth muscle relaxation and a decrease in
arterial blood pressure.
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development, myosin phosphorylation and crossbridge
cycling are relatively high; however, during the tonic
phases of the contraction, both myosin phosphorylation
and crossbridge cycling fall, whereas force development
remains high. Thus, force can be maintained with
minimal expenditure of ATP. The exact basis for this
economy is not known.

As in striated muscle, smooth muscles use both
glycolysis and oxidative phosphorylation for ATP
generation. The importance of each process varies
from smooth muscle to smooth muscle, with some
being more dependent on oxygen than others; however,
there do not appear to be the clear-cut distinctions

among smooth muscles that exist among striated
muscles.

Suggested Readings

Bohr DF, Somlyo AP, Sparks HV, Eds. Handbook of physiology,
Section 2: The cardiovascular system. Bethesda, MD: American
Physiological Society, 1980

Bolton TB, Prestwich SA, Zholos AV, Gordienko DV. Excitation—
contraction coupling in gastrointestinal and other smooth muscles.
Annu Rev Physiol 1999; 61:85-115

Kamm KE, Stull JT. The function of myosin and myosin light chain
kinase phosphorylation in smooth muscle. Annu Rev Pharmacol
Toxicol 1985; 25:593-620



C HAPTER

9

Autonomic Nervous System

NORMAN W. WEISBRODT

The Sympathetic and Regulation of Neurotransmission 149
Parasympathetic Divisions 146 Patterns of Neurotransmission 151

Transmission Across Synapses 146 Enteric System 152

Effects of Neurotransmitters 149 Additional Complexities 153

KEY POINTS

The autonomic nervous system can be divided
anatomically into the sympathetic and para-
sympathetic divisions, with each division having
central (brain and spinal cord) and peripheral
components consisting of preganglionic and
postganglionic nerves, as well as an enteric
nervous system.

Most visceral organs are innervated by both
divisions; the effects that stimulation of each
division has on a particular organ usually
oppose each other.

Transmission across synapses occurs via
chemicals called neurotransmitters, the two
most important being acetylcholine and nor-
epinephrine.

Neurotransmitters exert their effects by binding
to postsynaptic receptors. Acetylcholine binds
to nicotinic and muscarinic receptors; norepi-
nephrine binds to « and g adrenergic receptors.
The intensity of response of an effector organ
depends in large part on the concentration of
neurotransmitters in the synapse.

e Each innervated organ usually receives contin-
uous but varying input from the autonomic
nervous system. This input generally modulates
rather than initiates organ activity.

¢ Alterations of autonomic nervous system activ-
ity can be en masse (fight or flight) or discrete.

e The enteric system is comprised of afferent
nerves, interneurones, and efferent nerves, all
contained within effector organs, mainly of the
gastrointestinal tract.

e The enteric system regulates many functions of
these organs without the need of extrinsic
innervation; however, the enteric system is
both innervated and influenced by the sympa-
thetic and parasympathetic divisions.

e Autonomic ganglia appear to be not just relay
sites but also sites at which integration of inputs
can take place. Also, chemicals other than
acetylcholine and norepinephrine appear to be
present within the autonomic nervous system
and to modulate autonomic activity.
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The peripheral nervous system can be divided
functionally and anatomically into two subsystems: the
somatic nervous system and the autonomic nervous
system (ANS). The efferent motor neurons of the
somatic system innervate the striated muscle fibers of
skeletal muscles. Because the contractions of many of
these muscles are consciously controlled, the system is
often referred to as the voluntary nervous system. The
ANS innervates organs and tissues, many of which are
located within the viscera, that normally do not require
control at the conscious level; thus, it often is referred to
as the visceral or involuntary nervous system. The ANS,
in turn, is composed of three major components: the
sympathetic and parasympathetic divisions (Fig. 1), and
the enteric nervous system. Acting in an integrated
manner, the ANS is one of the primary effectors of
homeostasis, in part regulating the function of those
organs involved in maintaining the constancy of the
internal environment of the body.

THE SYMPATHETIC AND
PARASYMPATHETIC DIVISIONS

The sympathetic and parasympathetic divisions have
both central and peripheral components. Clusters of
nerve cells that contribute to the control of many organs
via the ANS are located in the hypothalamus and brain
stem (Fig. 2). Many of these clusters seem to be involved
in regulating specific functions. For example, direct
stimulation of certain areas can induce an increase in
arterial blood pressure, whereas stimulation of other
areas alters body temperature, gastrointestinal activity,
and bladder function. To a great extent, these auto-
nomic regions in the lower brain stem are influenced by
neurons originating from cortical regions of the brain;
thus, many human behavioral responses include auto-
nomic responses that are mediated through the hypo-
thalamus and reticular formation. Examples of such
autonomic responses include increased gastric acid
secretion upon the sight and smell of food and increased
heart rate and dilatation of the pupils of the eye upon
being frightened.

In contrast to the peripheral efferent component of
the somatic nervous system, which consists only of the
axons of spinal motor neurons, the peripheral efferent
components (Figs. 1 and 3) of both the sympathetic and
parasympathetic divisions of the ANS are rather
complex, consisting of preganglionic axons, autonomic
ganglia, and postganglionic neurons. The somata of
efferent sympathetic preganglionic neurons are located
in the intermediolateral horn of the spinal cord in regions
from the first thoracic to the third or fourth lumbar
segment (see Fig. 1). Axons of these preganglionic

neurons leave the spinal cord and are traditionally
thought to make synaptic contact with postsynaptic
neurons located in either the paravertebral or pre-
vertebral ganglia of the sympathetic nervous division.
Axons of these postganglionic neurons then innervate
via synapses the various organs to be controlled.
Preganglionic axons of the parasympathetic nervous
division arise from neurons whose somata are located
within the motor nuclei of cranial nerves and the sacral
portion of the spinal cord (see Fig. 1). These preganglio-
nic axons make synaptic contact with postganglionic
neurons located in parasympathetic ganglia. These
ganglia are located near or in each innervated effector
organ.

Most organs that are influenced by the ANS are
innervated by both its sympathetic and parasympathetic
divisions. The actions of these two divisions on a given
organ are usually antagonistic. For example, an increase
in sympathetic neural input to the sinoatrial node of the
heart causes an increase in heart rate, whereas an
increase in parasympathetic input to the node causes a
reduction in heart rate. At first glance, such an
arrangement may seem to work at cross purposes;
however, the divisions usually function in a way such
that an increase in the input of one is accompanied by a
decrease in input from the other. On the other hand,
some organs are innervated by only one division of the
ANS. Two notable examples of this arrangement are
innervation by the sympathetic division of the sweat
glands and the peripheral blood vessels.

TRANSMISSION ACROSS SYNAPSES

Transmission across synapses in the ANS is mediated
by chemicals known as neurotransmitters. These chemi-
cals are synthesized within the nerves and in most
instances are stored in synaptic vesicles in the nerve
endings. Upon activation of the nerve, nerve action
potentials invade the nerve ending, causing the release of
a portion of the stored neurotransmitter. Once released,
the neurotransmitter binds to specific receptors located
on postsynaptic structures. Only those cells that possess
specific receptors for that neurotransmitter will be
affected. Shortly after its release, the neurotransmitter
is then inactivated.

As is the case in the brain, a multitude of neurotrans-
mitters act within the ANS. The two about which most
is known are acetylcholine and norepinephrine; thus,
this chapter will deal mainly with them. Acetylcholine
(ACh) acts as the neurotransmitter at synapses
between somatic motor nerves and skeletal muscle.
ACh also acts at the synapses between preganglionic
and postganglionic neurons in both the sympathetic
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FIGURE 1  Organization of the sympathetic and parasympathetic divisions of the autonomic nervous system.

Parasympathetic pathways are denoted by dark blue lines, whereas sympathetic pathways are illustrated by light
blue lines.
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FIGURE 2  Autonomic control centers located in the brain stem.

and parasympathetic divisions. Finally, ACh is the
transmitter acting between many postganglionic para-
sympathetic nerves and effector organs. Norepinephrine
acts as the neurotransmitter between many postganglio-
nic sympathetic nerves and the effector organs they
innervate.

Receptors are identified according to the specific
chemicals with which they interact (Table 1). Cholinergic
receptors are those that bind acetylcholine; adrenergic
receptors are those that bind norepinephrine and
epinephrine. In addition to binding and reacting to the
naturally occurring neurotransmitters, these receptors
also bind a number of other structurally related
chemicals. Many of these chemicals mimic the naturally
occurring neurotransmitters and initiate cellular reac-
tions; these chemicals are referred to as agonists. On the
other hand, some chemicals bind with receptors but do
not induce a cellular reaction. Furthermore, their
binding to a receptor inhibits the ability of an agonist,
when present, to bind with and/or activate the receptor;
such chemicals are referred to as antagonists.

The cholinergic receptors present on skeletal muscles
and in autonomic ganglia are activated by nicotine and
are blocked by the antagonists tubocurarine and
hexamethonium. On the other hand, cholinergic recep-
tors on many end organs are activated by muscarine and
are blocked by the antagonist atropine. Thus, these
receptors are referred to as micotinic-cholinergic and
muscarinic-cholinergic receptors, respectively.
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FIGURE 3 Overview of synaptic pathways and mediators of the somatic, symp